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INTRODUCTION 


Some observations on the aims and history of Prof. Smirnov’s five- 
volume course on higher mathematics have been made in the Intro- 
duction to the first volume of the present English edition. 

In the present volume which forms the second part of Vol. HI the 
author comes to the discussion of one of the central subjects of modern 
pure mathematics, an understanding of which is essential also to 
engineers and physicists — the theory of functions of a complex 
variable. Prof. Smirnov’s approach is classical and for that reason is an 
excellent introduction for those students who will go on to study the 
more modern developments of the theory of functions while at the 
same time presenting a complete picture of those aspects of the 
theory (conformal mappings, differential equations in the complex 
plane, calculus of residues) which are of most direct interest to applied 
mathematicians. An interesting feature of the book is that it was the first 
textbook at this level to include a chapter on the theory of functions 
of several complex variables, a subject which forms an essential tool 
to workers in quantum field theory. 

Special functions continue to play an important part in the edu- 
cation of both pure and applied mathematicians. This is recognized 
by Prof. Smirnov. He follows his lucid account of the general theory of 
functions with a full treatment of those properties of special functions 
which are necessary for the proper understanding of mathematical 
physics and engineering. 

Both sides of the coin are engraved with the author’s characteristic 
style and the result is a work of great interest which has already been 
acknowledged as a classic in the countries of Eastern Europe and is 
now whole heartedly commended to students in the English-speaking 
world. 


I. N. SNEDDON 


FOREWORD TO THE FOURTH EDITION 


In THIS edition Volume III was divided into two parts. The second 
part contains material from the former Volume III, beginning with 
the chapter dealing with the principles of the theory of the functions 
of the complex variable. It was slightly rearranged and new material 
was added. This new material is related mainly to the treatise of the 
integrals of Cauchy’s type and to the approximate calculation of in- 
tegrals by the method of the steepest descent. 

I was greatly assisted in my treatment of the latter by Professor 
G. J. Petrashen’, to whom I am deeply grateful. 

Refereaces to the first part of Volume III are indicated, for 
example: [III,, 44]. 

V. SMIRNOV 


CHAPTER I 


THE BASIS OF THE THEORY 
OF FUNCTIONS 
OF A COMPLEX VARIABLE 


l. Functions of a complex variable. In the differential and integral 
calculus we assumed that the independent variable, as well as the 
function, could only be real. Later, in higher algebra we analysed the 
most elementary function, viz. the polynomial, in which the inde- 
pendent variable took complex as well as real values. In this chapter 
we shall develop the analytical basis so as to include functions of 
a complex variable. 

Take, for example, the polynomial 


f(z) =a, 2" +a,27 14...44,, 


where a; are given complex numbers. We can assume that the inde- 

pendent variable z also assumes arbitrary complex values; in this 

event the function f(z) is defined for arbitrary complex values of z. 
The same can be said about the rational function: 


az” +a,2"-'4...44, 
boan 4 b 271. tim 


or even about expressions containing radicals, for example: 


yz- 1. 


In Chapter VI of Volume I we defined elementary transcendental 
functions for the case when the independent variable assumed com- 
plex values; thus we have for the exponential function: 


e? = e*t Y = e* (cosy + i sin y) 


and having thus defined the exponential function, we can also define 


1 
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trigonometric functions the arguments of which assume complex 
values: 





, eZ — 9 ef + e7”? ; 
sinz = — 5; cosz= —3 
n i2z isz (1) 
ansa A ae cot z = 252 =; £ +I, 
cos z i edz4l? sinz ez] 


Let us recall the expression for the natural logarithm of a 
complex number: 
log z = log |z| + i arg z, (2) 
where |z| is the modulus of z and arg z denotes the amplitude of the 
variable z. Similarly, by considering the functions inverse to (1), we 
arrive at the inverse circular functions of a complex variable: 


arc sinz, arc cosz, are tanz, arc cot z. 


It can easily be shown that these functions can be expressed by a 
logarithm. 
Assume, for example, that 


ea” —] 
z = tanw = ie?” +1) , 
whence 
ue?” + 1)z =e — 1 
or 


eiw — 1+ 
l— iz 


Multiplying the numerator and the denominator by ¿i and taking 
logarithms, we obtain: 





w = arc tan z = + log Ë 
> — 2i 57 +z 
Similarly, if we assume that: 
iw —iw 
. e —e 
z = sin w = —,—_,, 
2i 


we obtain a quadratic equation for e™: 


ev _ diz e — 1 = 0, 
e™ = iz + V1 —2z?, 


w= ~~ log (iz + YI—#) 


whence 


and consequently: 


where both values of the square root must be taken. 
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We shall see later that all the elementary functions of a complex 
variable mentioned above have a derivative i.e. a definite limit 
of the relationship 


f(z + 42) — f(z) 
Az , 


exists when the complex expression 4 z tends to zero. This chapter 
is devoted entirely to the study of the theory of functions of a 
complex variable possessing a derivative. We shall see that this 
theory is distinguished by great clarity and simplicity and has wide 
applications in many branches of natural science and engineering. 
In this chapter we shall give a short outline of the theory itself and 
in the following chapters we shall deal with its applications. In this 
way we hope to achieve a clearer and more compact treatment of 
the theoretical basis. 

In future we shall frequently use the geometric interpretation of 
complex numbers which we mentioned earlier in [I, 170]. 

Let us briefly recall this method of interpretation. Consider a 
plane referred to perpendicular axes OX and OY; every point in this 
plane can be defined by two real coordinates (x, y), or by one complex 
coordinate x + iy, which we shall in fact use in future. In this 
sense the plane is known as the plane of the complex variable, 
the X axis as the real axis and the Y axis as the imaginary axis. 
In the following chapters, in addition to this point representation of 
a complex variable we shall also use the vector representation: when 
the complex number z + ty is represented by a vector the compo- 
nents components of which are equal to x and y. The relationship 
between these interpretations becomes clear at once: if a vector is 
drawn from the origin to the point with complex coordinate x + iy 
then this vector corresponds to the same complex number x + iy. 
In general, if a vector is drawn in our plane from a point A with 
complex coordinate a, + ia, to a point B with complex coordinate 
bı + db, then this vector AB corresponds to a complex number 
equal to the difference between the complex coordinates of its 
origin and terminus: 

(bi — a) + t(b, — a). 
Let us recall some earlier results from [I, 171 and 172]. 
The addition of complex numbers follows the laws of the geometric 


addition of the vectors, corresponding to those numbers. The modulus of 
the complex number is equal to the length of the corresponding vector, 
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and the amplitude to the angle which this vector makes with the 
X axis. 

If the complex variable varies, the corresponding point moves 
in the plane. 

We say that z = z + iy tends to the limit a = a + ib, where a 
and b are constants, if the modulus of the difference 


la —2| = (a — z)? + @ — y)? 
tends to zero. 
It follows from the above expression that, since the terms under 
the radical are positive, | a — z | —> 0 is equivalent to 


z—->a and y—b. 
Hence 

x + iy—a + ib 
is equivalent to 

z—>a and yb. 


Obviously the variable point M which corresponds to z = x + ty 
will in this case tend to a limiting position represented by the point A 
with complex coordinate a = a + ib.It can easily be proved, though 
we shall not do so here, that the usual theorems on the limit of a 
sum, product and quotient apply. 

Note also that it follows from the definition of the limit that z— 0 
is equivalent to | z | —> 0. Also, if z —> ait is clear that | z | | aj. 

Cauchy’s test for the existence of a limit also applies to a complex 
variable. 

Assume, for example, that we have a numbered sequence of values 
of the complex variable: 


2,=2,+y, 1; 
Zz = yt Yz. 
Zn = Ta FYnri 


The existence of a limit of this sequence is equivalent to the existence 
of limits of the real sequences z, and yn; the necessary and sufficient 
condition for such a limit to exist is that the absolute values of the 
differences | Tn — £m | and | Yn — Ym | should be as small as possible, 
when n and m are sufficiently large [I, 31]. 

Taking into consideration that 


le, = Zml = Vien = Em)? + (Yn — Ym)? 
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and that the terms under the radical are positive, we can see that 
the necessary and sufficient condition for the limit of the sequence 
z, to exist is that | z, — Zm | should tend to become as small as 
desired when n and m are sufficiently large, i.e. strictly speaking, 
for any given positive € an N exists such that |2, —2m|< « if 
n and m > N. Everything said at the beginning [25] of Volume 1 
about real variables also applies generally to the complex variable. 
The necessary and sufficient condition for a limit of a complex 
variable z to exist consists of the following [I, 31]: for any given 
positive £ a value of the variable z exists such that |z’ — 2”| < e, 
provided 2’ and z” are any two values which exceed the value 
mentioned. We shall say in future that the complex variable z tends 
to infinity when |z |—> +. 
Consider now a function of the complex variable 


w = f(z) 


and let us agree on our terminology. The function f(z) can be defined 
either in the whole plane or in a definite domain of the plane of the 
complex variable z, for example, in a definite circle, rectangle, annulus 
etc. In this domain we shall distinguish interior points and points 
on the contour. Thus, for example, in the case of a circle, centre 
the origin and unit radius, interior points are determined by the 
condition 
j| <1 or z? +y? <l, 


whilst the contour is the circumference 
jel =1 or +y? =l. 


An interior point has the characteristic property that not only 
the point itself but also a neighbourhood of it belongs wholly to 
the domain, i.e. the point M will be an interior point of a domain, 
provided that a sufficiently small circle, centre at M, belongs wholly 
to that domain. 

Points of the contour are not interior points, though interior points 
can be as close as we please to the contour. We also assume that our 
domain does not break down into separate parts (connectivity of the 
domain), or, to be more accurate, we assume that any two points in 
the domain can be connected by a line which also lies wholly within 
the domain. In future we shall understand by a domain the set of 
interior points of the domain. If the contour is added to the domain 
then the domain is closed. 
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We shall call a domain bounded if all its points are at a finite distance 
from the origin. In future we shall enlarge further on the characteristics 
of a domain. 

Let us now return to the function w = f(z). Assume that it is 
defined in a domain B, i.e. for every point z inside B f(z) has a definite 
complex value (we are considering single-valued functions). Let z, be 
a point in B. The function /(z) is said to be continuous at the point 
Zo if f(z) > f(z) when z — 2p, ie. for every given positive € a positive 
value of 7 exists such that | f(z) — f(z) | < £ provided | z — zo | < 7. 
A function is said to be continuous in B if it is continuous at 
every point of the domain B. The function f(z) can be defined not 
only in B but also on the contour J of the domain, i.e. in the closed 
domain B. We say that such a function is continuous in the closed 
domain B provided it is continuous at every point of the closed 
domain B. When defining continuity at any given point z, on the 
contour l it must be remembered that the point z may tend to 2, in 
any direction, though without leaving the domain B. The theorem 
[I, 43] on real variables is also valid: if f(z) is continuous in a boun- 
ded closed domain, it is uniformly continuous in this domain, i.e. 
for any given positive e a positive ņ exists (which is one and the 
same for the whole domain such that |) — Fz) < e provided 
| z2 — 2,| < 4, where z, and z, belong to the given closed domain. 

Let us write z and w = f(z), separated into real and imaginary parts: 


z=z+ yi; 


w = f(z) = u + vi. 


To specify z implies specifying zx and y, and to specify f(z) implies 
specifying u and v, i.e. we must consider u and v as functions of x and y: 


w = f(z) = u(x, y) + o(z, y)i. (3) 


With elementary functions the separation into real and imaginary 
parts can be performed by simple operations for example: 


w = 2 = (x + yi)? = (1? — 4?) + 2æyi. 


Assume that 2, = £o + Yo i; the condition z —> 2, is equivalent to 
T — £o and y — Yo 
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It follows from the definition of continuity at the point z, that 
when 2—> Zo ie. when z— xz, and y— Y, we have: 


f(z) > f(20) 
or 
u(x, y) + elz, yji —> u(y, Yo) + v(Zo, Yo) i, 


which is equivalent to 


ule, y) > u(y, Yo) 
and 
U(x, Y) —> (Zo, Yo)- 

Consequently, the continuity of f(z) at the point z, is equivalent to 
the continuity of u(x, y) and v(x, y) at the point (£a Yo). 

Separating the real and imaginary parts and using the property 
of continuity of elementary functions of the a variable, we can 
see that the polynomials e’, sin z, cos z, are continuous functions in 
the whole plane of the complex variable. A rational function is con- 
tinuous everywhere except at points where its denominator vanishes. 
Similarly, tan z is continuous everywhere except at the points where 
cos z vanishes. As with a real variable, the sum and product of a 
finite number of continuous functions is also a continuous function 
and the quotient of two continuous functions is also continuous, 
except for those values of z for which the denominator vanishes. 

In our further treatment of the theory we shall first consider single- 
valued functions, then later we shall consider specially the problem 
of many-valued functions. 

The function /z— 1, the function (2) and the inverse circular 
functions are all examples of many-valued functions. 





2. The derivative. Assume that f(z) is defined at a point z and at 
all points sufficiently close to z. The derivative f’(z) at the point z 
is determined, as already mentioned, by the usual method, as the 
limit of the equation 


Ne + de) — fe) (4) 


and this limit should be finite and determinate when the increment 
Az tends to zero in any manner. 

It is easy to prove that, as with a real variable, a constant factor 
can be taken outside the symbol of differentiation and that the usual 
laws for differentiating sums, products and quotients apply [I, 47]. 
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It is also easy to show by applying Newton’s formula, that the 
usual law for differentiating power functions applies when the index 
is a positive integer: 


y=. (5) 


We can thus assert that a polynomial has a derivative at any 
point z and a rational fraction has a derivative everywhere, except 
for those values of z for which its denominator vanishes. 

Furthermore, the usual rule fordifferentiating a function of a func- 
tion applies: 

Fz (w) = Fa (w) -wz (6) 


assuming, of course, that both derivatives on the right-hand side 
of the equation exist. As with a real variable [I, 45], the existence 
of a derivative at a certain point proves the continuity of f(z) at 
that point. 

Assume that the function f(z) is defined in a domain B, and that 
it has a derivative at every point in B. If this is the case we simply 
say that f(z) has a derivative in the domain B. This derivative /’(z) will 
be a single-valued function in B. 

We shall now introduce an important new definition. We say that 
f(z) is regular or holomorphic in B if it is a single-valued function in B, 
and has a continuous derivative f’(z) in B. Note that the continuity 
of f(z) in B follows from the existence of a derivative. It is sometimes 
said that f(z) is regular (or holomorphic) at the point z. This means 
that f(z) is regular in a domain which contains Zp. 

Let us turn to formula (3) in which both z and f(z), are separated 
real and imaginary parts and let us then ask the question: what con- 
ditions must be satisfied by the functions u(x, y) and v(x, y) in order 
that f(z) should be regular in the domain B. To start with we assume 
that f(z) is regular in B and thence we draw conclusions regarding 
u(x, y) and v(x, y). 

As we mentioned above when defining a derivative (the existence 
of which we are assuming), the increment of the independent variable 
Az = Ar + Ayi may tend to zero in any manner. 

Select a point M in B, the coordinate of which is z = z + yi, 
and a variable point N with coordinate z + Az = (x + Ax) + (y + Ay) i, 
so that N tends to M. 

We shall consider two cases of N tending to M, i.e. of Az tending 
to zero. 
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In the first case we assume that N tends to M while remaining on 
a straight line parallel to the X axis; we then have 


Ay =0 and 4z = dz, (7) 


and in the second case we assume that N tends to M while remaining 
on a straight line parallel to the Y-axis; we then have 


Az = 0 and Az = idy. (8) 


We can now construct the derivative f’(z) in both cases. In the 
general case we have: 
1 eon f(z + 4z) — f(z) == 
pez ee e 
(9) 


= Jim [Et 4T u + 4y) — ulz, y)] + ilo + Ar, y + Ay) — ea, y) 
T Axo Az + idy 
Ay+0 


This gives in the first case: 


f (2) = lim [Sete ave) y Met Any oe |. 


4x0 Az 


We can thus see that the real and imaginary parts on the right-hand 
side of the equation must have a limit, i.e. the functions u(x, y) 
and o(z,y) must have partial derivatives with respect to x, in 
which case the formula applies: 


f (=o 


Similarly, in the second case we have, from (8) and (9): 


+ Petey) : (10) 


Bee +l u(z, + A Ulz, ) VT, } A vT, 
or 


Comparing the expressions (10) and (11) for /’(z) we obtain the 
conditions which must be satisfied by the partial derivatives of 
u(x, y) and v(x, y): 


ðu (zT, y) (z, y) (x, y) du(z, y) 


æ ` y : ee - ay 2) 


Notice that, by (10) and (11), the continuity of the partial 
derivatives of the first order of the functions u(z, y) and v(x, y) 
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follows from the continuity of /’(z). Our earlier considerations lead us 
to the following conclusion. In order that f(z) should be regular in B 
the following conditions must be satisfied: u(x, y) must have con- 
tinuous partial derivatives of the first order with respect to x and y 
in B and these derivatives must satisfy the relationship (12). 

We can now show that these conditions are not only necessary but 
are also sufficient for the regularity of f(z) in B. We shall assume that 
the above conditions are satisfied and prove the existence of a con- 
tinuous derivative /’(z). Taking into account the continuity of the 
partial derivatives of u(z,y) and v(z,y) with respect to x and y, we 
can write [I, 68]: 


u(x + Ax, y + Ay) — u(x, y) = 
= a Aa + —2" ne Ay + £, Ax + e, Ay. 


v(x + Ax, y + Ay) — v(z, y) = 
= PEY An + PEY Ay + eg de + e4 Ay, 
where e tends to zero Beales with Az and Ay. Using the 


latter expressions for the construction of the increment of the function 
f(z + 4z)— f(z) and substituting this in the equation (4), we obtain: 


Hepa = Tey 
Az 


rtta ida 








~ Ay) + (e+ iea) da +(e + iea) Ay 


SET 


whence, by making use of the conditions (12), we can rewrite this 
relationship in the form: 
fiz + 42) — fz) _ 

Az g 


ðu 


Fe (Ae + idy) +i 2 (4a + idy) 


Az Ay 
Az + idy + 6s Gey idy TES Ge idy * 


where 
E = €, + iez and & = & + ita 


tend to zero simultaneously with 4 z. 
It is easy to see that the last two terms on the right-hand side also 


tend to zero. 
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In fact, for example: 
E- eae == le | | Az | . 
á Ax + idy Es V Ax? + Ay? ’ 








the first factor tends to zero and the second factor does not exceed 
unity. 
Thus the last formula can be rewritten in the form: 


Me TOS GY => SYS y see DV pace: 


Az Ox 


where £; tends to zero simultaneously with Az and the first two terms 
on the right-hand side are independent of Az. The equation (4) thus 
tends to a definite limit which is defined by formula (10). Hence 
the above conditions for u(x, y) and v(x, y) are necessary and sufficient 
for f(z) to be regular in B. The equations (12) are usually known as 
the Cauchy-Riemann equations. 

It may be recalled that we have already encountered these equa- 
tions: they were satisfied by the velocity potential and the stream 
function in the case of the steady-state plane flow of an ideal incom- 
pressible fluid [II, 74]. We can thus see that the fundamental equa- 
tions of the theory of functions of a complex variable (12) are, at the 
same time, also fundamental equations in the study of the above 
hydrodynamical problem. This is the basis for numerous applications 
of the theory of functions of a complex variable to hydrodynamics 
and we shall deal with this in the next chapter. 

Let us now mention a very important circumstance which follows 
from the equations (12). We shall see later that regular functions 
u(x, y) and v(x, y) have derivatives of all orders. Differentiating 
term by term the first of the equations (12) with respect to x and 
the second with respect to y and adding, we obtain: 


Ou Ou 


ar +a =O (13,) 
Similarly, it is easy to deduce from the equations (12) that 

ov ov 

ae ae = 0. (13,) 


This shows that the real and imaginary parts of the regular function 
f(z) should satisfy the Laplace equation, i.e. they should be harmonic 
functions. In the following chapters we shall analyse in greater detail 
the connection between the theory of functions of a complex variable 
and the Laplace equation. 
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Notice another important circumstance which follows from the 
equations (13), viz. in the construction of a regular function we 
can take its real part arbitrarily, i.e. we can take for u(x, y) any 
solution of the equation (13,). We can show that in this case v(x, y) 
is defined up to a constant term. 

In fact, it follows from the equations (12) that 





dv ðv ðu Ou 
whence 
(x, y) du au 
ozy) = |- -g dr + D dy +o. (14) 


It remains to show that the given line integral is independent of 
the path and yields a certain function of its upper limit [II, 171). 
Let us recall that the condition for a line integral 

f Xdx+Ydy 
to be independent of the path can be written as follows: 
ax  aY 
“Oy a 


Applying this to the integra] (14) we obtain: 





3 Ou ð ( ðu Pu Fu 
ay ag) e a 

and this condition is satisfied since we took a harmonic function 
for u(x, y). Remember that, if u(z, y) is a single-valued function 
then v(z, y) may turn out to be a many-valued function, provided 
the region in which we are applying formula (14) is multiply 
connected [II, 72]. 

Let us now turn to some examples. A polynomial is obviously 
a regular function in the whole z-plane. A rational fraction is a regular 
function in any domain which does not contain the zeros of its deno- 
minator. If we take, for example, /(z) = 2, then u(z,y) = 7 — 4? 
and v(x, y) = 2ry. It can easily be shown that these functions satisfy 
the equations (12). 

Let us show, for example, that the exponential function 


e = e* (cosy + isin y) 
is regular in the whole plane. In this case: 


u(x, y) = e¥ cosy; v(x, y) = e" siny, 
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whence it follows directly that: 

KEA =e* cos y: ou = X gi . 

J =e" COBY; -g = — easing; 
æ *siny: ov x 
Jr =e y; ay —° cos y. 
These partial derivatives are continuous and satisfy the equations 
(12). We evaluate the derivative in accordance with the formula (10): 


(e) = e* cos y + ie” sin y = e* (cos y + isin y), i.e. (e?) = e. 
We have thus obtained the same law for differentiating an exponen- 
tial function as in the case of a real variable. It is now easy to 
prove that sin z and cos z also have continuous derivatives in the whole 
z-plane. These derivatives are evaluated by the same laws as those 


for real variables. For, on applying the rules for the differentiation 
of an exponential function and a function of a function, we obtain: 











, eZ — gz Y el 4 giz 
(sinz) = ( E ) = 21t = C08 Z, 
ež e7? y N eZ — eZ i 
(cos 2) = (==>) =t—,— = — sinz. 


3. Conformal transformation. Let us now explain the geometric 
meaning of the concept of functional dependence and of a derivative. 
Assume that the function f(z) is regular in a domain B in the XY-plane. 
Every value of z in the domain B corresponds to a definite value 
w = f(z), and the set of all the values w = u + iv which correspond 
to all the z2’s in B will fill a new domain B, which we shall draw 
in a new plane of the complex variable u + iv (Fig. 1). We can 


v y 








a) 
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therefore say that our function f(z) transforms the domain B into the 
domain B,. Strictly speaking we should have investigated more closely 
the dependence between the points z and w as given by our function 
and proved that the set of the values of w would also fill a certain 
domain. Later, when we have at our disposal the necessary analytic 
apparatus, we shall in fact carry out this closer investigation; for the 
moment, however, we shall restrict ourselves to making general obser 
vations only, which will, nevertheless, permit the reader to understand 
the geometric meaning of the terms introduced. We shall see later 
that, if the derivative /’(z) does not vanish at a point z, then a 
sufficiently small circle, centre at z, will be transformed into a domain 
in the w-plane, which includes the corresponding point w = f(z). 

Let us now explain the geometric meaning of the modulus and 
amplitude of a derivative. Assume that the derivative /’(z) does not 
vanish at the given point. Take two adjacent points z and z+ 4z. 
Their corresponding points in the region B, will be w and w + 4w. 

Take the lines MN and M,N, which join the points z and z + 4z, 
and w and w + Aw respectively. These vectors correspond to the 
complex numbers Az and Aw. Thus, the ratio of the lengths of these 
vectors will be as follows: 

IM N| _ láv] 
IMN| |Az 








or, remembering that the modulus of a quotient is equal to the quotient 


of the moduli: 
[MN] = Aw 


MN ~ | dz 











In the limit, when the point N tends to M and the point M, tends 


to N,, we have: 
. |M,N, A 
lim -av = |f (2), 


i.e. the modulus of the derivative f’(z) gives the change in linear dimensions 
at the point z during the transformation by the function f(z). If, for 
example, f(z) = 27 + 2 + 3, then in the course of the transformation 
the linear dimensions at the point z = 1 will be magnified three times. 

Let us now explain the geometric meaning of the amplitude of a 
derivative. Assume that the point N tends to the point M along a 
line J and let 1, be the corresponding line in the domain B; (Fig. 2). 
The amplitude of the complex number 4z gives the angle between the 
vector NM and the real axis and, similarly, arg w gives the angle 
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between the vector M,N, and the real axis. The difference between 


the amplitudes, i.e. 
arg dw — arg Az, 


gives the angle between the vectors M,N, and MN and this angle 
is read from the vector MN in the counter-clockwise direction. 
Remembering that the amplitude of a quotient is equal to the diffe- 
rence between the amplitudes of the dividend and the divisor, we can 
write: 


arg dw — arg Az = arg ae ; 





Fic. 2 


In the limit the direction of the vector MN coincides with the 
direction of the tangent to the curve / at the point M, and the direction 
of the vector M,N, coincides with the direction of the tangent to 
the curve /, at the point M,. 

Taking the limit of the above formula we can see that the amplitude 
of the derivative arg f’(z) gives the angle of rotation at the given point z, 
made as a result of the transformation by the function f(z). In other 
words, if an arbitrary curve / were to be drawn through z, and 
had a definite tangent at the point z then, as a result of the trans- 
formation, a new curve l, would be produced, the tangent to which 
would make at the corresponding point w an angle with the above 
tangent equal to the amplitude of the derivative. If we take two 
curves in the domain B, which intersect at a certain angle at the 
point z then, as a result of the transformation the tangents to 
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these curves will rotate by the same angle, equal to the amplitude 
of the derivative and, consequently, the angle between the transformed 
curves will remain the same in magnitude and direction as before, 
ie. transformation by a regular function conserves the angles at all 
points at which the derivative of this function does not vanish. A trans- 
formation under which all angles are conserved is usually called 
conformal. 

If we draw a net of curves in the domain B in the XY- plane then, 
as a result of the transformation, we shall again obtain a net of curves, 
which will, of course, be different; the angles between these curves 
will, however, remain unchanged except at points where the derivative 
vanishes. If we take, for example, a net of straight lines parallel to 
the axes in the domain B, then we shall obtain, generally speaking, 
a net of curves in the domain B,; but the angles between these 
curves will remain right angles, as before, ie. the net will remain 
orthogonal. Moreover, if we divide the domain B into small similar 
squares, then each one of these squares will be transformed in the 
domain B, into a small curvilinear rectangle the sides of which will be 
approximately equal to the product of the length of the side of the 
square and the modulus of the derivative at an arbitrary point in the 
square, i.e. this curvilinear rectangle will also be a square up to higher 
order terms; however the value of | /’(z) | will be different at different 
points and therefore the curvilinear squares filling B will have sides 
of different lengths. 

Let us consider in greater detail the problem of a function of a 
function: 

F(w), where w = f(z). 


Let f(z) be regular in the domain Band let it transform this domain 
into a domain B,. We assume further that F(w) is also regular in the 
domain B,.In this case the function of a function F(w) will be regular 
in the domain B and the differentiation rule, as given by formula 
(6), will apply for it. 


4, The integral. Let / be a curve in the XY-plane. We shall always 
assume that a curve has a parametric equation of the type: 


r= (t); y= (t), 


where p(t) and ¢,(¢) are continuous functions with continuous deriva- 
tives, or that the curve consists of a finite number of sections, each 
one of which, from beginning to end, has the properties just mentioned. 
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We already know [II, 66] that the evaluation of a line integral 
J [X(a, y) dx + F(z, y) dy] 


simply involves the evaluation of the usual definite integral. It is 
sufficient to substitute p(t) and p(t) for x and y in the integrand, 
where dz = gi(t) dé and dy = 
= p(t) dt. We now have to 
integrate with respect to the 
variable ¢ within the limits of 
variation corresponding to the 
curve l. 

Assume that a continuous 
function f(z) is given on the 
curve 1 (Fig. 3). We shall 
explain the concept of the con- 
tour integral of the function 
f(z) over the curve (contour) 
l. Divide the curve I into 
sections between the points M,, M,,..., M,-,, and let zę be the 
complex coordinate of the point of division Mp; for the sake of 
symmetry we shall denote the complex coordinate of the beginning 
of the curve A by z, and of the end of curve B by zn. Moreover, 
let ¢, be a point on the arc of the curve M,_, Mp. Let us write the 
sum of the products: 





Fic. 3 


n 
> hex) (Zk — 2—-1)- 
k=1 
The limit of this sum, when the number n of divisions increases 
indefinitely and every arc M,_, Mp becomes indefinitely smaller, 
is known as the contour integral of the function f(z) over the contour 1: 


§ fe) dz = lim FAE) Er — 24-1). (15) 
i k=1 


Denote zk = £k + y,i and ¢, = & + Ny i. Separating the real and 
imaginary parts of f(z) we can write: 


Site (Zk — %-1) = 
k=1 


= Y [uft M) +(e M) i] [ee — tea) + Ye — Yad] 
k=1 
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or 


Sit) (Zk — 2-1) = 
k=1 
= S U( Er Mk) (Er — Zr—1) — V (Ers Me) (Yk — Yr) + 
k=1 
+ i Selb. Nx) (Er — Ly—y) + Ul Me) (Ya — Yr). 
k=1 


Bearing in mind the assumptions made with regard to the line Z 
and the continuity of f(z), both sums standing on the right-hand side 
of the equation tend to limits, equal to the corresponding line integrals 
over l; we thus obtain an expression for the integral (15) in the form 
of the sum of the usual real line integrals: 


Sz) dz = f (ula, y) de — ofa, y) dy) + f [o(e, y) dx + u(x, y)dy]. (16) 
I I i 


Above, for the sake of simplicity, we assumed that the line / has a 
beginning and an end; it is evident that this definition still holds 
when we integrate round closed contours. 

The contour integral (15) possesses exactly the same properties as 
the usual real line integral (II, 66]. Let us recall these. A constant 
factor can be taken outside the sign of the integral. The integral of 
a sum is equal to the sum of integrals. When the direction of the 
contour of integration changes, the sign of the integral changes. If 
the contour of integration were to be divided into several separate 
parts, then the integral round the whole contour would be equal 
to the sum of the integrals over the separate parts. 

We now introduce an important inequality for the magnitude 
of the integral (15). Assume that the modulus of the integrand 
does not exceed a certain positive number M on the contour l, i.e. 


DI << M (z on J), (17) 


and let s be the length of the contour J. In this case the following 
inequality holds for the integral (15): 


| { f(z) dz| < Ms. (18) 
I 


For let us return to the sum (15), which gives the limit of the 
integral. 
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Taking into account the fact that the modulus of a sum is less 
than or equal to the sum of the moduli of the terms, we obtain: 


| > Abe) (2k — 2-1) | < > (Su) | [Zx — Zeal 
k=1 k=1 
or, by (17): 


| ENa) |< MS ler — zl: 
k=1 k=1 


The factor multiplying M obviously represents the perimeter of a 
step line inscribed in the contour J, and by taking the limit of this 
latter inequality, we obtain the inequality (18). 

The integral (15) satisfies a more precise inequality, viz. denoting 
by ds the differential of the arc of the curve | we obtain the 
following formula: 


| J fz) dzj < f|f(2)| ds. (19) 
l i 


This inequality can be obtained directly, if we replace f(z) by 
|f(z)| and dz= dzrz+ idy by |dz|= ydrł+dy? =ds in the 


integrand expression. 


5. Cauchy’s theorem. We shall now put the fundamental question, 
viz. under what conditions does the contour integral (16) become 
independent of the path taken. It is cbviously necessary and suffi- 
cient that both line integrals on the right-hand side, which give 
the real and imaginary parts of the contour integral, should also be 
independent of the path. Applying the criterion for independence 
of the path of a line integral, as given in [II, 71], we arrive at the 
equations 


umy) L emy), Belzy) _ Puls y) 
ay Ox i oy n dc” 


and these are precisely the Cauchy-Riemann conditions. Hence, the 
conditions for the independence of a contour integral (16) of its path 
are the same as the condition for the regularity of the function f(z). This 
circumstance is of fundamental importance in the integral calculus 
of functions of a complex variable. 
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Note that in deducing the conditions for the independence of a 
line integral of its path we used the formula [II, 69]: 


[Pe y) dz + Q (a, y)dy] = ile EY) dedy. 


In deducing this formula we assumed the continuity not only 
of the functions P(x,y) and Q(z, y) themselves, but also of their 
partial derivatives, since they too are under the sign of the double 
integral. In the case under consideration these latter are in fact 
continuous, since, for the regular function f(z), both functions u(x, y) 
and v(x, y) have continuous partial derivatives of the first order. In 
future we shall integrate round the contour of the domain B itself. 
This will be quite in order if we assume that f(z) is regular in the 
domain B up to the contour i.e. it is regular in the closed domain B. 
By this we mean that /(z) is regular in a somewhat larger domain, 
which contains the domain B together with its contour; hence /(z) 
is regular in the closed domain B if it is regular in a domain containing 
B and its contour. 

For a more detailed study of this problem it is necessary to take 
account of the kind of domain in which f(z) is regular, i.e. in this case, 
as with real contour integrals (II, 72], it is most important whether 
the domain is simply or multiply connected. We shall recall the appro- 
priate basic definitions and formulate the results which are analogous 
with those obtained for real contour integrals. 

If a bounded domain in the z-plane has a closed curve as its contour 
(in other words, has no holes) then the domain is simply connected. 
If at the same time f(z) is a regular function in this domain and z, 
is a point in this domain, then the integral 


F (2) = { fe’) de’ (20) 


(where z’ denotes the variable of integration), taken over an arbitrary 
curve in the domain, does not depend on the path and gives a single 
valued function of its upper limit of z. At the same time the value 
of the integral round an arbitrary closed contour in the domain will 
obviously be equal to zero. If our function f(z) is regular in a closed 
domain then we can integrate round the contour of the domain B 
itself, and we obtain zero as a result of the integration. 

Let us now assume that our domain B is multiply connected and 
bounded by one outer closed contour and by several closed interior 
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contours. Assume, for the sake of simplicity, that there is only one 
interior contour i.e. the domain is doubly connected (Fig. 4). We make 
a cut Ain our connecting the outer and inner contours. The cut domain 
B’ will now be simply connected and the expression (20) will give a 
single-valued function of zin B’. If we assume that f(z) is regular in 
the closed domain, then we can integrate round the contour of the 
domain. We can then assert that the integral round the entire contour 
of the simply-connected domain B’ must be zero. As indicated in 
the figure, we must here integrate in the counter-clockwise direction 
round the outside contour, in the clockwise direction round the inside 
contour and twice in opposite directions along the cut A. The integrals 
along this cut will cancel each other and we 
consequently have: 


f f(@dz+ f f(2jdz=0, (21) 
Oh Oh 


lı 


where } is the outside contour, /, is the inside 2 
contour, and the arrows indicate the direc- 
tion of integration. It follows from the Fre. 4 
diagram that the direction of integration 
for both contours can be determined from one and the same condi- 
tion, viz. when describing a circuit round the contour the domain 
must remain on the left-hand side. This direction will be termed positive 
with respect to the domain. Using the equation (21) we can say, that even 
in the case of a multiply-connected domain, the integral round the 
contour will be equal to zero, provided we integrate everywhere in 
the positive direction with respect to the domain. 

If the direction of integration round the inner contour is reversed 
then instead of the formula (21) we can write: 


f F(2)dz = f f (2) dz, (22) 
Gu Öh 


i.e. the integral round the outer contour is equal to the sum of the 
integrals round the inner contours (in this case only one), provided 
we integrate round all contours in the counter-clockwise direction. 

The results obtained give the fundamental theorem in the study 
of the theory of functions which is usually known as Cauchy’s theorem. 
We can formulate it in several different ways. 

Caucuy’s THEOREM I. Ifa function is regular in a closed simply-connected 
domain then its integral round the contour of this domain is equal to zero. 


22 THE BASIS OF THE THEORY OF FUNOTIONS OF A COMPLEX VARIABLE lt 


CaucaY’s THEoreEmM II. If a function is regular in a closed multiply. 
connected domain then its integral round the entire contour of thi 
domain in the positive direction is equal to zero. 

Cavucuy’s THEOREM III. Jf a function is regular in a closed multiply. 
connected domain, then its integral round the outer contour is equal tọ 
the sum of the integrals round all the inner contours, provided we integ. 
rate round all contours in the counter-clockwise direction. 

Let us now explain a lemma of Cauchy’s theorem which is of practi. 
cal importance. Assume that different contours l’ and 1” have the same 
beginnings and ends A and B. Assume that l’ can be transformed 
into I” by means of a continuous deformation without leaving 
the domain in which f(z) is regular and without changing the beginning 
A and end B in any way. It follows from Cauchy’s theorem that the 
value of the integral of f(z) will not be affected i.e. if a contour with 
fixed ends is continuously deformed without leaving the domain in which 
f(z) is regular, the value of the integral of the function f(z) round the 
contour will remain unchanged as a result of this deformation. The same 
thing holds in the case of deformation of a closed contour, as long as 
it remains closed at all times. 

To conclude this we shall make a statement of fundamental impor- 
tance. When deducing Cauchy’s theorem we assumed the continuity 
as well as existence of the derivative f’(z). This continuity of /’(z) enters 
into the definition of a regular function. By employing a different 
method of proof it is possible to prove Cauchy’s theorem by using the 
existence alone of /’(z) without assuming its continuity. However, we 
shall see later that it follows from Cauchy’s theorem that f(z) haa 
derivatives of all orders, which means that /’(z) must be continuous. 

Thus the second method of proof of Cauchy’s theorem, which we do 
not give here, is theoretically important in that it does not use the con- 
tinuity of f’(z); on the other hand, one of the consequences of this 
proof is that the existence of the derivative /’(z), implies that the deriv- 
ative must be continuous. In future, unless stated otherwise, we shall al- 
waysintegrate round a closed contour in the counter-clockwise direction. 


6. The fundamental formula of the integral calculus, Assume that f(2) 
is regular ina domain, and consider the function given by the formula 
(20). Ifour domain is multiply connected, we can still assume that F(z) 
is a single-valued function, by making appropriate cuts. In the same way 
as in the integral calculus for functions of real variables [I, 96] it can 
be shown that F(z) is a primitive for f(z), ie. F’(z) = f(z). 
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To do so we note, first of all, that it follows from the definition 
of an integral as the limit of a sum that: 


f dz=ß—a, 


where f and a are respectively the complex coordinates of the end 
and the beginning of the contour J. We evidently have: 


z+4z 


F (z + Az) — F(z) = f f(z’) dz 


where we can integrate, for cxample, along the straight line con- 
necting the points z and z + Az. We can write: 


z+ áz 
F (z + 42) — F (2) = f [F (2) — t2) +f (2)] de’ = 


z+4z z+4z 


=f) f de + f Fe- fear’, 


where f(z) is taken outside the integral, since it does not contain the 
variable of integration z’. The latter formula can be rewritten as 
follows: 
F 4 Az) F (2) aie 
z z z 7 , 
FEF OO Steti | eoad. (23) 
z 
It remains to be shown that the last term on the right-hand side 
tends to zero when Az— 0. Using the inequality for an integral 
given in [4] and taking into consideration that, in this case, the length 
of the path of integration is equal to | 4z |, we can write: 


ip: 


ae | ve- taz |< TET -max | f(z’) — f (2) |- |42| = 
= max |f(2’) — f (2) |- 


We must take the maximum of the modulus of the difference 
| f(z’) — f(z) | when z’ varies along the straight line connecting z and 
(z + Az). The continuous positive function | f(z’) — f(z) | of z’ attains 
its maximum value on the given line at a point z’ = 2; i.e. 
max|/(z’) — f(z) | =| f(z) —f(z) |. But when Az—-0, the point 2g, which 
lies on the given line, tends to z and, by virtue of the continuity of 
f(z), the difference f(z) — f(z) > 0; it follows that the last term on 
the right-hand side of the expression (23) tends to zero i.e. F’(z) = f(z). 
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Let us now show that when the function f(z) has two primitives F(z) 
and F(z) they will differ by a constant term. We have by hypothesis: 


; F; (2) = f (z2) and F; (z) = f (2), 
1.0. 
[Fi (2) — F2(2)]’ = 0. 


It thus remains to be shown that if the derivative of a function is 
identically zero in the domain B then this function is constant in B. 
Hence let f,(z) = u,(z, y) + iv (z, y) and 


fid =0. 
We can write the following two expressions for the derivative: 


Pa _ By . Ou, 








, = ou, zi 
h=- A ge a a 
and we have consequently: 
ur na. «(Ou na. nu o n, Oy 
=o; a a a 


from which it follows that u, and v, are independent of v and y, i.e. they 
are constants; hence the function /,(z) will be constant. 

Assume that we have a primitive F,(z) for the function f(z). It will 
differ from the primitive (20) only by a constant term, i.e. 


z 
§ f(z) dz = F, (2) + 0. 
2 
To determine this constant term we assume that the end z coincides 
with the beginning of the path zo, which gives 


O=F,(%)+C or C= — F,(%), 
and the previous formula can be rewritten in the form: 


z 

f f(z) dz’ = F, (2) — Fy (%), (24) 

Zo 
i.e. the contour integral is equal to the increment of the primitive over the 
path of integration. We are assuming, of course, that the primitive F(z) 
is a single-valued function and that it is regular in the domain which 
contains the path of integration. 
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Ezample: Consider the integral 
f (z a a)" dz > (25) 
i 


where 7 is an integer and / is a closed contour. If n differs from (—1) 
the primitive will be: 
azar ea. (26) 

This will be a regular single-valued function everywhere if n > 0, and 
everywhere except at z=a when n < —1. We assume that the contour / 
does not pass through z= a. On describ- 
ing a circuit round a closed contour the 
single-valued function (26) will obviously 
receive a zero increment and, conse- 
quently, the integral (25) round an ar- 
bitrary closed contour will be equal to ` 
zero when n#—1. When n> 0 this 
follows directly from Cauchy’s theorem. 
When n < — 1 the result also follows from 
Cauchy’s theorem as Jong as the point 
z =a does not lie within the contour J. But the above arguments show 
that if n is negative and not equal to (—1) the integra] (25) will be 
equal to zero, even if a lies within the contour l. In this case the 
integrand is no longer regular at the point z = a since at this point 
it becomes infinite. 

Let us now consider the case when n = —1, i.e. consider an integral 
of the type 





Fre. 5 


dz 
zog" (27) 

If a lies outside the closed contour ł, then, in accordance with 
Cauchy’s theorem, the integral will be equal to zero. Assume that 
the point a lies inside the contour / (Fig. 5). Let us draw a circle C, 
centre at a and small radius ọ. The integrand (z — a)- will be regular 
in the annulus between the contour 1 and the circle C and, con- 
sequently, in accordance with Cauchy’s theorem, we can integrate 
round the circle C when evaluating the integral (27). On this circle 


z— a= ee, 
where y varies in the interval (0,27). Hence 


dz = ige? dọ. 
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Substituting in the integral (27) we obtain; 
= 
_ige'? dp : 
{<< sa = fee = 2ni, 


J d = = ont. (28) 
i 





i.e. finally 





z— Q 


7. Cauchy’s formula. Let f(z) be a regular function in a closed 
domain B, which for the moment, for the sake of simplicity, we con- 
sider to be simply-connected. Let l be the contour and a an interior 
point of this domain. 

Let us construct the new function: 

z 
E ao 

This new function is also regular everywhere in B, except, perhaps, 
at the point z = a, since at this point the denominator of the fraction 
(29) vanishes. Isolate this point by a circle, centre at a and small 
radius e, and let C, be its circumference. In the annulus between the 
contours / and C, our function (29) will be regular without exception 
and, consequently, in accordance with Cauchy’s theorem, we can write: 


[iar fL ar 
L Ce 


In the integral on the right-hand side we put f(z) = f(a) + f(z) — 
— f(a), so that 
dz = nae 
e a ae 
i 


z—a z—a 
Ce Ce 


or, by (28): 





[E dz = f (a) ani + | LILO) dz. (30) 
Ce 

Let us now pay attention to the following circumstance: the integral 
on the left-hand side of formula (30) and the first term on the right- 
hand side are independent of the choice of the radius €; we can there- 
fore assert that the second term on the right-hand side is also 
independent of e. We shall now prove, however, that it tends to 

zero when ¢-—> 0. It then follows that it is simply equal to zero. 
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Applying the inequality from [4] and keeping in mind the fact that 


as z moves round the circumference C, centre at a, |z—a|=e, 
we get: 
max |f (z) — f (a)| 
gas 1-10 gy] < mo ___ 970 = max | f(z) — f (a) | - 2x 
z—a E on Ce 


When « becomes infinitesimally small, the point z on the circum- 
ference tends to a, and the maximum of the modulus of the difference 
| f(z) — f(a) | tends to zero, i.e. the second term on the right-hand side 
of the formula (30) does in fact tend to zero together with € and, 
in accordance with the above argument, it will be simply equal to zero. 
Thus formula (30) can be rewritten in the form: 








1a = zr [22 


27% 
t 


Let us now somewhat modify our notation, viz. we shall now denote 
the variable of integration by z’ and an arbitrary point in our domain 
by z. In this case the above formula takes the form: 


f(2)= Le) az, (31) 


= z’ —z 








This is Cauchy’s formula and it expresses the value of a regular 
function at any interior point z of the domain in terms of its value on the 
contour of the domain. The integral which forms part of Cauchy’s 
formula contains z as a parameter in the integrand in an exceptionally 
simple form. 

The point z lies inside the domain and the variable point z’ on the 
contour of the domain. Thus z’ — z # 0 and the integral in Cauchy’s 
formula is an integral of a continuous function; hence it can be differ- 
entiated with respect to z under the sign of the integral as many 
times as we please. Differentiating successively we obtain: 


ra=- (tM oe; pea Ae ay, 


2zi j (2’ — 2)? m, EDJ 








and, in general, when n is an arbitrary positive integer: 


f(z) = f a. (32) 


2ni . z’ —z)itt 
} e-a 
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We can thus see that a regular function has derivatives of all orders 
and these derivatives are expressed by the contour values of the func- 
tion in accordance with the formula (32). 


Let us prove formally the possibility of differentiating under the sign of 
the integral in order to determine f’(z). We have: 


ie) av} (IO ae 








f(z+ 4z) — j (2) = 


z z — z — dz 2m z’ —z 
I 
_ Ae 1e) i 
~ 2mi J (z — 2) (z'— z — Az) dz 
i 
or 
f(+4z)—/(@) _ 1 f F(z’) dz’ 
áz g 2i (2’ — 2) (z’ — z — Az) ý 


If we take the limit as Az — 0 under the integral sign on the right-hand 
side we obtain the expression: 





z f(z’) ta 
f= a [re . (32,) 


It remains to prove the possibility of passing to the limit under the integral 
sign, i.e. it must be shown that the difference 


1 f@) 4, 1 i 2’) , 
? Ba, ea Oni Pane rij Y 
i 








tends to zero when Az — 0. 
After elementary rearrangements we obtain: 


ee HE) 


2ni i 2’ — z} [z — (z aes 





The function f(z’) is always continuous on J, and its modulus is bounded, 
ie. | f(z’) | < M. We denote by 2d a positive number equal to the shortest 
distance between the point z and the contour J, ie. | z’— z | > 2d. The point 
(z + 4z), when 4z is close to zero, is close to z and we have | 2’ — (z + 4z) |> d. 
Applying the usual inequality to the integral, we have: 


ae M-s 
lô < r aga 


where a is the length of the contour; it follows that ô— 0 when Az — 0. It 
can be shown similarly by starting with the formula (32,), that f’(z) also has 
a derivative 

Shea) 


= 3 
mz, @— (2? —2)3 


re) = 


which it was required to prove. 
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The formulae (31) and (32), like Cauchy’s theorem, are also directly 
applicable to a multiply-connected domain; all we have to do is 
integrate round the entire contour of the domain in the positive 
direction, i.e. so that the domain remains on the left. 

Let us now extend Cauchy’s theorem to the case of an infinite 
domain. Let f(z) be regular in the domain B formed by the part of 
the plane outside the closed contour /, and let it be subjected to an 
additional condition, viz. when the point z 
moves to infinity the function f(z) tends to zero: 


$ (z) > 0 when z —> œ. (33) 


We shall show that Cauchy’s formula still 


holds: 


o= z E, (34) 


J zZ =z 

OF 
where we integrate so that the domain B (in 
this case the part of the plane outside 1) 
remains on the left.To prove this we draw a 
circle, centre the origin and large radius R. Our function f(z) is regu- 
lar in the annulus between the contour J and the circumference Cp (Fig. 
6 of the circle, and for an arbitrary point z in this annulus we have 


fz) = z 1") az po f te) az. (35) 
Q 5c: 














z —z z’ —z 
t B 
As in the proof of Cauchy’s formula we shall see that the second 

term on the right-hand side is essentially independent of R and, con- 
sequently, if we can prove that it tends to zero when È increases in- 
definitely, it follows that it must be identically zero and formula (35) 
becomes formula (34). Let us find an upper bound for the second 
term on the right-hand side of the formula (35). To do so we replace 
the modulus |z’ — z| in the denominator by a smaller quantity, 
viz. by a difference of moduli |z| — !z| = R — |z|. We then 
obtain the upper bound in the form: 


: ’ ; 2R 
EE 
Ce rd 





or 
| Fae siao a =: 


7 
-El 
ad R 
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If R increases indefinitely the above fraction tends to 2 x and the first 
cfator max | f(2’) | tends to zero in accordance with the condition 
R 


(33). We have thus proved Cauchy’s formula for an infinite domain. 
Note that it follows from the proof that the condition (33) must be 
satisfied uniformly with respect to z. In other words, this condition 
can be fully formulated as follows: for any given € an R, exists such 
that | f(z) | < £ when |z|> R. 

Sometimes we have to deal with functions which are regular inside a 
domain and have definite limits on the contour of the domain so that 
they are continuous functions throughout the closed domain, although 
one cannot say that they are regular in the closed domain, i.e. that they 
remain regular when the domain is enlarged. Note that Cauchy’s theorem 
and Cauchy's formula apply to such functions i.e. those which are regular 
in a domain and continuous in a closed domain. In fact, if we compress 
the contour slightly, the function now remains regular on the contour 
and therefore Cauchy’s theorem evidently applies, i.e. the integral round 
the contour is equal to zero. If the contour is now expanded continu- 
ously so that it eventually coincides with its initial position, in the 
limit the value of the integral round the initial contour of the domain 
will also be zero. Here, of course, we can pass to the limit, because 
the function is uniformly continuous in the closed domain. 

It can be said that almost all the further results of this chapter are 
a direct result of Cauchy’s formula. We shall return to it on many 
occasions. Below we give two examples of applications of this formula. 


Let us prove Cauchy’s theorem in greater detail, when f(z) is regular inside the 
circle |z| < R, centre the origin and radius R, and continuous in the closed 
circle | z | < R. The function f(z) is regular in the closed circle | z | < R,, where 
R, is any positive number less than R. Cauchy’s formula is applicable, and 
we have: 

f f(z2)dz=0. 
Iz| =R, 


On the circumference of this circle, z = R, e'? and dz = R, ie! dọ, so that 
2a 
iR, f f (Re"?) e"? dp = 0. 
0 


Since f(z) is uniformly continuous in the closed circle [1] we can prove the 
possibility of passing to the limit under the integral sign as R, — R [U, 84]; 
we then obtain in the limit: 

< 


2 
iR f f (Re!) el? dp =0, 
0 
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or returning to the variable z we can write: 
$f f@)dz=0, 
lz[=R 
which is what we wished to prove. When the contours are of a more compli- 
cated type the proof becomes more involved. Cauchy’s formula for functions 
which are regular inside a region and continuous in a closed region follows 
from Cauchy’s theorem, as above. 

Example 1. Take the exponential function f(z) = e”. This function is regular 
in the whole plane and we can apply formula (32); we take as | and 
arbitrary closed contour containing z as an interior point: 

z nl e” 7 


= — dz 
ani maj 


Let us take as / a circle, centre at z and with a fixed radius ọ,. We now 


have: 
z’ —2 = ee'?; ez’ = e? el cos p + iosing - ; dz’ = igo? de 


and substituting in the above formula we obtain: 





2n 
iS n! f eeose + iesing— ing dg, 
270". 
whence 
2n 
n 
2a = f et 0s p + i (esin p — ng) dọ. 
n 


0 


On separating the real part, we obtain a definite integral of a fairly compli- 
cated type: 


27 
n 
[ e€ “°S? cos (9 sin p — np) dp = 27 = : (36) 
0 
2. Consider the rational fraction 
z 
LO _ ji), (37) 


Y (z) 


where the degree of the polynomial (z) in the denominator is higher than 
the degree of the polynomial (z). This function evidently satisfies the condition 
(33). Assume also that J is a closed contour containing as interior points all 
the zeros of the polynomial y(z). We can then say that the function (37) is 
regular in the part of the plane outside J and that Cauchy’s formula for an 
infinite region holds for it. The integration over lin this formula must be 
carried out in such a way that the domain outside J remains on the left, i.e. 
in the clockwise direction. If we integrate in the counter-clockwise direction 
the result will have the opposite sign and we thus obtain: 


_ 92) _ e@) a 
Pe) AE Pe =a" (38) 
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Consider the integrand in this latter formula. Regarded as a function of z’, 
it ceases to be regular or, as is usually said, it has singularities inside | at points 
where y(z’) vanishes. The point z is not a singularity since it lies outside the 
contour J (in the infinite region B). The existence of these singularities, which 
are zeros of the polynomial y(z’), implies that the value of the integral (38) round 
the closed contour l is not zero. 


8. Integrals of Cauchy’s type. In Cauchy’s formula (31) the ae 
of the integrand repesented the value of the regular function f(z’) on the 
contour J. At the same time, according to Cauchy’s formula, the value 
of the integral reproduced precisely the function f(z) at a point in the 
domain. We shall regard the integral in Cauchy’s formula as a com- 
putational device, and consider what it will yield if we substitute in 
the numerator of its integrand a function which is continuous and 
specified in a purely arbitrary way on the contour, about which not- 
hing is known other than that it is specified and continuous on the 
contour. Denote this function by w(z’). Our integral will evidently 
be a function of z: 





a(z) 4, 
an BEJE dz (39) 


z —z 


Bearing in mind the general assumptions made with regard to the 
function wœw(z’), the integral on the right-hand side is known as an 
integral of Cauchy’s type. As in the previous section, we can differ- 
entiate with respect toz under the integral sign as many times as we 
please, and obtain formulae analogous to (32): 


ni w (2’) ; 
FO) (2) = = f aan dz’, (40) 
t 


i.e. F(z) is always a regular function inside the domain B, bounded 
by the closed contour J. We could, of course, have assumed that z lies 
outside the contour Z. In this case we should again have obtained the 
formula (40) together with the formula (39), i.e. formula (39) also 
defines a regular function for points z which lie outside the contour 1. If 
we assume that z lies on the contour l, the integral (39) becomes 
meaningless, since the integrand becomes infinite on the contour of 
integration. This brings us to the following result: the integral of 
Cauchy's type (39) determines two regular functions: one inside the 
contour l and the other outside the contour. 

Notice that these two regular functions will generally be different. 
To explain this circumstance consider the simplest case, viz. when the 
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“density” (z’) in the integral of Cauchy’s type is the same as the 
value on the contour of a function /(z), which is regular in the closed 
domain bounded by the contour l. Thus let w(z’) = f(z’) be a regular 
function in the closed domain bounded by the contour z. If z lies inside / 
then Cauchy’s formula (31) applies and the integral of Cauchy’s type 








i FEL dz (41) 
gives the function f(z) inside the contour. Let us now assume that z 
lies outside the contour / and examine the integrand in the integral 
(41) as a function of z’. Its numerator f(z’) is regular in and on J and 
its denominator z — z’ does not vanish in or on l since we have 
assumed that z lies outside 1. We can therefore apply Cauchy’s theorem 
and assert that the integral (41) is equal to zero provided z lies 
outside J, i.e. in this case the integral of Cauchy’s type (41) gives f(z) 
inside J and zero when z lies outside J. 

Let us now return to Cauchy’s formula (31). In this formula the 
“density” f(z’) in the integral of Cauchy’s type was the same as the 
values of the function f(z) itself on the contour J. In the general case of 
Cauchy’s integral (39) when œ(z’) is assumed to be an arbitrary continu- 
ous function on the contour J, this situation obviously no longer holds. 
In the case of formula (39) we have to distinguish two functions: the 
function /,(z) defined by the formula (39) inside / and the function f,(2) 
defined outside Z. If z tends to the point z’ on the contour / from inside, 
the question arises as to whether /,(z) will tend to a limit at all and if 
it does tend to a limit then what will be the connection between it and 
the values of w(z’). The same question can be asked with regard to the 
function f,(z) when z tends to z’ from outside the contour. In this chapter 
we shall not concern ourselves with this problem. By making certain 
additional assumptions with regard to the functions /,(z’) and f(z’) 
we find that they must have limit values, though the connection of these 
with w(z’) is relatively complicated. The difference between these limit 
values, or to be more precise, the difference between the limit values 
of f(z) and f,(z) when z tends to z’ along the normal to the curve I, 
will be exactly equal to w(z’). This is confirmed by the example of an 
integral of Cauchy’s type given by (41). Here the interior limit is 
f(z’) and the exterior limit zero. 

Integrals of Cauchy’s type are frequently used in the analytical 
representation of functions. Note that this representation is many- 
valued, i.e. to be more precise, one function can be represented by 
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different integrals of Cauchy’s type. Let us show this by the following 
example. Let Z be a closed contour which encircles the origin z = 0 
and let us define a regular function in / which is identically zero. This 
function can obviously be represented by an integral of Cauchy’s type 
(39) with a “‘densisy” w(z’)=0. We shall show that this function, i.e. 
zero, can be represented by an integral of Cauchy’s type with a 
“density” w(z’) = 1/z’. In fact consider the integral 

F= gren” (42) 

i 


and let us show that it is equal to zero whatever the position of z 
inside i (we recall that the origin also lies in 7). On decomposing the 
rational fraction into partial fractions we can write: 


1 1 1 
z’ (2 — 2) Tie oe z (z — z) 


and, consequently: 
d — ga |e tue] eae 
From the example in [6] we obtain: 
F(z) =—+4++=0. 


Hence the integral of Cauchy’s type (42) also gives zero in J. On 
adding this integral to another integral of Cauchy’s type (39) which 
yields a regular function F(z), we obtain another integral of Cauchy’s 
type, yielding the same function F(z). Thus we cannot conclude from 
the equality of two integrals of Cauchy’s type: 

1 fak gy 1 (o@) a (z inside 1) (43) 


2ni J 2’ —z Qa J z —z 
I i 











for any z inside /, are, that the “densities” of these integrals are the 
same. This will only be the case if we impose certain additional condi- 
tions on the densities. Thus, for example, the following theorem by 
Harnak applies: if œ,(z’) and w,(z’) are continuous real functions and 
l is the circumference of a circle, the equation (43) is equivalent 
to the identity ,(z’) = @,(z’). 

At the end of this chapter we shall consider the problem of the limit 
ing values of integrals of Cauchy’s type when the contour of the 
domain is approached. 
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9. Corollaries of Cauchy’s formula, Let f(z) be a continuous 
function which is regular in the closed domain B with the contour J, or 
let it be regular inside the domain and continuous in the closed domain. 
Consider the regular function [f(z)]", where n is a positive integer, and 
apply Cauchy’s formula to this function: 


Eid LEN gy 
ror = -z (EO a. 
i 
Let M be the maximum of the modulus | f(z’) | on the contour J and 
denote the minimum of the modulus | z’ — z | by ô, i.e. the shortest 
distance from the point z to the contour Z. 
Applying the usual inequality, we have: 
M"S 
[f(z 7 < -oni 
where J is the length of the contour /. The above inequality can be 
rewritten as follows: 


1 
Ol| < 4 (5 


When the positive integer n tends to infinity we obtain the following 
inequality at the limit 
If(z)|< 2, (44) 


i.e. if f(z) is a function which is regular in a domain and continuous in 
a closed domain, its maximum modulus is attained on the contour, i.e. 
the modulus at any interior point of the domain is not greater than 
its maximum modulus on the contour. 

It can be shown that the sign of equality in the formula (44) can 
only be obtained when f(z) is constant. The above property is usually 
known as the princi ple of the maxımum [or maximum modulus theorem]. 

Let us now consider a second corollary of Cauchy’s formula. The 
function e* and a polynomial in z are examples of functions which 
are regular in the whole plane. We shall show that the moduli of these 
functions cannot be bounded except in the trivial case of f(z) being 
constant. In other words the following theorem, generally known as 
Liouville’s theorem, applies: if f(z) is regular in the whole plane and 
ts bounded, i.e. a positive number N exists so that for every z 


FBI <N, (45) 


then f(z) is a constant. 
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We apply Cauchy’s formula to /’(z): 
fe) 


an | (z war d 





Owing to the fact that f(z) is ee in the whole plane we can take 
an arbitrary contour for the contour J which encircles the point z. 
We take a circle, centre at z and radius R for the contour / and enlarge 
it indefinitely. We then have: 

|7 —2|= 
and therefore: 
1 mlel 
If (2) | < pe p nR. 


Taking into account the inequality (45), we obtain the following 
result: 


If <= 


The left-hand side of this inequality is independent of R and the 
right-hand side tends to zero when R increases indefinitely. It there- 
fore follows that f(z) == 0 and that f(z) is a constant [6]. 

Take, for example, the function cos z. It follows from formula (1) 
that its modulus increases indefinitely when z tends to infinity along 
the imaginary axis. For, putting z = zy, we have 
ee, 


cos ty = 3 


10. Isolated singularities. Let us finally turn to a third corollary 
of Cauchy’s formula, viz. to a study of the singularities of a regular 
function. Assume that /(z) is a single-valued function which is regular 
in the neighbourhood of the point z = a but not at the point z =a 
itself. This singularity of the function is generally known as an isolated 
singularity. For example, for the function 


fa=s, 


the point z = 0 will be an isolated singularity. We shall now consider 
the possible types of isolated singularities. 

There can be three cases: (1) the modulus of the function f(z) remains 
bounded when the values of z are close to a; (2) the modulus of the 
function f(z) tends to infinity when z tends to a; (3) the modulus 
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| f(z) | does not remain bounded when z approaches a; the function, 
however, does not tend to infinity but oscillates. 

Let us consider the first case and show that in this event the point 
z =a is not a singularity of the function f(z). In other words if f(z) 
is single-valued and regular in the neighbourhood of z =a and if its 
modulus is bounded in this neighbourhood then it is also regular at 
the point z = a. In fact, encircle the point z = a by two circles with 
radii R and ọ respectively, centre at z =a, where ọ < R. If z lies in 
the annulus between these circles then according to Cauchy’s for- 
mula we have: 

a= fee + gs f Me. 
Cer Oce 

We shall show that the second term on the right-hand side tends 
to zero when ọ tends to zero. As in the proof of Cauchy’s formula it 
will follow from this that the second term is simply equal to zero. 
The condition the modulus of the function f(z) is bounded in the 
neighbourhood of z =a gives |f(z)| < N, where N is a positive 
number. 

We have: (2’ — 2) = (z’ — a) — (z — a); we replace the modulus 
of this difference by the smaller quantity: 

| (2’ — a) — (z — a)| > |z— a| — |7 —a|=|z—a|— e, 








where | 2’ — a | = g on C, We thus get the following inequality for 
the given term: 


1 ¢ /@) a, 2 N ee Ne. 
sar |S |< pa 2 ee ale 
Ce 





which shows that this term tends to zero when ọ — 0. Hence the above 
formula gives: 
Ha =ar E v, 


— Qui J z —z 
Ce 








i.e. for all values of z close to a the function f(z) is expressed by an 
integral of Cauchy’s type and therefore f(z) represents a function 
which is regular everywhere, including the point z= a. Strictly 
speaking, if f(z) is single-valued and regular near z = a and if also 
its modulus is bounded then f(z) tends to a definite finite limit, when 
z-> a; if we assume that f(a) is this limit then f(z) will be regular 
everywhere, including the point z = a. 

Let us now consider the second and third cases. The function 
1(z—a) is an example of the second case and singularities of this type 
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are known as poles, i.e. if f(z) is single-valued and regular near the point 
z = a and if it tends to infinity when z tends to a then the point a is a pole 
of the function f(z). 

We shall now give an example of a singularity of the third kind. 
We shall show, in particular, that the point z = 0 will be a singularity 


for the function 
1 


f(z) =e. (46) 


In fact, if z approaches zero from the positive direction then the 
function (46) tends to +œ, and when z approaches zero from the 
negative direction it tends to zero. Singularities of this type are known 
as essential singularities, i.e. the point z = a is an essential singularity 
of the function f(z) if the function is single-valued and regular in the 
neighbourhood of the point z = a, yet is not bounded in this neighbour- 
hood and does not tend to infinity when z— a. 

We shall now prove a theorem on the values of a function in the 
neighbourhood of an essential singularity. This theorem was first 
proved by Sokhotskii. 

THEOREM. If z =a is an essential singularity of f(z) then when z 
varies in an arbitrarily small circle, centre z = a, values of f(z) are 
obtained which can be as close as we please to any previously assigned 
complex number. 

The assertion of this theorem amounts to the following. Let y be an 
arbitrarily chosen complex number and let e be an arbitrarily chosen 
positive number. In this case there will be points z in an arbitrarily 
small circle, centre z = a, where | f(z) — y | < £. Let us use reductio 
ad absurdum. Assume that there is a positive number £ such that at all 
points of a circle C, centre at a, the following inequality holds: 
| f(z) — B | > m, where m is a positive number. Let us construct the 
new function: 


1 
P= FB 
This function is regular in the circle C and its modulus is bounded: 
1 1 
l@@l= TaT <a 


It therefore follows from the above proof that it is regular at the 
point z = a; moreover, when z — a the function ¢(z) tends to a finite 
limit. Thus 


1 
Gad oer 
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must also tend to a finite limit when z —> a provided the limit of 
g(2) is not zero; or it will tend to infinity when the limit of ¢(z) vanishes; 
both these possibilities, however, contradict the definition of an essen- 
tial singularity. 

We can prove a more accurate theorem, viz: 

PicaRD’s THEOREM: If z =a is an essential singularity of f(z) then 
in any small circle, centre at a, f(z) assumes an infinite number of times 
every complex value with the possible exception of one. 

The proof of this theorem is vastly more complicated than the 
proof of the previous theorem and we shall not attempt to give it 
here. We shall only test this theorem for the function (46) which has 
an essential singularity at the point z = 0. 

Take any complex number a, other than zero, and write the equation 


NIH 


ež =a. (46,) 


Remembering the rules for taking the logarithms of complex 
numbers we obtain the roots of the equation (46,): 


1 
*= foglal-+i(p F Zin)’ 


where is the amplitude of a within the interval (0,2) and k is 
an arbitrary integer. By taking its absolute value as large as we 
please, we obtain zeros of the equation (46,) as close to zero as 
we please. Thus the function (46) assumes an infinite number of times 
any previously assigned number, except zero, in any circle, which 
can be as small as we please, centre the origin. It can be shown that 
the function sin 1/z assumes an infinite number of times every value 
without exception in a circle with the centre at the origin. 

Poles and essential singularities are isolated singularities i.e. the 
function is regular in the neighbourhood of these points. In future 
when examining many-valued functions we shall deal with yet another 
type of isolated singularitiy, viz. with branch points. 


ll. Infinite series with complex terms. Having explained some 
fundamental points connected with the concept of the integral we 
shall now examine infinite series with complex terms. Consider the 
infinite series with complex terms: 


(a, + ibi) + (a, + iba) +... +(a, + ibd +... (47) 
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This series is said to be convergent when the sum of its first n terms 
Sn = (a, +a, +H... +H an) +7(b, +5,+...+5,) (48) 


tends to a finite limit as n increases indefinitely. It follows from 
this definition that the series (47) will only converge when the series 
of real terms converges 


a,+a,+... and b +b, +... (49) 


These series consist of the real and imaginary parts of the terms of 
the series (47). If we denote by A and B the sums of the series (49) then 
the finite sum of (48) will evidently tend to the limit A + iB which 
represents the sum of the series (47). 

Let us now explain the concept of absolute convergence of the 
series (47). On replacing every term in the series (47) by its modulus 
we obtain a series with positive terms: 


Va +b + V+ +... (50) 


We can show that if this series converges then the initial series 
(47) will also converge. In fact, from the evident inequality: 


Vaz + b3 >|a,| and |d,| 
we can see [I, 120 and 124] that the convergence of the series (50) 
implies the convergence (even absolute) of the series (49), and hence 
the convergence of the series (47). 

If the series (50) converges then the convergent series (47) is said to be 
absolutely convergent. Such absolutely convergent series have proper- 
ties analogous to those of absolutely convergent series with real terms. 

If the series (47) is absolutely convergent then, as we have just 
seen, tho series (49) will also be absolutely convergent and their 
sums are independent of the order of terms [I, 137]. Therefore we can 
say the same about the sum of the series (47). 

Similarly, using arguments analogous to those in [I, 138], we 
can prove a theorem on the multiplication of absolutely convergent 
series. In fact, if we have two absolutely convergent series of complex 
terms 


S=a +a, +... andT=f,+4,4+..., 


then the series 


abı + (2,8, + a1) + (4,83 + O28. + a3b1) +... 


will also be absolutely convergent and its sum will be equal to ST, 
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We shall not prove this theorem in detail. Cauchy’s test for the exis- 
tence of a limit applies for a complex variable and, as in the case 
of a real variable, gives the necessary and sufficient condition: for the 
convergence of a series of complex terms: the necessary and sufficient 
condition for the series (47) to be convergent is that for any given posi- 
tive c a positive N exists such that 
n+p 


D (+i) 


k=ntl 


<E, 








provided n > N, where p is an arbitrary positive integer. 
Let us now examine a series with variable terms, i.e. a series the 
terms of which contain the variable z: 


Uy (2) + u (2) +- (51) 


If this series converges for all values of z in a domain B (on a curve /) 
then it is said -that the series (51) converges in the domain B (on the 
curve l). 

Let us now introduce the concept of uniform convergence as 
we did for the real variable [I, 143]. The series (51) is said to be 
uniformly convergent in the domain B (on the curvel) if for any assigned 
positive € a positive N exists, which is one and the same for all values 
of z in the domain B (on l), such that 


n+p 


> %&(2) 


k=n+1 


<E, (52) 








provided n> N and p is an arbitrary positive integer. Uniformly 
convergent series of a complex variable have the same properties 
as uniformly convergent series of a real variable [I, 146]. We shall 
give two fundamental properties which can be proved in exactly the 
same way as in the case of a real variable. 

If the terms of the series (51) are continuous functions of z in the 
domain B (on the curve /) and the series is uniformly convergent in 
this domain (on the curve /) the sum of the series will also be a con- 
tinuous function. 

H the series (51), which consists of continuous functions, converges 
uniformly on a curve l, it can be integrated term by term along this 
curve. 

Let us finally indicate a sufficient condition for the absolute and 
uniform convergence of the series (51), which is exactly analogous 
to that for the real variable [I, 147]. If for all values of z in the 
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domain B (on the curve l) the terms of the series (51) are bounded: 
| ttr (2) | < me (k=1, 2,...), 


where m, are positive numbers which form a convergent series, then 
the series (51) is absolutely and uniformly convergent in the domain B 
(on the curve l). 

Let us draw attention to one further circumstance which follows 
directly from the above viz. if the series (51) is uniformly con- 
vergent on the curve / and we multiply all its terms by a certain 
function v(z), the modulus of which is bounded on the curve, e.g. is 
continuous, the new series will also be uniformly convergent. 
In fact, as a result of this multiplication we obtain instead of the series 
(51) the following series: 


u (2) v(z) + ua (z)o(z)+..., 


where | v(z) | < N. It follows from the inequality (52) that we have 
for the new series: 


n+p 


S Uy (2) o (2)| =|0(z)|] © wr(2)| <Ne, 
kind k=n+1 











from which follows the uniform convergence of this series, since N 
is a definite positive number and e is as small as we please when n 
is large. 

Having explained the elementary concepts concerning series 
with complex terms we shall now prove a fundamental theorem for 
series, the terms of which are regular functions of z. 


12. The Weierstrass theorem. Jf the terms of the series (51) are 
regular functions in a closed domain B with the contour | and if this 
series converges uniformly on the contour | then it converges uniformly 
in the whole closed domain B, its sum is a regular function in the 
domain Band each term of this series can be differentiated as many 
times as we please. 

Denote by 2’ a variable point on the curve l. It is given that 
the series 


Uy (Z) + ug (z) +... (53) 


is uniformly convergent and we therefore have the following inequality: 


<e (forn>WM and any p> 0). 





ke 
> uz) 
k=n 
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The above finite sum of regular functions is also a regular function 
in the closed domain B and therefore, in accordance with the prin- 
ciple of the maximum, the above inequality implies the same inequ- 
ality for the whole domain [9]: 


n+p 


> % (2) 
kzn 


from which it follows that the series (51) is uniformly convergent 
in the whole closed domain. 

Denoting the sum of the series (53) by p(z’) (a continuous function 
on 1), we multiply all the terms of the series by 


Dieil 
2m (2’— 2)’ 


<e (for n>N and any p>0), 








where z is an interior point of the domain B: 


1 ọọ) ___1l1 He’) 
2mi (z°’—z) 2ni (z’—2) 


Uz (2) 
2ni (2’—2) 














+ EO 





This series will also converge uniformly on the contour l and by 
integrating it term by term round this contour we obtain: 
1 PE?) a= a Wie) ag: ok [eee jiu 


Qn J z —z 2zi J 2’ —z 2ni J z —z 
i I l 











But we have Cauchy’s formula for regular functions of the type 
u,(z) and therefore the latter formula can be rewritten in the form: 








1 

Oni [ZE dz’ = u, (2) + u, (2) +... 
7 

This shows that the sum of the series (51) can be represented by 

an integral of Cauchy’s type in the domain Band that it is a regular 


function. Denote this sum by 9(z): 





Sue =(2 ae | eon (54) 


Note that owing to the uniform convergence of the series (51) 
throughout the closed domain B, which we proved above, 9(z) is con- 
tinuous in the closed domain B and formula (54) is simply Cauchy’s 
formula for the function gz). 

It only remains to be shown that the series (51) can be differentiated 
term by term as many times as we please. To do this we multiply (51) by 
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the factor 
mi 1 


Qni (z — zmt 


where m is a positive integer, and integrate round l: 





ml g (2’) ʻ— m u (2’) 7 ml Up (2’) 
2ni | (2 —zymt ‘Oni ye 2ymtt 2ni J (z —z)”+1 


d7 +... 


It follows from Cauchy’s formula and from formula (54) that the 
latter expression can be rewritten in the form: 


p™ (z) = uf™® (2) + ugh (2) + ..., (55) 


which shows that the series can be differentiated m times, term by term, 
inside the domain. In the next section we shall apply this theorem 
to a particular type of series, with which we shall deal almost exclu- 
sively in future viz. to power series. 
Note 1. By using the usual inequ- 
f ality for integrals it is easy to show 
that the series (55) which iscomposed from 
derivatives, is uniformly convergent in 
any domain B, which, together with tts 
contour, lies in B. We can construct 
the usual expression for the series (55) 


S ujm (z). 


k=n 





Fic. 7 


By using the Cauchy form of the derivative we obtain 


n+p 1 n+p 
m) = m 
= uf (2) Rai, z — T. 2 Uy (2 


Let ô be the shortest distance from the contour } of the domain B, 
to the contour Z (Fig. 7). Applying the usual inequality to the above 
integral we obtain: 


n+p (m ( yl< miS n+p 
u z -max Uy (2 
= eno ont 2 














where S is the length of the contour l. Owing to the uniform con- 
vergence of the series (53), the last factor on the right-hand side will 
be as small as we please when 7 is large and this gives the condition 
for the uniform convergence of the series (55). It is also easy to show 
that when B is a simply-connected domain, the series obtained by term- 
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by-term integration: 


z z 

f u (z) dz’ + f w (2')dz’+..., 

a a 

where a is a point in B, will converge uniformly in B [c.f. I, 146]. 

The terms of this series are regular single-valued functionsin B [6]. 
Note 2. The Weierstrass theorem could have been formulated by using 

sequences of functions instead of series [I, 144]: if we have a sequence 

of functions s,(z) (k = 1, 2, ...), which are regular in the closed 

domain B with the contour 1, and if the sequence tends uniformly to a 

limit on the contour Z, it will tend uniformly to a limit in the whole 

of the closed domain B; the limiting function s(z) will be regular in B 

and for every positive integer m we have in B: 


lim s&™ (z) = s™ (2). 
k— æ 


13. Power series. A power series is a series of the type 
ay +a (z — 6) + a, (z—b)?+..., (56) 


where a, and b are given numbers. Let us consider, first of all, the 

region of convergence of the series (56). We 

shall prove the following theorem: Zo 
ABEL’S THEOREM. If the series (56) con- 

verges at a point z = Zo then it will converge 

absolutely at every point z which lies nearer 

to b than 2, i.e. 


Jz—d]<|%—8l, 


and tt will converge uniformly in any circle, cen- 
treat b and radius 0 smaller than |z,— b |, i.e. Fie. 8 
smaller than the distance from z, to b (Fig. 8). 
It follows from the condition of this theorem that the series 


Gy + a, (Zo — b) + a, (2, — 8)? +... 


converges and, consequently its general term tends to zero when the 
number of the term increases indefinitely. We can therefore assert 
that a positive number N exists such that for every k: 


[ar (2 — b| < N. (57) 
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Consider now a circle C, centre at b and radius ọ smaller than 
|Zzə— b|, so that this radius can be denoted by e < @|z, — Bl, 
where 0 < 0 < 1. We have for every z in this circle C,: 


jz—6b| <6|z,—b|. (58) 


We consider the upper bounds of the terms of the series (56) in 
the circle C,. From (57) and (58) we can write: 


z—b |k 
Z—b 


| a, (z — b)" | = | ay (Zo — b)“ | < NOK, 





from which it follows that in the circle Cy the terms of the series 
(56) have moduli less than a decreasing geometric progression com- 
posed of positive numbers, i.e. the series (56) converges absolutely and 
uniformly in the circle C,. It is obvious that every point z which 
lies nearer to b than z, can be considered as belonging to a circle 
C, and, consequently, it follows from the above, that at every such 
point the series (56) converges absolutely. Abel’s theorem is thus 
fully proved. We will now discuss some corollaries of this theorem. 

COROLLARY 1. If the series (56) diverges at a point z = z, then it will 
obviously also diverge at every other point which is further removed 
from b than 2,. For, if the series converges at this latter point then, 
as a result of Abel’s theorem, it must also converge at the point 2. 
We can therefore say that the following applies to the series (56): 
the convergence of the series at a certain point implies its absolute 
convergence in the circle which passes through this point and has its 
centre at b; and the divergence of the series at a certain point implies 
its divergence outside the circle which passes through this point and has 
its centre at b. It follows that for every series of the type (56) a positive 
number œ exists such that the series (56) converges absolutely when 
|z—b|< R and diverges when |z—6|> R, while in any circle 
with a radius smaller than R, ie. when |z — b| < @R(0< 06 < 1), 
the series (56) is convergent uniformly. This number R is known as 
the radius of convergence of the series (56) and the circle |z—b|< R 
as the circle of convergence of the series (compare with analogous 
results obtained for a real variable) [I, 148]. 

Note that the above arguments do not provide conditions for the 
uniform convergence of the series (56) in the whole circle of con- 
vergence but only in a concentric circle drawn with a smaller radius. 
We express this fact by simply saying that the series (56) converges 
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uniformly inside its circle of convergence. In general we shall say that a 
series is uniformly convergent in adomain if it converges uniformly in any 
closed domain which, together with its contour, lies inside the given 
domain. 

Note another important point in connection with the above 
results. The radius of convergence R can, in certain cases, be infinite. 
In that case the series (56) will converge absolutely at every point 
in the plane, and it will converge uniformly in a circle drawn with 
any finite radius. Note also the second extreme case, viz. when R = 0. 
In this case the series (56) diverges at every point except at the point 
z = b. At this point the series will reduce to its first term. In future 
we shall not deal with power series for which R = 0. 

COROLLARY 2. The series (56) converges uniformly in its circle of 
convergence and, consequently, the Weierstrass theorem applies to it, 
i.e. the sum of the series (56) in the circle of convergence is a regular 
function of z and of the series can be differentiated term by term as 
many times as we please. By virtue of being a uniformly convergent 
series it can also be integrated term by term. Furthermore, as a result 
of their absolute convergence, power series can be multiplied term by 
term like polynomials. 

It follows from what has been said above that term-by-term differ- 
entiation and integration of the series (56) will not affect the con- 
vergence ïn the circle of convergence, i.e. the series: 


a, + 2a, (z — b) + 8a,(z — b)2+...; (59) 
az — b) + Se (z—b)? +... (59,) 


have radii of convergence which are not less than that of the series 
(56). It is easy to see that the radius of convergence of series (59) 
cannot be greater than the radius of convergence of the series (56). 

For, suppose that the radius of convergence ọ of the series (59,) 
is greater than R, i.e. ọ > R. In view of what has just been said, 
we do not decrease the radius of convergence on differentiating this 
series and we return to the series (56); hence 9 < R, which contra- 
dicts @ > R. We can thus maintain that term-by-term differentiation 
and integration of the series (56) do not alter its radius of convergence. 

Note in conclusion that nothing has been said above about the 
convergence of the series (56) on the circumference |z — b | = R of 
its circle of convergence. We shall consider this problem later. 
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14. Taylor’s series. We saw above that the sum of the series (56) 
is a regular function in the circle of convergence of this series. We shaJ] 
now prove the converse proposition: any function f(z) which is regular 
in a circle|z—b| <R, centre at b, can be represented in this circle by a 
power series of the form (56) and this representation is unique. 

Take a fixed point z in the circle 
|z—6b|< R. Draw a circle Cr, centre at b 
and radius R, which is smaller than R, that 
z lies in Cr, (Fig. 9). We can express f(z) by 
Cauchy’s formula, by integrating round Cp,: 





fe) =a | fa. (60) 
Cr, 
In Cpr, we have | z’ — b | = R, and, on the 
Fia. 9 other hand, |z — b] < R, since z lies in 


Cr, Using the formula which gives the 
sum of the terms of an infinitely decreasing geometric progression, 
we can write: 


1.2 =, (z—b)* 
z —z z —ob z 5A “(2 bt”? (61) 





where we have the following expression for the moduli of the terms 
of this series: 








-bf | 1, _|z—b 
wwe e=) 





and it follows from the above that 0 < q < 1. Hence the infinite 
series (61) converges uniformly with respect to 2’ in Cr,. Multiplying 
both sides by 


Sai ama | (z) 


and integrating term by term round to Cp, we obtain from (60): 


f2) a gi oni ae (z Aer dz’ 


or 


= yale — by, (62) 
k=0 
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where, by Cauchy’s formula [7]: 


ete Ee. Iæ) ,_ f(b) 
=n | wa peer a2 = a, (621) 
Ry 








ie. the value of f(z) at an arbitrary point in the circle |z—b| < R, 
where f(z) is regular, is represented by the Taylor series: 


f(z) = (6) + = Lo =b) re) (2— b)+... (63) 


We can show that the representation of f(z) by a power series is 
unique. Assume that f(z) can be represented in a circle, centre at b, 
by a series of the type (62). We will show that the coefficients a, 
are uniquely determined viz. they must be Taylor’s coefficients. In 
fact, assuming in (62) that z = b, we obtain a, = f(b). Differentiating 
the power series (62): 


F (2) = Shay (z — b}. 
k=l 


On again putting z = b we obtain a, = f’(b). Proceeding in this way, 
we obtain in general: 
_ 
k=- ’ 

and formula (62) must be the same as Taylor’s series (63). Hence 
if we could obtain in two different ways expansions of one and the 
same function into power series in positive integral powers of (z — b) 
the coefficients of the same powers of (z — b) must be the same in 
both expansions. 

The above arguments show that Taylor’s series (63) for the function 
f(z) converges in a circle, centre at b, in which f(z) is regular; in this 
circle the sum of the Taylor’s series is equal to f(z). 

Upper bounds for the coefficients in Taylor’s series follow directly 
from the above expression. Let R be the radius of convergence of 
the series (62). In formula (62,) we take a circle, centre at b and radius 
(R— e), for Or, where e is a small fixed positive number. On this 
cirele our function f(z) is regular, its modulus does not exceed a 
positive number M and, evidently, | z’ —b| = (R — e). The usual 
upper bound for the integral gives: 


M 
la < Rae 





(64) 


é can be taken as close to zero as we please though the value of 
M evidently depends on the choice of e. 
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Let us apply the Weierstrass theorem which we proved in [12] to 
the case of a power series. Assume that we are given regular functions 
in a circle Cp, centre at b: 


ur (2) = a + af (z — b) + af (z — b) +... 
and assume that the series 


Sule) 
k=1 


converges uniformly in this circle. In this case, in accordance with 
the Weierstrass theorem, its sum is also a regular function in this 
circle and it can therefore be represented by a power series: 


Š aP af (2 — 6) +0 b= 
k=1 


=d,+a,(z—5b)+a4,(z—b)? +... 


In accordance with the Weierstrass theorem we can differentiate 
this series term by term as many times as we please. Differentiating 
and putting z = b, we obtain the following expression for the sum of 
the coefficients of this series: 


a= da; a= Sa; a= Saf,..., 
k=) k=l k=l 
i.e. given the above assumptions, we can add these infinite series like 
ordinary polynomials. 


15. Laurent’s series. It is not difficult to obtain results similar to 
the above for power series of a more general type: 


... + aa (z — b)-2 + a, (z — b)! + ao + 
+a (z— b)+ a,(z2—5)?+..., (65) 


which contain negative as well as positive integral powers of (z — b). 
The series (65) is usually known as Laurent’s series. We shall first of 
all determine its domain of convergence. The series (65) consists of 
two series: 

@ + @ (z — b) +a (z — b)+... (66,) 


and 





2 5 rae Ts oes (66,) 
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and we have to find the domain in which these two series converge. 
This will be the domain of convergence of the series (65). The series 
(66,) is the usual power series of the type we considered above and 
its domain of convergence is a circle, centre at b. Let this circle be 
jz—b| < B. To analyse the series (66,) we replace z by a new 
variable z’ in accordance with the formula z’ = (z—b)-!. This trans- 
forms the series (66,) into the usual power series of the type: 


a_z? +a_,2%+... 


Its domain of convergence in the 2’-plane is a circle, centre the 
origin (zero takes the place of b). Denote the radius of this circle 
by 1/R,, so that the domain of convergence of this latter series will 
be | 2’| < 1/R, or 1/| 2’| > R, Returning to the former variable z, 
we obtain the domain of convergence in the form |z — b| > R. 
Thus the domain of convergence of the complete series (65) is given 
by two inequalities: 

jz—B)< Ry; \z—d|>R,. (67) 


The first inequality defines the interior of the circle, centre at 
band radius F, and this is the domain of convergence of the series 
(66,). The second inequality (67) defines the part of the plane outside 
the circle with centre at b and radius ÈR, and this is the domain of 
convergence of the series (66,). When Æ, < R, the inequalities (67) 
do not define a domain When R, > R, the inequalities (67) define 
a circular annulus 


R,<|z—b|< R, (68) 


bounded by two concentric circles, centre at b and radii R, and R, 
respectively. Hence the domain of convergence of a series of the type 
(65) is the circular annulus (68). 

Above we split the series (65) into two power series; it follows 
from the theory of power series that the series (65) converges absolutely 
and uniformly in its annulus of convergence, the sum of the series 
is a regular function and the series can be differentiated term by 
term. Note that in the inequality (68) which defines the dimensions 
of the annulus, the inner radius R, can vanish and in that event the 
series (65) will converge for all z sufficiently close to b. Similarly 
the outside radius R, can become infinite, in which case the series 
(65) will converge for all values of z which satisfy the condition 
|z—b|> R. If the annulus is defined by the inequality 
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0<|z—6|< œ then the series (65) will converge in the whole 
2-plane except at the point z = b. 

Note also that that part of Laurent’s series (65) which contains 
positive powers of (z — b) converges not only in the annulus (68) but 
also everywhere in the outer circle, i.e. where |z — b| < R; the 
part of the series which contains negative powers of (z — b) converges 
everywhere outside the inner circle, i.e. where | z — b | > R, If, for ex- 
ample, the series contains a finite number of 
terms with negative powers, the condition 
R, = 0 applies, and if it contains a finite 
number of terms with positive powers of 
(z— b), then the condition R, =œ applies. 
We must emphasize once again the fact 
that we are only considering Laurent’s se- 
ries for which R, < E, since otherwise the 
series has no domain of convergence. 

The converse may be proved in the same 
way as for power series, viz. if f(z) is regular 
in the annulus (68), it can be represented by a Laurent’s series in this 
annulus and this representation is unique. 

If we slightly compress the outer circumference of the annulus and 
slightly enlarge the inner circumference, f(z) will also be regular on 
both contours of the annulus. Denote these contours by Cr, and Cr,- 
Applying Cauchy’s formula to an arbitrary point z in this annulus 
(Fig. 10), we obtain: 


osf a 


Ca, Cr 











ETE. Bikes 
fd + oe f fae’. (69) 


z —z 


When integrating round the circle Cr, we have 


z—b 
z —b [<1 





and in the same way as in the proof of Taylor’s theorem we can 
represent the fraction in the integrand by a series which converges 
uniformly on the circle Cp: 


1 ws @e—bÉ 
z —z ee 3 











Multiplying by 
1 ' 
ete’) (70) 
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and integrating round Cp, we obtain for the first term on the right- 
hand side of the formula (69) a representation as a power series in 
positive powers of (z — b): 


z | LE de! = m +a, (2 — b) +0, (2 — b)? +..., 
oon 





where 





= 1 H(z’) , 
ak — Im f e = bert dz . 
On, 


We have on the contrary, on integrating round Ca,: 


z —b 








Ajay 
and instead of the above fraction we must write another expansion, 
uniformly convergent on the circle Ca,: 


Do 1 1 = =æ (z’— bÝ 
— pkt’ 
Ae b) 








whence again multiplying by the factor (70), we get an expression for 
the second term on the right-hand side of the formula (69) in the form 
of a power series in negative integral powers of (z — b): 





z f2 fe) zdz’ = a_,(z— b)! + a_,(z— by? +... 
Cr 
where 





a_k = — 


Sa -f (z — byk- ita 


Nën 


Combining both terms we obtain an expression for the function 
/(z) in the annulus in the form of Laurent’s series: 


+o 
fz) = Y az — by. (71) 

ki 
It remains to be shown that this representation is unique. For this 
purpose we shall show, in the same way as for Taylor's series, 
that the formula (71) gives well-defined expressions for the coeffi- 
cients of the expansion ap. Let 1 be a closed contour in the 
annulus (68) which encircles 6. On this contour the series (71) con- 
verges uniformly. We select an integer m, multiply both sides of the 
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equation (71) by (z — b)-™-! and integrate round / in the counter- 
clockwise direction: 


f (2 — b)-™-1 f(z) dz = 5 ak f (z — b)k-m—1 dz. 
: i 


We know from [6] that all the integrals on the right-hand side will 
be equal to zero except one which contains (z — b)-1, the inte- 
grand of. This integral will be obtained in the term corresponding to 
k =m, and will be equal, as we know, to 2ai. Hence the above 
formula gives: 

f@- b) f(z) dz = 2xia, 
i 
whence well defined expressions for the coefficients are obtained: 


Om = saz | (2 — b)" fe) dz (m=0, +1, +2,...). (72) 
l 


16. Examples. Applying the expansion into Taylor’s series to the 
elementary transcendental functions, we obtain expansions into power 
series which are familiar from the differential calculus; these series will 
also hold when the independent variable assumes complex values. 

Example 1. For the function f(z) = e” we evidently have f(z) = e’, 
and consequently, (0) = 1. Formula (63), when b= 0, gives 
(McLaurin’s series): 


ea14t4Z4... (73) 


Our function eř is regular in the whole plane and, consequently, 
the expansion (73) holds in the whole plane. 
Similarly we can obtain expansions for the trigonometric functions 
which also hold in the whole plane: 
: z z3 z5 
snz Sp ak pp (74) 


z 4 
cosz = 1 — -z + 


as (75) 


2. The formula for a geometric progression 
1 
Toe = 1 tet +... 


serves as an example of a series with a circle of convergence |z | < 1. 
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We replace z by (—z) in this series and integrate between the 
limits 0 and 2: 


2 a 
a= |14... (76) 
0 

We thus obtain a new power series with the same circle of con- 
vergence |z| < 1. When z assumes real values its sum, as we know 
from [I, 132], is equal to log (1 + z). We will show that the same 
thing applies to all complex values of z in the circle |z| <1, i.e. 

strictly speaking, we will show that the sum of our series 


z 





d 
a= fi (17) 
ô 
satisfies the equation 
er — J] +z. (78) 


We take the function e°® = f(z) which is regular in the circle 
|z|< 1 and write its expansion into a McLaurin’s series. To do 
so we have to find the derivatives of this function. Taking into 
account that (z) = 1/(1 + z), we evidently have: 
1 





f' (2) = 0%. = (79) 
and furthermore 
n 1 1 
f (2) = er). War — ev) aa =, 


ie. f(z) = 0 when n > 2. It also follows from the formulae (77) 
and (79) that /(0) = e° = 1 and f’(0) = 1. Thus the expansion of f(z) 
into McLaurin’s series does, in fact, give us: 


fz) =eO =1+2. 

We can thus see that the sum of the series (76) is one of the possible 
values of log (1 + z). This latter function is many-valued, but the 
power series (76) singles out a single-valued branch which is regular 
in the circle |z| < 1: 


log +2) = 4-442... (80) 


Values of the logarithm as given by this formula are sometimes known 
as the principal values of the logarithm. The circumference of our circle 
of convergence passes through the singular point z= —1 which belongs 
to the function log (1 + z). The character of this singularity will be 
explained later. 
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3. Consider the function (1 + z)”. Whenm is a positive integer 
its expansion in integral positive powers ofz is given by the usual 
Newton’s binomial formula. When m is a negative integer the func- 
tion will have a pole at the point z = —1; on evaluating successively 
its derivatives and constructing McLaurin’s series, we obtain an exp. 
ansion in the circle |z] < 1 [I, 131]: 





(1+ 2)™=14+— 24 min) z2 + o e B+.. 


(81) 

When m is not an integer, our function will be many-valued. For 
example, when m=1/2 we have 1+-z. In general, for an arbitrary 
value of the constant m we can write our function in the form [I, 176]: 


(l+2)"= emlogatz) (82) 


and this function will be many-valued since the function log (1 + 2) 
is many-valued. Replace log (1 +2) by the value given by the 
equation (80). In this case the function (82) will be a single-valued 
function which is regular in the circle | z | < 1. Evaluating successively 
the derivatives of the function (82), we have from (77): 


[(1 + 2)™]’ = em toett2), Te = meN 60+2)— m(1 +2)"-1, 
LA + 2)")" = m(m — 1) ef) 80+2) — m(m — 1) (1 + 2)? 
and in general: 
((1 + z)™] = m(m — 1) .... (m — k + 1) 4 beat») — 
= mm —1)...(m—k+1)(1+2)"-*, 
where log (1 + z) is defined by the series (80). Note that the series 


(80) gives that value of log(1-+ z) which vanishes when z = 0. 
Thus formula (82) and the subsequent formulae give: 


(1 +2)” lz=0 =1; [1 +2" l0 =m 
and 


[1 + 2)]® l-o = mm — 1)... (m— k+ 1). 


This shows that for our function (82) McLaurin’s series coincides 
with the series (81), i.e. formula (81) gives a regular single-valued 
value for the function (82) in the circle |z| < 1 for an arbitrary 
index m. In future we shall call formula (81) Newton’s binomial 
formula. 
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4. Replacing z by (—z*) in the formula for a progression, we obtain 
the expansion, valid in the circle |z| < 1: 


1 


ipa = PS oss 


On integrating between the limits 0 and z we obtain a new expan- 
sion, which also holds in the same circle: 


23 z5 


z 
dz z 
eee ate oa 
0 


We shall see later that the sum of the above series gives one of 
the possible values of arc tan z, and formula (83) thus defines one 
branch of a many-valued function in the circle |z| < 1, namely a 
branch which is regular and single-valued in the given circle. 

The expansion for one of the branches of the many-valued function 
arc sin z in the same circle can be obtained similarly: 


z 
dz z 1 23 1-3 28 

|qeS ete stra et () 

0 


A 


5. Consider the function 


1 
f2) = z(z — l) (z — 2) ` 


The poles z = 0, z = 1, z = 2, are singularities of this function but otherwise 
it is single-valued and regular in the whole plane. Consider three circular 
annuli, centre the origin: 


(K) 0<j|z|<1l; (K) 1<ļ|z] <2; (K) 2<ļ|z] <+. 


In each one of these our function can be expanded into a Laurent’s series 
in integral powers of z. For example, on decomposing f(z) into partial frac- 
tions in the annulus K., we have: 


worthy dgty. 


z—-—1 


whence, since 1 < |z| < 2, we have in the annulus: 





| ne EE SE eae 
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and finally, in the annulus K, we have: 


Similarly, in the annulus K,, where | z | > 2, we have an expansion in nega- 
tive powers of z only: 


1 Sire od 1 


l 
Eee z—-2 2 2 = 2 er 
k=0 rage a 











or 
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Our function will also be regular, for example, in an annulus, centre at 
z = l, inner radius R, = 0 and outer radius R, = 1. In this annulus it can 
easily be represented by a Laurent’s series in integral powers of (z — 1). 

6. Consider the quotient of two power series: 


ba 0,2 +b? +... 8 
Q@,+4,z+ az +... (85) 


Let the radii of convergence of both series be not less than a positive 
number g. Assume also that the constant term a, of the series which appears 
in the denominator does not vanish. In that case the function in the denominator 
will not vanish at the origin or in some circle with centre at the origin. Assume 
that it is regular and not equal to zero in the circle |z| < e, We can 
assert that the fraction (85) will be regular in a circle, centre the origin, the 
radius of which is equal to the lesser of the two numbers ọ and ọ, (or, per- 
haps, even in a larger circle). In this circle we have an expansion of the 
function into a power series: 


ba + biz +b:2 +... 
a, + 2,2 + 4,27 +... 


To evaluate the coefficients c, we multiply the quotient by the divisor and 
obtain the product in the form of a power series: 


Qo Co + (41 Co + 20 C1) Z F (Ge Co + Gi 6, + yee) 27+... = bth z+hz+... 


The product obtained must coincide with the dividend and by virtue of 
the uniqueness of the expansion into a power series, we can simply equate 
the coefficients of like powers of z. This gives a series of equations for the coeffi- 
cients cy of the quotient: 


=Cotez+e,z7+... 


Ay ly = bd, 
a1 Co +a, % =b, (86) 

ag Co + ai C1 F Gg Ce = b 
The coefficients c, can be evaluated successively from the above formulee. 
The first (n + 1) equations (86) can be treated as a system of (n + 1) equations 
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in the unknowns ĉo, Cr, .--, Cn: On solving them with the aid of Cramer’s for- 
mula we can write an expression for the coefficient c, in the form of a quotient 
of two determinants: 





Qy 0, 0, , 0, by 
Qp a, Q, ,0, b 
üp Qp ay , 0, b: 
an- n-z n-p t-s Aq Ont 
am Anat n- +++) Op by 
Cn = : (87) 
a, 9, 0, «..., 0, O 
a, a, Q, sia, 0; 20 
aa, Qis ay > 0, 0 
Anup Apa Ang +++) Ay O 
am Anat» On-» +++) A, A 





On applying these arguments to the expansion 


z z3 
sinz 1! 3! 
cos z 22 


l-z te 


Fiss 


tanz = 








wo obtain a power series for tan z in the circle |z | <x2, since, as we shall 
see later, the function cosz has only the real roots which are familiar from 
trigonometry. 


17. Isolated singularities. Point at infinity. Assume that the function 
f(z) is single-valued and regular in the neighbourhood of the point 
z= b, but not at the point z = b itself. It will thus be regular in an 
annulus, centre at b and inner radius zero, and it can expanded 
in this annulus, i.e. in the neighbourhood of the point b, into a Laurent’s 
series in integral powers of (z— b). In this case there are three 
possibilities: (1) the series does not contain terms with negative powers 
of (z — b), (2) the series contains a finite number of terms with negative 
powers of (z — b) and (3) the series contains an infinite number of 
terms with negative powers of (z — b). 

In the first case the series which gives the function f(z) and does 
not contain negative powers of (z — b) is simply Taylor’s series and 
our function will in fact be regular at the point z = b. Let us consider 
the second case, when the series has the form: 


f= 5 a(z- b, (88) 


k=—m 
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where the coefficient a_, does not vanish. Formula (88) can be 
rewritten in the form: 


1 
f(z) = uo" 


When z tends to b the factor outside the square bracket tends to 
infinity and the square bracket tends to the limit &-m, which is 
finite and non-zero (the sum of a power series is a continuous func- 
tion); therefore the product tends to infinity. Thus in the second case, 
in accordance with our earlier terminology [10], the point b is a pole 
of the function f(z). Let us introduce a new terminology which is in 
general use, viz. in the expansion (88) the point b is known as a 
pole of order m; the sum of terms in negative powers 


[am + Bm4, (Z — b) + -m42 (2 — 0)? +...]. 





a- -m+ 
daig aa a 
is known as the infinite part corresponding to this pole. The coefficient 
of (z — b)-}, viz. a_, has a special name, viz. it is known as the residue 
of the function f(z) at the pole b. 

We will now show that an expansion of the form (88) always holds 
when 6 is a pole of the function. Thus, let f(z) be single-valued and 
regular in the neighbourhood of b and let it tend to infinity when 
z —> b. We will show that an expansion of the form (88) holds. Consider 
the function 


glz) = zy ar 


It is regular in the neighbourhood of the point b and tends to zero 
when z—> b. Consequently p(z) is also regular at the point b [10], 
where it vanishes. Let us write its expansion into a Taylor’s series. 
In this expansion the constant term will certainly be absent. Assume 
that the first term of this expansion, which is not zero, contains 
(z — b)™, i.e. 


p(z) = b,,(z — b)" + by 4, (2 — D) H ... (bm #0). 
From above we have the following formula for f(z): 


Hi a a pet cin Bh re 
= 9@) ~~ @— 0)" Ont bane) + 


The denominator of the second fraction written does not vanish when 
z =b and therefore this fraction can be expanded into a Taylor's 
series in positive powers of (z — b). Dividing this Taylor’s series by 
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(z — b)™ we obtain an expansion for f(z) in the form (88). Comparing 
the last result with the one above, we can assert that the term 
“pole”, introduced by us in [10] is equivalent to the concept of 
a singularity in the neighbourhood of which the function can be 
expanded into a Laurent’s series with a finite number of terms in 
negative powers of (z — b). Consequently an essential singularity will 
be a point in the neighbourhood of which the function /(z) can be 
expanded into a Laurent’s series with an infinite number of terms in 
negative powers of (z — b). Here, as with a pole, the coefficient of 
(z — b)-1 is known as the residue of f(z) at the essential singularity b. 

Note that in the expansion of p(z) there must be a non-vanishing 
coefficient bm, since otherwise g(z) would be identically zeroin a circle, 
centre at b, and this contradicts the equation 9(z) = 1/f(z), since f(z), 
according to the given conditions, must be regular in the neighbour- 
hood of z = b. 

We shall now introduce the concept of the point at infinity. We 
consider that a plane has one point at infinity. The neighbourhood 
of this point at infinity is defined as the part of the plane outside 
a circle, centre the origin. This neighbourhood is defined by an 
inequality of the form |z | > R. We could, of course, take the centre 
of the circle at a point other than the origin, i.e. instead of the above 
inequality the neighbourhood of the point at infinity could be defined 
by an inequality of the form | z — a | > R, and this would not cause 
any fundamental changes. However, we shall use the first condition 
|z| > R. 

Let f(z) be a single-valued function which is regular in the neigh- 
bourhood of the point at infinity. We can regard this neighbourhood 
as a circular annulus, centre the origin, inner radius & and outer 
radius infinity. In this annulus it must be possible to expand /(z) 
into a Laurent’s series in integral powers of z and, as before, three 
different cases arise. 

In the first instance we consider the case when the Laurent’s 
series contains no terms in positive powers of z, i.e. when the expan- 
sion has the form: 


12) =a) + 








a a, 
i ae (89) 
When z tends to infinity, f(z) tends to a finite limit a, and it is 
said that f(z) is regular at the point at infinity, where f(0°) = dy. 
In the second instance we consider the case when the expansion 
of f(z) into a Laurent’s series contains a finite number of terms in 


62 THE BASIS OF THE THEORY OF FUNOTIONS OF A COMPLEX VARIARLE [17 
positive powers of z: 
(2) = dm?” + a-m} 2" 1+- +012 Hat 2 as 
+4... (@m#0). (90) 


Taking 2” outside the bracket, we can see, as above, that f(z) tends 
to infinity when z — œ, while the quotient /(z)/z” tends to a finite 
non-zero limit @_,,. In this case the point at infinity is known as a pole 
of f(z) of order m and the set of points (a-m 2" + ... + 4@_, 2) is known 
as the infinite part at this pole. 

Finally, if the expansion contains an infinite number of terms in 
positive powers of z: 


f2) =... +a + azta tA +F+..., (91) 


then the point at infinity is known as an essential singularity of the 
function f(z). If we replace z by a new independent variable t according 
to the formula 


the neighbourhood of the point at infinity of the z-plane will 
be transformed into the neighbourhood of the origin’ in the ¢-plane 
and the expansion (91) will contain an infinite number of terms in 
negative powers of t. It follows that if, z = œ is an essential singularity 
of f(z), on variation of z outside any circle, centre the origin, radius 
as large as we please, a value of f(z) may be obtained as close as we 
please to any arbitrary, previously assigned complex number, and 
indeed, /(z) takes any complex value, with the possible exception of 
one [10] an infinite number of times. In all three cases the coefficient 
a, of z-1 with the reverse sign is known as the residue at the point 
at infinity, i.e. (—a,). The purpose of this definition of the residue will 
be explained later. 

Note that, when the point z = a is a pole of the function f(z), we 
write f(a) = œ and say that w = f(z) transforms z = a into the point 
at infinity. When z = œ is a pole of f(z), this is usually written as 
f(œ) = œ and it is said that w = f(z) transforms the point at in- 
finity into itself, i.e. the point remains in its former position. 

Returning to [7] we can see that the condition for the applicability 
of Cauchy’s formula to a domain containing the point at infinity can 
be formulated as follows: 


f(z) > 0 uniformly when z— œ, 
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and means that f(z) is regular at the point at infinity, whilst in the 
expansion (89) aa = 0, i.e. f(co) = 0. 

Example 1. We said earlier with reference to the function e? that 
it is regular in the whole plane, but in saying this we excluded the 
point at infinity. The expansion of the function e? holds everywhere 
and, in particular, in the neighbourhood of the point at infinity. 
It contains an infinite number of terms in positive powers of z 
and, consequently, the point at infinity is an essential singularity 
of e”. The same can be said, for example, about sin z and cos z. 

2. Every polynomial is a regular function in the whole plane and 
evidently has a pole at infinity, the order of which is equal to the 
order of the polynomial. 

Consider the following rational function which is a quotient of two 
polynomials: 





z) 

rE = fle), 
where the fraction cannot be simplified,i.e. the zeros of the numerator 
and the denominator are different. Our function will have singularities 
at a finite distance these being the zeros of the polynomial y(z), and 
these points will be the poles of the function. The behaviour of the 
function at the point at infinity will depend on the degrees of the 
polynomials in the numerator and the denominator. If the degree 
of ¢(z) is higher than the degree of y(z) by m, then f(z) will tend 
to infinity when z— œ, but the ratio /(z)/z” will tend to a finite 
non-zero limit, i.e. our function will have a pole of order m at infinity. 
However, if the degree power of ¢(z) is higher than the degree of y(z) 
the function will be regular at infinity. 


18. Analytic continuation. If a function f(z) is regular in a domain B, 
the question arises as to whether is it permissible to extend the domain 
in which the function is defined, i.e. is it permissible to create a larger 
domain C which contains B within itself and to define the regular 
function F(z) in this larger domain so that it coincides with f(z) 
in the original domain B. This extension of the domain in which the 
regular function is defined, or, as it is sometimes said, the extra- 
polation of the regular function, is known as analytic continuation 
of the function. It happens that, if analytic continuation is pos- 
sible, it will be fully defined and unique. In this respect regular 
functions of a complex variable differ fundamentally from say continu- 
ous functions of a real variable. For suppose we are given a continuous 
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function w(z) of the real variable z in the intervala < x < b. We can 
evidently continue the graph of this function outside the given interval 
in an infinite number of ways without affecting its continuity. How- 
ever, in the case of a regular function f(z) of a complex variable the 
values in the original domain B will fully determine the values of the 
function outside this domain provided such extension of the domain, 
i.e. analytic continuation, is at all possible. It only needs to be remar- 
ked that in the course of analytic continuation one can arrive at many- 
valued functions. In this section all the circumstances which can 
arise during analytic continuation are explained and the proof of the 
uniqueness of this continuation is given. 

To begin with let us explain some properties of regular functions. 

Let the point z = b be a zero of the regular function f(z). In this 
case the constant term will be absent in the Taylor’s series with the 
centre at b and, perhaps, some of the succeeding terms will also be 
missing. Assume that the first non-zero term is of the order (z — b)”, i.e. 


f(2) = Ag (2 — b)" + ampi (2 — D) H -e (@m#0) (92) 
or 


f(z) = (2 — b)” [am + amt (2 — b) +--+]. (93) 


In this case z = b is known as a zero of multiplicity m. Let us 
turn to the formula (93) and assume that z is equal to a number 
which is close to, but different from, b. In this case the factor (z — b)" 
will be non-zero, and the value of the sum inside the square brackets 
will be close to a@,,, which is also non-zero, i.e. the sum is non-zero. 
In other words, at all points sufficiently close to the zero of a regular 
function, the function must be non-zero. Hence the zeros of a regular 
function are isolated points. We naturally assumed in the above argu- 
ments that the expansion into Taylor’s series (92) contains at least 
one term which is non: zero. Otherwise, we must evidently regard the 
function as identically zero, at least in the circle in which Taylor’s 
expansion holds. Keeping this in mind we can now proceed to prove 
the theorem which is of fundamental importance in the problem of 
the uniqueness of analytic continuation. 

THEOREM. If f(z) is regular in a domain B and vanishes in a domain 
8, which is part of B, then f(z) is identically zero in the whole domain B. 

We shall use reductio ad absurdum. Assume that f(z) does not 
vanish at the point c in the domain B. Let us take a point b in # and 
connect this point with the point c by the curve J, which belongs 
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to the domain B. On a section of this curve, adjacent to the point b, 
our function will vanish and on another section, adjacent to the 
point o, it will be non-zero. Therefore there must be a point d on the 
curve J, such that our function is zero along the whole section bd; 
whilst there are points on dc as close as desired to d at which the 
function is non-zero. A regular function is at the same time contin- 
uous and, consequently, there must be a zero at the point d itself. 
However this zero is not isolated since the whole arc bd of the 
curve J consists of zeros of our function. It follows from earlier consi- 
derations that the expansion of our function into a Taylor’s series 
with centre at d must be identically zero, and consequently, our 
function must vanish in a circle with centre at d, i.e. it must also 
vanish on a section of the curve adjacent to the point d which is 
part of the section dc. This circumstance contradicts the property of 
the point d, that on the section dc there are points which can be as 
near as we please to d, where f(z) does not vanish. The theorem is 
thus proved. 

Note. In the proof of the above theorem the conditions could 
have been restricted to the fact that f(z) vanishes on a curve in B. 
In this case the function would have vanished in a circle with the 
centre at one of the points of the curve. 

It is even sufficient to assume that the zeros of f(z) have a point 
of accumulation in B,i.e. there is a point b in Bsuch that in a circle, 
centre at 6 and radius, as small as we please, f(z) has an infinite 
number of zeros. By virtue of our earlier considerations, Taylor’s 
series for f(z) with centre at b would, in this case, be identically 
zero, i.e. f(z) would vanish in a circle, centre at b, i.e. would vanish 
everywhere in B. 

COROLLARY. Let the two functions /,(z) and f(z) be regular in B 
and coincide in a part f of this domain or on a curve. Their differ- 
ence must be equal to zero in f and hence, by the above theorem, it 
must be equal to zero in the whole domain, i.e. if two functions, 
which are regular in a domain, coincide in part of that domain (or on 
a curve) then they coincide in the whole domain. 

Suppose that all the values of our two functions and the values of all 
their derivatives coincide at a point b in the domain B. In this case 
their expansions into Taylor’s series with the centre at b will also 
coincide, i.e. our functions will coincide in a circle, centre at b, and 
therefore they will coincide in the whole domain; hence if the values 
of two functions and of all their derivatives are the same at a given potnt 
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of a domain, the values of the functions will be the same throughout the 
domain in which the functions are regular. 

Let us now turn to the problem of analytic continuation. Let 
/,(2) be regular in the domain B, and suppose that we have succeeded in 
constructing a new domain B, which has the part B, , in common 
with the domain B, (Fig. 11), and that we have defined the regular 
function /,(z) in the domain B, which coincides with f,(z) in B, >» We 
may term /,(z) the direct analytic continuation of /,(z) from B, into B, 
via B, 2 The function defined as /,(z) in B,, and as /,(z) in B,, gives a 
unique regular function throughout the extended domain. We will show 

that there cannot be two dif- 

ferent analytic continuations. In 

fact, assume that we have two 

different analytic contiruations 

of f,(z) from B, into B, via B,» 
These two functions f{?(z) and 
f(z) which are regular in B, must 
coincide with f,(z), and consequ- 
ently, they must coincide with 
each other in B, ,. But now, by what has been proved above, they 
must coincide in the whole domain B,, i.e. they give the same ana- 
lytic continuation. 

Suppose now that we have a chain of domains B,, B,, B}, ... where 
B, and B, have the part B, ,, in common, B, and B, have the part 
B, , in common etc. In the domain B, we have a regular function 
f,(2) which coincides with /,(z) in B, » In the domain B, we have a 
regular function f(z) which coincides with /,(z) in B, a etc. Here we 
have the analytic continuation of f,(z) via a chain of domain and this 
analytic continuation is unique. Note that, generally speaking, the 
overlapping of the domains B, need not be confined to the parts By k+ 
which we have mentioned above. Let us consider, for example, a chain of 
domains consisting of three domains B,, B, and B,, and assume that B, 
overlaps with B, (Fig. 12). In this common part, which is shaded in the 
diagram, the values of f,(z) as defined in B, and the values of /,(z) aa 
defined in B,, can be different. Here we obtain a many-valued 
function as a result of the analytic continuation. However we can 
avoid this geometrically, viz. if the values of /,(z) and /,(z) are different 
in the shaded part then we assume that this shaded part consists 
of two sheets, as it were, one of which belongs to B, and the other 
to B}. 
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The problem of many-valuedness can arise even during the 
first step of the analytic continuation. Suppose we have the 
analytic continuation of f,(z) from B, into B, via B, , (Fig. 13), 
put that B,and B, have also a part £ in common. In £ the values of /,(z) 
may or may not coincide with the values of /,(z). The set of all values, 
obtained as a result of all the possible analytic continuations of 
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the initial function f,(z), yields a unique function which we shall call 
an analytic function and which we denote by /(z). As we have said 
already, this function f(z) may prove to be many-valued. 

Instead of analytic continuation via a chain of domains one 
frequently speaks about analytic continuation along a curve. Consider 
a line 2 divided into successive sections: P,Q, P.Q,, .--, PnQn, 
so that the sections P,Q, and Prr Qk have the part P+ Qk in 
common (Fig. 14). Assume that this curve J is covered by a chain of 
domains B,, B,, ..., By, ..-, so that the section Py Q, lies in Bp. 
Denote by Bk, k} the domain in which B, and Bk} overlap and 
which contains the section P,4,Q, of the line J. (There can be sever- 
al or even an infinite number of domains in which B, and Bk} 
overlap, but we only take the one which contains Px4; Qx.) 

Suppose there exists a regular function /,(z) in B, and that this 
function can be continued with the aid of the chain of domains 
Bo By,..., By..., Bn via By, » Bz% ---1 Bn-isn- Instead of this, we 
say that f(z) can be continued along the line l. The values of the func- 
tion on thesection P, Q, (and in the neighbourhood of this section) are 
given and by applying the fundamental theorem of this paragraph we 
can see, as before, that there can be only one analytic continuation 
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along l. It does not depend on the way in which we divide / into sections 
and cover it by domains possessing the above properties. 

Let us return to the analytic continuation along / via a definite chain 
of domains B,. In the neighbourhood of every point on the line } the 
analytic function f(z) will have definite representation as a Taylor’s se- 
ries. We shall call this series the function-element at the corresponding 
point on the line l. If this line Lis slightly deformed while its ends P} and 
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Qn remain fixed, it will remain in the domains B, and the function-ele- 
ment of f(z) at the point Q, will be the same.as before. This shows 
clearly that, in general, if we deform this curve continuously whilst 
keeping its ends P, and Qn fixed, and if the analytic continuation 
of the initial element at the point P, along the line is possible in any 
of its positions, the element obtained at the point Q, as a result of the 
analytic continuation will always be the same. 

Suppose that, on analytic continuation along a curve l from the point 
P,, we can only proceed as far as a point C, beyond which analytic 
continuation along this curve is no longer possible. In this case the 
point C is known as a singularity of the function. But note an 
important circumstance, viz. had we performed the analytic conti- 
nuation from the point P, to the point C along another curve J, 
instead of the curve l, the point C might not have been a singu- 
larity, i.e. generally speaking, a singularity is defined not only by 
its position in the plane but also by the path by which it is reached 
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in the course of the analytic continuation (c.f. the example in [19)). 
In future we shall almost always be concerned with the simpler case, 
when the position of the singularities can be fixed in advance and 
they do not depend on the path of the analytic continuation. 

A theorem of great importance in the theory of analytic conti- 
nuation follows at once from the above. It is known as the uniqueness 
theorem. If the analytic continuation of an initial function-element is 
possible along any path in a simply connected domain B, these 
analytic continuations along paths in B yield a unique function 
in B. 

In fact, let the initial function-element be defined in the neigh- 
bourhood of a point P, and let us take two different directions 1, 
and l, for the analytic continuation from P, to Qn. Owing to the fact 
that the domain is connected we can, by means of a continuous 
transformation, transform the contour } into the contour l, without 
leaving the domain B and, by hypothesis such analytic continuation 
along the contour will always be possible. But, as we have said 
already, the final result of the analytic continuation at the point 
Qn will be the same, i.e. in fact the different paths selected for the 
analytic continuation give the same final result and we obtain a 
unique function f(z). 

In the above arguments we have sometimes restricted ourselves 
to the simple outlines without going into the details of the proof 
since this would require much more space. We hope, however, that 
the reader formed a picture the basic ideas about analytic continua- 
tion. We must emphasize that all that has been said above is only 
theoretical in character and does not give any indication as to the 
practical methods of analytic continuation. 

Let us now mention another principle in the theory of functions 
which is closely connected with analytic continuation and which is 
known as the principle of permanency. Assume that the initial function- 
element /,(z) satisfies a certain equation, e.g. the differential equation 
of the second order: 


pole) -FIEL + p) -HE + py (2) fe) =0, (94) 





the coefficients p,(z) of which are given polynomials in z. On 
analytical continuation of f,(z), the derivatives fi(z) and f3(2), 
and also the whole of the left-hand side of our equation are analy- 
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tically continued. Consequently, if the left-hand side vanished in 
the initial domain, it would also vanish on analytic continuation, 
in other words, if the initial analytic function-element satisfies the 
equation (94) the equation will be satisfied by the analytic function, 
obtained from the initial element as a result of the analytic con- 
tinuation. 

Let us now turn to a definite method of analytic continuation. 
Here we shall only use circular domains and Taylor’s expansion in such 





Fie. 15 


domains (Fig. 15). Let the initial function-element be given in the 
form of a Taylor series, centre at ,: 


= Sa (z — b). (95) 
k=0 


Let us draw a contour / from the point b, and perform the analytic 
continuation of our function along this contour. We proceed as fol- 
lows: we take a point b, on the curve / such that the arc b b, lies in 
the circle K, which is the circle of convergence of the series (95). By 
using this series we can evaluate the derivatives f{(b,) and write the 
expansion of our function, centre at b,: 


fa 2) = S af (2 ~ ba) = So 


(k) (b 
fg a p= (96) 


This new function will be defined in a circle K,, centre at b,. If this 
circle lies outside the circle K,, the function (96) will provide an 
analytic continuation of f(z). At the point b, the values of the 
functions f,(z) and f,(z) and the values of all their derivatives coincide, 
and the functions will be the same in the overlapping portion of the 
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two circles. Notice that the series (96) can be obtained from the 
series (95) as follows: we rewrite the series (95) in the form: 


> aP [(z —b,) + (by — 1. (97) 


k=0 


On expanding | (z — 6,) + (b — bı) |f by the binomial formula and 
collecting terms in like powers in the sum (97) of (z— b,), we 
obtain the series (96). 

Having performed the first analytic continuation we proceed to 
the next. We choose on the curve Z a new point b, such that the 
arc b, b, belongs to the circle K,. The series (96) can be rearranged, 
as shown above, in powers of (z — b,), when a new function-element 
is obtained: 


fa (2) = Sal? (2 — by), 
k=0 


which is defined in a circle K,, centre at b}, etc. As a simple example, 
consider the series 
ee ae (98) 
This series is convergent and defines a function which is regular 
only in the circle |z|<1. But its sum 1/(1—2) is a regular function 
in the whole plane except at the point z= 1 and, consequently, 
we can continue the series (98) in the whole plane. If we take a point b, 
in the circle |z| < 1 and reconstruct the series (98) in powers of 
(z — b,), we obtain a new series of the form: 


l 
ee ali 


k= 


This series converges in a circle, centre at b, and radius equal to 
the distance from this point to the point z = 1. If the point b, does 
not lie on the segment (0, 1) of the real axis, this new circle will 
lie outside the old circle and we obtain an analytic continuation which 
can be continued further. In practice, in a case of this kind, it is 
evidently unnecessary to use analytic continuation of the series (98), 
— it is natural to use the finite form 1/(1—z). However, if the 
function is only given in the form of a power series and no other ex- 
pression is known for it only the process of analytic continuation 
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remains open. Many attempts have been made in this field to find 
an easier practical way of performing analytic continuation. Later 
we shall give one practical method for particular case. For the present 
we take the analytic continuation of elementary many-valued func- 
tions as an example. 


19. Examples of many-valued functions. Consider the function 
z=w? (99) 


and suppose that the variable w varies in the upper half-plane i.e. 
in that part of the plane in which the coefficient of the imaginary 
part is positive (above the real axis), so that arg w varies from 0 
to x. On squaring, the modulus |w| is squared, and the amplitude 
is multiplied by two i.e. the values of z will fill the whole plane, and 
both the positive and negative parts of the real axis in the w-plane 
will be transformed into the positive part of the real axis in the 
z-plane. We can thus see that, as a result of the transformation (99), 
the upper half of the w-plane is transformed into the whole z-plane with 
a cut along the positive part of the real axis from 0 to +œ. Denote 
the plane with this cut by 7,. Conversely, we can regard w as a 
single-valued function of z in the domain 7’: 


w = Vz, (100) 


where those values of the radical must be taken which.give the positive 
coefficient of the imaginary part of //z. Real positive values of z lie 
both on the upper and the lower edges of our cut. On the upper edge 
positive values of the function /z must be taken, and on the lower 
edge negative values must be taken. The limit of the ratio 4 wA z 
will evidently be equal to the reciprocal of the ratio 42/4 w, i.e. 
the usual law for differentiating inverse functions will apply and the 
function (100) will be regular in our domain: 








dz dw 1 
Returning to the beginning of our discussion, we now assume that 
w varies in the lower half-plane. On squaring, we evidently obtain for 
z a second copy of the same former region 7,. Let us denote this 
by T,. In this new region T, our function (100) will again be regular 
and single-valued, provided that value of the radical is taken which 
gives the negative coefficient of the imaginary part of z. 
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It also follows from the above that the values of the function (100) 
along the upper edge of the cut in the domain T, coincide with the 
values of that function along the lower edge of the cut in the domain 
T, and vice versa. 

We can thus see that, by cutting from 0 to + ©, we obtain a domain 
in which our function (100) is single-valued, but to obtain all the values 
of the function we must regard it as two different functions, which 
are defined in the domains T, and T, respectively as above. Such 
a division of the function (100) into two separate single-valued 
functions appears artificial and we shall now combine these two 
functions into a single analytic function which is single-valued and 
regular in a two-sheeted plane. In order to produce this two-sheeted 
plane T, imagine the copy T, on top of the copy T, with their edges 
joined together cross-wise along the cut, viz. the upper edge of the 
cut in T, is joined to the lower edge of the cut in T, and vice versa. 
We assume that the point z = 0 coincides on both copies. The con- 
structed two-sheeted domain T is evidently obtained from the w-plane 
as a result of the transformation (99) and the function (100) will be 
regular and single-valued in the entire domain T, except at the point 
z= 0. Note the special importance of this point. If, starting from 
a point z) we draw a closed contour about z = 0, on returning to 
the point z, we find ourselves on another sheet as compared with 
that from which we started to draw our contour. Here, the values 
of the function yz, as defined above on our contour, will evidently 
give the analytic continuation of the function along that contour, 
and the final value of the function at the point z, will be of oppo- 
site sign as compared with the initial element at that point. The point 
z= 0 has the property that the function z is continuous and 
has a derivative in the neighbourhood of the point, but on the ana- 
lytic continuation round a closed contour about this point it changes 
its values, Such a point is known as a branch-point of the function. 
In the case under consideration we return to the original values of 
the function by describing another circuit about the point z = 0 
and such a branch-point is known as a branch-point of the first 
order. The domain T evidently represents the total domain of 
existence of the function (100). In this case we have been able 
to obtain this domain relatively simply, since the function (100) 
is the inverse of the very simple function (99). Figure 16 shows the 
appearance of a two-sheeted plane near a branch-point of the 
first order. 
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Generally speaking, if the function 
z = p(w) (102) 


is single-valued and regular in the whole w-plane, as a result of the 
transformation (102) this plane may change into the many-sheeted 
z-plane and the inverse function, to 
(102): 


w = f(z) (103) 


will be regular in this many-sheeted plane 
and will have the derivative 


f= Fer 


` 


This regularity will only be lost at 
points which correspond to values of w 
where g’(w) = 0. These points correspond 
tothe branch-points of the inverse func- 
tion (103). We will explain this in greater detail in one of the following 
paragraphs. The above many-sheeted planes are usually known as 
Riemann surfaces (Riemann was a mid-nineteenth century German 
mathematician). Consider the following example: 





f2) = TFET : za (104) 


The many-valuedness of this function is solely due to the presence 
of z and, consequently, in the two-sheeted plane T, which we 
constructed above for the function (100), the function (104) will also 
be single-valued. This function will have a singularity at the point 
z = 0 (branch-point) and also at one of the points z = 4. There will 
be two of these points (on both sheets 7, and T,). On one of the 
sheets /4 = +2 and on the other /4 = —2. On the latter sheet 
the point z = 4 will be a pole of the function (104). Had we not 
the two-sheeted plane T, as a result of the analytic continuation of 
(104) we would have obtained different values for this function 
and the point z = 4 would have been a singularity for those paths 
of the analytic continuation for which Vz is equal to —2 when z = 4. 

The function (104) can be regarded as the inverse of the function 


pee ee (104,) 


w? , 
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which is regular in the whole plane except at w = 0, where it has a 
pole of the second order; it can be shown that this function transforms 
the w-plane into a two-sheeted T-plane of the type described above. 
In the case under consideration the point w = 1/2 will be transformed 
into the branch-point z = 0; the point w = 0 will be transformed 
into the point z = œ. The point w = œ gives the point z = 4 on 
one of the sheets. A point with the same coordinate z = 4 on the 
other sheet will be obtained when w=1/4. Note that in the given 
two-sheeted plane we must regard not only the point z = 0 but also 
z = œ as coinciding on both sheets, i.e. the points z = œ and z = 0 
are both branch-points of the first order. The first of these points can 
be obtained from the formula (99) only when w = 0, and from the 
formula (104,) only when w = 1/2. The point z = ©, can be obtained 
from the formula (99) only when w = œ, and from the formula (104,) 
only when w = 0. 
Consider a function of the following kind: 


w = f(z) = V(z — a) (z — b). (105) 


For this function the points a and b are branch-points. By describ- 
ing a circuit round a closed contour encircling one of these points 
we change the sign of the expression (105) but by describing simul- 
taneously circuits round both points we leave the function unaltered. 
In fact, assume: 


z—-a=e,e"; z—b=p 0, 
whence 
i Pte 


fz) = Vei ee 


If we describe a circuit round a closed contour / encircling both points 
in the counter-clockwise direction, 27 will be added to the amplitudes 
p and py the sum (p; + ¢,) will receive an increment of 47 and the 
amplitude of the expression (105) an increment of 2x, i.e. the value 
of the function will be unchanged. In order to make the function (105) 
single-valued it is sufficient to make a cut from the point a to the 
point 6. This cut prevents us, as it were, from making separate 
circuits round the points a and b. The function (105) is two-valued 
at all points except z = a and b; in order to obtain all the values 
of this function we must take two copies of the plane cut in the 
way described above. On each of these (105) will be a single-valued 
function and the values of this function on different copies will differ 
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from each other in sign only. If we superimpose one copy on top of 
the other and imagine the edges of the cuts to be joined cross-wise, 
we obtain a two-sheeted Riemann surface, with branch-points 
of the first order at a and b; on this surface the function (105) will 
be single-valued and regular (except at the branch points). The point 
at infinity will not be a branch-point and each sheet will have its 
own point at infinity. In the neighbourhood of this point at infinity 
we can rewrite the function (105) in the form: 

1 

2 


jaza i 


Expanding the differences by the binomial formula, which is 
possible since in the neighbourhood of the point at infinity | a/z | and 
| b/z | are smaller than unity, we obtain our function in the following 
form in the neighbourhood of the point at infinity: 


la 1 B 1-3 æ 

Ta G a a a 
1 b 1 @ 1-3 b 

ne e a ee 


i.e. on multiplying the series we can see that the point at infinity is 
a pole of the first order on both sheets. 

Notice that, on solving the equation (105) with respect to z, we 
obtain a many-valued function w, i.e. the function (105) is not the 
inverse of a function which is single-valued in the whole plane. The 
Riemann surface, on which it is single-valued, will have two branch- 
points z = a and z = b of the first order. This Riemann surface can 
be obtained by the transformation 


bw? — a 


a w?— l 


of the w-plane and the inverse function of the above: 
w = j: —a 
z= b’ 


will have the same Riemann surface as the function (105). 
Consider the function 





f) =\e=a (109) 


where n is a positive integer. Every circuit round the point z = a 
changes the value of the function, and on performing n such circuits 
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in the same direction, we return to the original value of the function, 
i.e. for the function (106) the point a will be a branch-point of the 
order n — 1. For, denoting the modulus and amplitude of z—a by ọ 
and 9 respectively, we obtain: 


ea ee" 


On describing a circuit round z= a, n times in the positive direction, 





n 
we add 2n7 to p and, consequently, the amplitude of /z—a_ receives 
an increment of 2x, which does not alter the value of the function. 








b) 





G 
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We shall now consider another many-valued function which is of 
special importance in the theory of functions, viz. the logarithm. 
This function is obtained as a result of the inversion of an exponen- 
tial function 

z=”, (107) 

We shall first explain some properties of the exponential function. 

It is easy to see that it has a pure imaginary period of 2xi. In fact: 


e +27! — e¥ oe?! — e” (cos 2m + isin 2x) = e”. 


We divide the plane w = u + iv into strips, 2x in width, by straight 
lines parallel to the real axis. As the fundamental, strip take say thestrip 
U bounded by the lines v = 0 and v = 2x. We can transform this funda- 
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mental strip into another strip by adding 2n xi to w, where n is an integer. 
The values of the function (107) thereby remain unaltered because 
of the periodicity, i.e. the values of the function in every strip will 
be the same as in the initial strip. We shall now consider the way 
in which the fundamental strip is transformed by the function (107). 
Draw in this strip a line A,,, parallel to the imaginary axis with the 
abscissa u = uo. Along this line we have: 


UL =U (0<v< 27) 
and, consequently: 
e” = o" el? (0 < v < 27), 


i.e. our line will be transformed into a full circle, centre the origin and 
radius e", whilst the same point on the circle corresponds to the 
ends of the line A,,. If we take the part of the strip U bounded by two 
lines, parallel to the axis u = 0 with the abscissae u = u and u, 
as a result of the transformation (107) we obtain a circular annulus 
in the z-plane, centre the origin and radii e™ and e™ (Fig. 17). Finally, 
the entire strip U will be transformed into the z-plane with the excep- 
tion of the origin. The upper and lower edges of the strip will be 
transformed into the positive part of the real axis. We make a cut 
along this part of the real axis. We can say then that the upper edge 
of this cut corresponds to the lower edge of the strip and the lower 
to the upper edge of the strip. Denote by 7, the plane with the cut 
without the origin. In this domain T; the function inverse to (107): 


w = logz (108) 


will be single-valued and regular and its derivative can be found by 
the usual rule for differentiating inverse functions: 
dw 1 2 
dz (ey e” 





aw, (109) 
z 


We have, as we know: 
log z = log| 2| + i arg z. 


On analytical continuation of this function along a contour we must 
preserve continuous variation of the amplitude arg z. 

In the domain T, variations of the amplitude is restricted to 
0 < argz < 2x, and we obtain a single-valued definition for the 
function (108). The point z = 0 is evidently a branch-point for our 
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function (108), viz. on analytical continuation of this function 
round a closed contour about the origin and on encircling the origin 
n times in the counter-clockwise direction, we add 2nzi to the function 
(108); every subsequent circuit will give new values of the function, 
i.e. in this case the point z = 0 is a branch-point of infinite order. 

Let us return to the transformation of the w-plane by the function 
(107). Every strip into which we have divided the w-plane gives a 
new domain T, in the 2-plane and there will consequently be an in- 
finite number of such domains. We superimpose them on top of each 
other and number them so that the domain corresponding to the 
initial strip is number one, the next one placed on top of it is number 
two, etc. while domains corresponding to the lower strips are numbered 
0, (1), (—2), ... Let us now join in imagination the edges of the 
cuts as follows: join the upper cut of T, with the lower cut of To, 
and the lower cut of T, with the upper cut of T's; join the upper cut 
of To with the lower cut of T_, and the lower cut of T'a with the upper 
cut of T, etc. In this way we obtain a Riemann surface with an in- 
finite number of sheets and with branch-points of an infinite order 
at z = 0 and z = œ. On this Riemann surface T our function (108) 
is regular and single-valued. The surface T is obtained from the 
w-plane as a result of the transformation (107). 

The function w = log (z — a) evidently has branch-points of an 
infinite order at z = a and z = œ. Let us also consider the function 


z—a 
z—b 





w = log = log (z — a) — log (z — b). (110) 


This function has branch-points at z = a and z = b. If we describe 
a circuit in the positive direction round a closed contour which en- 
circles both points, both terms in the above expression receive an 
increment of 27i and the difference remains unchanged, i.e. infinity 
is not a branch-point of the function (110). 

We can rewrite our function in the following form: 


w= log (1 —4)- log (1 —2), 


and we can expand both terms according to formula (80) for all values 
of z, the moduli of which are greater than |a] and |b |. As a result 
we obtain the following form for our function in the neighbourhood 
of the point at infinity: 


— Ẹya 
Oe 2 ax (111) 
k=1 
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where 
bÉ — ak 
ay = i 





Formula (111) gives one of the branches of our many-valued function 
in the neighbourhood of infinity. To obtain the remaining branches 
it is sufficient to add 2nné to the above expression. For each fixed 
integer n we obtain another branch of our function. 

Consider the function 


i—z 
w = arctan Z = +; log == Fz’ 
which has branch-points of infinite order at z = 7 and z = —i. The 


derivative of this function, as in the case of the real variable, is 


dw 1 
az 142 
or 
dw _ 1 
dz @ +2)(@— 2)" 


20. Singularities of analytic functions and Riemann surfaces, 
In the preceding paragraphs we dealt with examples of many-valued 
functions and constructed Riemann surfaces for these functions, on 
which they were single-valued. We shall now consider the general 

problem. Owing to lack of 

years RSR space we shall not go into de- 

/ ` tails. To begin with we shall 

explain the concept of an iso- 

lated singular point in analytic 
T / continuation. 

Seat Assume that we are given 

the initial analytic function- 

element f(z) at a point z = a 

and that we propose to 

continue it along a line l. Suppose that analytic continuation is 

possible up to point z = b but no further, so that the point z = b 

is a singularity in the analytic continuation along J [18]. Assume 

the existence of a circle K, centre at z = b, such that the func- 

tion-elements f(z), corresponding to points on the section cb of the 

line Z in K, (Fig. 18) can be analytically continued along any 

line in K, which does not pass through the point z = b. In this 

case the point z =b is known as an isolated singularity of f(2) 


Fig. 18 
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(corresponding to the path /). The analytic continuation along any 
line in K can lead to single-valued or many-valued functions in 
K.In the first case the single-valued function obtained in K is regu- 
lar everywhere in K except at z =b and it can be expanded into a 
Laurent’s series in integral powers of (z — b); the point z=b is ei- 
ther a pole or an essential singularity of our analytic function 
f(z) (on analytic continuation along J). In the second case, when 
the function in K is many-valued, the point z = b is known as a 
branch-point. Suppose that, given all the possible analytic continua- 
tions in K, we obtain a finite number of different elements at a 
point z = a inside K. Denote this number by m. It is easy to see that 
at any other point z= $ in K, we again obtain m different elements. 
This is due to the fact that, on analytic continuation of different initial 
elements along the same path from a to £ or from £ toa, different ele- 
ments are obtained at the end-point. In the case under consideration 
the point z = b is known as a branch-point of the (m — 1)th order. If 
the number of different elements obtained on analytical continuation 
in K is not finite at every point in K then z = b is a branch-point of 
infinite order. 

Let us consider in greater detail the case of a branch-point of the 
finite (m — 1)th order. By hypothesis, analytic continuation can be 
performed in K, except at the point z=b. A circle K with an isolated 
point z = b is a doubly-connected domain. Take m copies of the 
circle K and cut each copy along the same radius. Such a circle K,, 
cut along the radius, is a simply connected domain. Let us take the 
same point z =a in each copy K,. At that point we have m elements of 
our analytic function. In each copy we take a definite element at the 
point z = a and continue it analytically in K,. In accordance with the 
uniqueness theorem [18] we obtain a definite single-valued function 
in every copy. We shall term one edge of the cut in every copy the left- 
hand edge and the other the right-hand edge. For example, we shall 
describe as the right-hand edge that edge from the points of which we 
can reach the left-hand edge by moving inside K, and encircling the 
point z= bin the counter-clockwise direction. Take a copy of the circle 
K, with a single-valued function defined in it. Call this copy the first 
copy and denote the definite single-valued function by /,(z). The values 
of the function /,(z) on the left-hand edge coincide with the values 
of our function on the right-hand edge of the cut in some other copy 
of K,.Call this latter copy of K, the second copy and denote the function 
defined in it by /,(z). Join in imagination the left-hand edge of the 
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first copy with the right-hand edge of the second copy. The values 
of the function f,(z) on the left-hand edge of the second copy coincide 
with values of our function on the right-hand edge of another copy of 
K.. Let us call this copy the third copy and denote the function defined 
in this copy by /,(z). Join in imagination the left-hand edge of the second 
copy with the right-hand edge of the third copy. Continuing in this way 
we eventually reach the last copy m. It can easily be seen that the values 
of the function /,,(z) on the left-hand edge of the mth copy coincide with 
the values of f(z) on the right-hand edge of the first copy. Join in imagi- 
nation these two edges. We thus obtain an m-sheeted circle L with the 
branchpoint z=b of the (m—1)th order. This point must coincide on 
all copies. In the m-sheeted circle Z our function will be singie-valued 
everywhere except at the point z = b. Replace z by a new independent 


variable 
m kial i 

z = |z =b = Vee ; (112) 
where ọ = | z — b | and ọ = arg (z — b), where ọ is fixed in a definite 
way at a point of L. The point z =b will be transformed into the point 
2’ = 0. In general, on describing a circuit round the point z = b, 
the amplitude changes by 2am and on describing a circuit round 
the point z’ =0 it changes by 2x. In the z’-plane the m-sheeted circle 
L will be transformed into a one-sheeted circle C, centre at z’ = 0 


3/9 


m 
and radius R, where R is the radius of L. In this one-sheeted circle C 
our function will be single-valued and regular with the possible ex- 
ception of the point z’ = 0. Consequently it is possible to expand it 
in C into a Laurent’s series: 


or, returning to the former variable: 


+e m +o n 

f= > a(z- = > a(b)”, (113) 

N=-0 n=— 

i.e. in the neighbourhood of the branch-point of the (m — 1)th order 
our function can be expanded in integral powers of the argument (112). 
The value of the argument (112) at a point z, which lies in the neigh- 
bourhood of the point z = b, can be fixed in an arbitrary yet definite 
manner. The expansion (113) can have different forms. It can happen 
that the expansion contains no terms with negative values of 2: 


f (2) =a, +a, Vz — b + a, (Y2 =b)? + ee 
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It is evident here that f(z)—>a when z—>b, while z may tend to b in any 
manner as long as it remains in L. In the case under consideration 
we assume that f(b) =a, and call the point z=6 a branch-point of the 
regular type. If the expansion (113) contains only a finite number of 
terms with negative values of n, then f(z)» œ when z— b. In this 
case we put /(b) = œ and call the point z = b a branch-point of the 
polar type. If the expansion (113) contains an infinite number of 
terms with negative values of n, the 
point z=b is a branch-point of the 
essential singularity type. 

All these definitions can be extended 
to the point at infinity. Suppose that 
f(z) is continued analytically along the 
contour l and that a neighbourhood 
K(|z| > E) of the point at infinity (Fig. 
19) exists, such that the function-ele- 
ments f(z), corresponding to points on 
the arc l in K, can be analytically con- 
tinued along any path inside K. If 
this analytic continuation gives a 
single-valued function then the point 
z= © will be either a regular point of f(z), or a pole or an essential 
singularity [10]. If the analytic continuation produces a many-valued 
function then z = © is a branch-point. If this branch-point is of the 
finite (m — 1)th order then in its neighbourhood the expansion given 
below applies: 


Fic. 19 


+2 lyi te -2 
[a= > af- z > a,2 ™, 
n=- œ zZ n=—-o 
where everything that was said above regarding such an expansion 
again applies. The character of the point z = œ may, of course, 
depend on the path J of the analytic continuation, by which we 

reached the neighbourhood of the point at infinity. 

We shall now explain in general terms the concept of a Riemann sur- 
face for a given many-valued analytic function f(z). Suppose that, on 
analytic continuation of the initial element, we have reached a point 
z=a. At this point we are given a certain element, i.e. a series 
expanded in positive integral powers of (z — a). This series can be 
rearranged in positive integral powers of (z — £), where £$ is 
any point in the neighbourhood of z= a, i.e. the element at the 
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point z = a also gives the elements at all points which are sufficient- 
ly close to a. To every such element we ascribe a point z which acts 
as the centre of the corresponding circle of convergence of the power 
series (element). To the given element with the centre at z = a we 
ascribe the point a. To elements obtained from it at the neighbouring 
points z = , we ascribe points z = £f, which belong to the neighbour- 
hood of z = a, i.e. which lie on the same sheet as the point z = a. 
In the course of analytic continuation we keep on obtaining further ele- 
ments and, consequently, further points z on the Riemann surface. If, 
on returning to the point z =a, we obtain the function-element 
which we had earlier, we identify it with the former point z =a. 
If, however, this element proves to be different from the former, then 
we regard the new point z =a as being different from the former point 
z =a (we consider it to be situated on a different sheet) i.e. on 
analytic continuation we regard two points z, which have the same 
complex coordinates, as different if we have different elements of 
our analytic function at those points. In this way we construct a 
Riemann surface during the analytic continuation, which corresponds 
to the given analytic function f(z). On this surface f(z) is single-valued 
and regular. A Riemann surface usually includes the poles of f(z) as 
well as the finite order, branch-points of the regular and polar types. 
Note that, in general, the Riemann surface cannot be obtained from 
the w-plane as a result of the transformation z = g(w), where o(w) 
is single-valued and regular in the w-plane (with possible poles), as 
could be done in the simpler cases in [19]. 

Above we have only considered isolated singularities. It can happen 
that these points completely fill certain lines in the course of analytic 
continuation. For example, it can happen that the initial element, given 
by a power series, cannot be continued in any direction, i.e. that any 
point of the circumference of the circle of convergence of this power 
series is a singularity. The series given below can serve as an example 
of a series which cannot be continued: 


Slag gts et Se ee aA... 
n=l 


21. The theorem of residues. Let us now return to the expansion 
of a function into a Laurent’s series in the neighbourhood of a singula- 
rity (a pole or an essential singularity). In this expansion we separated 
the coefficient of (z — 6)-1! and called it the residue of the function 
at the given singularity. We shall now explain the significance of this 
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coefficient. Thus, let us assume that in the neighbourhood of the point 
b the following expansion holds: 


ta 


a= 5 ale). 
k=— o 
Integrate this formula round a small closed contour /,, which surrounds 
the point b, and on which the given expansion converges uniformly: 


+a 
fiad = Sa feor dz. 
le k=-œ lo 

As we saw earlier [6], all the integrals on the right-hand side are equal 
to zero, except one, which corresponds to k = — 1; this integral is equal 
to 2xi, i.e. we have: 


f f (2) dz = a_,- 2m. 
h 
Let us now consider the more general case. Assume that f(z) is 

regular in a closed domain B with the contour /, save for a finite number 
of points b., - . .,bm in that domain, which are poles or essential singu- 
larities of the function. Denote by a®) (s = l, ..., m) the residues 
at these singularities. Isolate each singularity by a small closed con- 
tour ls.. In accordance with Cauchy’s theorem we can write: 


m 
frod = 3 fraa. 
i s=1 l, 
But, as we saw above, the value of every integral round each contour 
l, is equal to a®, - 2m and, consequently, the above equation ex- 
presses the value of the integral round the contour of the domain in 
terms of the residues of the function at the singularities in the domain: 


fy (z) dz = 27i Sa, ; (114) 
i s=1 


THEOREM OF RESIDUES. If a function is regular in a closed domain 
save for a finite number of points (poles or essential singularities ) then 
the value of the integral of this function round the contour of the domain 
is equal to the product of 2ni and the sum of residues at the above singu- 
larities. 

In future we shall find countless applications for this theorem. 
At the moment, however, we shall only establish some theoretical 
consequences which are necessary for our further treatment. To begin 
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with we shall give the practical rules for calculating residues without 
using the expansion of the function into a Laurent’s series. 
As the first example consider the following function: 
= 26) 
[= Fe" (115) 


where 9(z) and y(z) are regular at the point b and y(b) = 0, so that 
the function (115), generally speaking, has a pole at the point b. 
Suppose, furthermore, that the point z = Ł is a simple zero of y(z), 
i.e. the expansion of the function »(z) into a Taylor’s series begins 
with a first degree term: 


y (2) = c (2 — b) + ca (7z — b)? +... (ce, #0). 


In this case the function (115) has a simple pole (of multiplicity `one) 
in the neighbourhood of z = b: 


l 9) +o e-d.. 
1@)= = Hi tae hFa] 
It follows from the last formula that we can write for the residue a, 


a =f (2) (2b) h = 2, 


or, taking into account that c, is equal to p’(b): 





pib). 
â = ve) (116) 

As a second example, consider the case when the function f(z) 
has a pole of an arbitrary order m at the point b: 


f(2)= X a (z— 0). 
k=-m 
The product f(z) (z — b)” is a regular function at the point b, and the 
coefficient a_, is the coefficient of (z—b)™—! in this product, whence 
recalling the expression for the coefficients in Taylor’s series, we have 
the following formula for the residue of our function: 


1 
eee ees -pml . 117 
s= See (117) 
Let us consider one more example. Suppose that f(z) has a zero of 
the mth order at the point b, i.e. Taylor’s series with centre at b begins 
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with a term containing (z — b)”. In this case our function has the 
following form in the neighbourhood of the point b: 


f (2) = (z — 8)" 9 (2) (p (b) #0), (118) 


where 9(z) is regular at b and is not equal to zero. Let us construct 
the logarithmic derivative of our function: 


je)  z—b 











f’ (2) m ve) , (119) 


It can easily be seen that the point b is a simple pole of the logarithmic 
derivative, with a residue equal to the order of the zero of the function 
f(z). If, instead of having a zero, our function has a pole of multiplicity 
m at the point 6, formula (118) still holds, except that m must be 
replaced by (—m); also, all the subsequent working is the same, i.e. if 
at a given point the function has a pole of multiplicity n that its loga- 
rithmic derivative has a simple pole with a residue (—7) at this point. 


22, Theorem on the number of zeros. Assume that f(z) is regular 
in the closed domain B with the contour / and that it does not vanish 
on the contour. Assume that it has zeros b, ..., 6, in the domain 
of orders ky, ..., km. Its logarithmic derivative has simple poles at 
these points 6, with residues ks. From the theorem of residues we 
have: 


1 PEO g 
sar | GE de= k, t ka + -+ Em- (120) 
L 








If every multiple zero is counted as many times as there are units in 
its multiplicity, the number on the right-hand side gives the number 
of zeros of our function in the domain, i.e. given our assumptions 
with regard to the function f(z), the integral on the left-hand side gives 
the number of zeros of the function included within the contour Ll. 

The integrand here evidently has the primitive log f(z) and we 
obtain the value of the integral by determining the increment that 
this primitive receives on describing a circuit round the contour J. 
Here we have to consider the single-valued branch of the function, 
which means, as we know already, that when describing a circuit 
round the contour 7 we must preserve a continuous change of arg 
f(z); here, 


log f (2) = log | f (2) | + ¿arg f (2) . 
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After the circuit is completed log | /(z) | returns to its former value 
and receives no increment; consequently, the total increment received 
by our primitive is equal to the product of i and the increment of arg 
f(z). In accordance with formula (120), we must also divide the incre. 
ment of the primitive function by 227, when we finally obtain the 
following result: 

Caucuy’s THEOREM. If the function f(z) is regular in the closed domain, 
B and does not vanish on the contour of this domain, the number of 
zeros of the function in the domain is equal to the change in the amplitude 
of the function on describing the contour, divided by 2x, or, in other words, 
tt is equal to the change in the amplitude expressed as parts of 27. 

The above theorem is evident in the case of polynomials. Take, for 
example, a polynomial of the third degree and represent it as a 
product of first degree factors: ` 


Ay + 0,2 + 032? + a32? = ay (Z — by) (2 — ba) (z — by). 


Suppose that the zeros b, and b, lie within the contour / and that the 
zero b, lies outside the contour l. Every difference (z — by) corresponds 
to a vector drawn from b, to z. When the point z describes a circuit 
round the contour / the amplitudes of the vectors (z — b,) and (z — 8,) 
evidently receive an increment of 2x, but the amplitudes of (z — 8,) 
remains unaltered. Hence the total increment of the function is equal 
to 42 (the amplitude of a product is equal to the sum of the amplitudes 
of the factors) or, expressed as parts of 2x, this increment is equal to 
2, i.e. it is equal to the number of zeros inside J. 

Let us establish a further theorem on the number of zeros of a 
regular function; this is a direct result of Cauchy’s theorem. Assume, 
as before, that f(z) is regular in a closed domain and does not vanish 
on the contour. Assume that we have another function ¢(z), which is 
regular in a closed domain, and the modulus of which on the contour 
Lis less than that of f(z), i.e. 


|p (z)| <|f(z)| on 7. (121) 


Notice that, when this condition applies, f(z) evidently cannot 
vanish on Z. Consider the two functions: 


f(z) and f(z) + g (2). (122) 


Both functions satisfy the conditions of Cauchy’s theorem. We have 
shown this to be so for the first function and the second function 
cannot vanish on the contour because of the condition (121). We shall 
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show that the second function has the same number of zeros within 
the contour as the first function. For this purpose consider the ampli- 
tude of this function on the contour, remembering that on the contour 


fle) #0: 
arg [f (z (z)] = arg f (2) + arg| 1 +70), 


To prove our assertion it is sufficient to show that, on completing a 
circuit round the contour J, the change in the amplitude 


9 (2) 
arg [2 $ PE] (123) 


is equal to zero. In accordance with the condition (121), the modulus 
of the fraction g(z)/f(z) is less than unity and, consequently, on 
describing a circuit round the contour / the variable point 
, gn 
zmlk 177 

will always lie inside a circle C, centre z’ = 1 and unit radius. 
This variable point describes a closed curve which lies within the 
circle C and which evidently does not encircle the origin. We can 
thus see that the variation in the amplitude of the expression (123) 
is in fact equal to zero. 

Rovucne’s THEOREM. If f(z) is regular in a closed domain witha contour 
l and 9(z) is also regular in a closed domain and satisfies on the contour 
L the condition (121) then the functions f(z) and f(z) + p(z) have the same 
number of zeros within the domain. 

Note that from Rouche’s theorem follows the basic theorem of algebra, 
viz. any polynomial of the nth degree: 





dg taz+...+a,2"  — (a,#0) (124) 
has exactly n zeros in the plane. For suppose we put here f(z) = an 2” 
and 9(z) =a) + a, z + ...+a,-,2"*. On any circle, centre the 


origin and a sufficiently large radius, we evidently have| (z) | < 
| f(z) |, since the degree of the polynomial g(z) is lower than the 
degree of the polynomial f(z). In accordance with Rouche’s theorem, the 
polynomial (124) has the same number of zeros inside the circle as 
the polynomial f(z) = a, 2", and the latter polynomial has a zero of 
multiplicity n at the origin. 

We shall also point out a consequence of Cauchy’s theorem 
which is of great importance in the theory of conformal transformation. 
Suppose that the function 

w = f (2) (125) 
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is regular in a closed domain and, when the point z describes a circuit 
round the contour l, the point w describes a simple closed circuit 
round the contour l, which does not cut itself (Fig. 20). We shall 
show that the function (125) transforms in this case the initial region 
B into the domain B,, bounded by the contour l. Take a point w 
inside the contour /, and a point 
M2 W, outside the contour l. We have 

to prove that the function 


F, (2) =f (2) — w, 


has one zero in the domain B 
and that the function 


F, (2) = f (2) — w, 





Fıc. 20 . 
a has no zeros. When the point z 


describes a circuit round the con- 
tour/the difference f(z) — w, = w — w; will correspond to a vector drawn 
from the point w, to the variable point w on the contour l. Two 
cases are conceivable: the point w can describe the circuit round the con- 
tour } in the counter-clockwise direction or the circuit can be described 
in the clockwise direction, assuming that the point z describes the cir- 
cuit in the positive direction, i.e. in the counter-clockwise direction. In 
the first case the variation in the amplitude of the function F(z) 
is evidently equal to 22, and consequently, this function has one 
zero within Z. In the second case we obtain a negative number (—2z) 
as the variation in the amplitude of the function F(z) and it ap- 
pears that the function F(z) has minus one zero in the domain which 
does not make sense, since the number of zeros must either be equal 
to zero or be a positive integer. Hence the second case is impossible, 
and when the point z describes a circuit round the contour / in the 
positive sense then the corresponding point w must describe a circuit 
round l also in the positive sense. Let us now turn to the function 
F(z). The amplitude of the corresponding vector from wz to the 
variable point w on the contour l, receives no increment on describing 
a circuit round the contour l, and, consequently, the function F(z) 
has no zeros within J. We thus arrive at the following theorem: if 
f(z) is regular in a closed domain B with a contour / and transforms 
l into a simple closed contour l, which does not cut itself, then on de- 
scribing a circuit in the positive sense round the contour J, a circuit 
in the positive sense is also described round the contour l, and the 
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function f(z) transforms the domain B into the part of the plane 
bounded by the contour 1. 

We obtained Cauchy’s theorem by considering the integral on the 
left-hand side of formula (120) and assuming that f(z) is regular 
in a closed domain and does not vanish on the contour. Let us now 
assume that f(z) has a finite number of poles in the domain but that 
it is otherwise regular and that it is also regular on the contour, on 
which it does not vanish. In this case, as we have seen, the integrand 
has simple poles in the domain at the zeros of the function f(z}, with 
a residue equal to the order of the zero, and at the poles of the 
function f(z) with a residue equal to minus the order of the pole. 
Applying the fundamental theorem of residues to this integral, we 
obtain in the case under consideration the following formula instead 
of the formula (120): 








1 * (2 
Oni [Fa dz=m—n, (126) 
where m is the total number of zeros and n the total number of 
poles of our function in the domain. Assume that these zeros are situated 
at the points b,, ..., Öm, and the poles at the points cı, Cz, ..-,¢n, 
where multiple poles and zeros are counted several times. It is easy 
to prove the following formula by using the fundamental theorem 
of residues: 


1 £ @) 
ai J? TE 





dz = (b, +b, +... + bm) — (ey H e2 + --- +e,), (127) 


i.e. the integral on the left-hand side expresses the difference between 
the sum of the coordinates of the zeros and the sum of the coordinates 
of the poles. In fact, in the case of a zero b of multiplicity k we have 
the following expansion in the neighbourhood of that point: 


276 = [b + (z — b) |E + to + a, (2 — b) + ais 





whence it follows that the residue at this point is equal to kb. 
The same argument also applies fora pole. 

In conclusion we shall make an addition to the above theorem 
about the conforma! transformation of one domain into another domain. 
It is given that f(z) has one simple pole in the domain B, i.e. in formula 
(126) n = 1, and that f(z) transforms the contour / into a simple closed 
contour which does not cut itself, but when describing a circuit 
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round Z in the positive sense a circuit in the negative sense will be 
described round the contour /,. Let us consider once again the functions 
F(z) and F,(z). They both have the same simple pole in the domain 
as the function f(z). For the first of these functions the variation in the 
amplitude, expressed as parts of 2x, is equal to minus unity but, 
on the other hand, in accordance with formula (126), this change in 
the amplitude must give the difference between the number of zeros 
and the number of poles; thus by hypothesis, the function has one 
pole. It therefore follows that the function F(z) has no zeros. Con- 
versely, the variation in the amplitude of the function F(z) when 
the point z describes a circuit round lis equal to zeroi.e. the difference 
between the number of zeros and poles is, for this function, equal 
to zero. But this function has one pole and, consequently, it, must 
also have one zero. Thus in the case under consideration the func- 
tion f(z) transforms the part of the plane inside the contour 7 into 
the part of the plane outside the contour l, while the pole is trans- 
formed into the point at infinity. 


23. The inversion of a power series. We shall now apply Rouche’s 
theorem to the investigation of a function which is the inverse of a power 
series: 


w = l + a (z — b) +a (2 — b)? +... = F (2). (128) 


To begin with we assume that the coefficient a, is not equal to zero, 
i.e. F’(b) # 0. For values of z which are close to b we obtain values 
of w which are close to a). We shall show that in the case under con- 
sideration a neighbourhood of the point b will be transformed into a 
one-sheeted neighbourhood of the point ay which contains this point. 
It will then follow that the inverse function to (128) will be single- 
valued and regular in the neighbourhood of the point a) and there- 
fore can be expanded into a Taylor’s series in powers of (w — a,). 

The function 


Fe) =a, (z —b) +a, (2—b)? +... 


has a simple zero at the point b and it will certainly not vanish in the 
neighbourhood of this point [18]. Let K be a circle, centre at b, in 
which the function f(z) is regular and where it has a single zero z = b. 
On the circumference C of this circle | f(z) | does not vanish; a positive 
uumber m exists such that on the circumference | f(z) | > m. Assume 
further that K, is a circle in the w-plane, centre at a) and radius ọ, 
which is smaller than m. Take a fixed point w in this circle. 
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We consequently have | a) — w| < ẹ < m, i.e. on the circum- 
ference C of the circle K we have | ag — wo | < | f(z) | since | f(z) | > m 
on C. In accordance with Rouche’s theorem the function 


ao — Wy + f(z) =a, + F (2) — w = F (2) — w, 


has the same number of zeros in the circle K as the function f(z), i.e. 
one zero. In other words, the values of w = F(z) provide a one- 
sheeted covering of the circle K, when z varies in the neighbourhood 
of the point z = b, i.e. the one-sheeted circle K, in the w-plane corres- 
ponds to non-circular neighbourhood of the point z = 6 in the z-plane 
(which contains the point z = b). Our assertion has thus been proved, 
ie. if in the series (128) the coefficient a, # 0, then the neighbourhood 
of the point z = b will be transformed into a one-sheeted neighbourhood of 
the point w = dy and the inversion of the series (128), when the values 
of w are close to w = dg, will have the form: 


z2=b+ Sc, (W — a)". (129) 
n=1 


We shall now consider the case when the first few coefficients vanish 
in the series (128): 


W — dy = apm (2 — b)” + a4, (2 — B)™ 4+ 


+ ama (2 — b) + (am 0), (130) 
i.e. 


w — ag = yy (2 — b) [1 -+ FEE (e — b) + FE (e — b)? + a 


This formula can be rewritten in the form: 


|- 


mm m 


w—a, = Vam (z—d) {i + [feu (z—b) po (z—b)2+.. =| (131) 


an 








m 

where for Ja, we take a definite value of the radical, whilst the 
expression {1 + [...]}""" has m different values for z close to b, 
these values being all obtained from any one of them by multiplying 
by the values of the mth root of unity [I, 175]. The latter equation 
is equivalent to (130). On the right-hand side the sum in the square 
brackets is close to zero for values of z close to b, and we can apply 
Newton’s hinomia] formula to this square bracket [16]: 


Rial (tse 
i= fgg ee a 
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A circle which can be as small as we please, centre at z = b, can be 
found in which the square bracket is a regular function, the modulus 
of which does not exceed a number g, which is smaller than unity. 
In this circle the above series converges absolutely and uniformly. 
The terms of the series in this circle form power series and by using 
the Weierstrass theorem as applied to power series, we obtain an ex- 
pansion of the figured bracket on the right-hand side of formula (131) 
in the form of a power series in the above circle: 


(14 [...JP=1 e (2 — b) + ca (2 — b)? + pate 


and this formula (131) can be rewritten in the form: 


Jo—a,=d,(2—b)+a(z—B+..., (131) 


m 
where d, = Vam # 0. When applying Newton’s binomial formula, we 
took a definite value of the radical on the right-hand side of formula 
(130), and formula (131,) gives us the same value of the radical on the 


m 
left-hand side of (131,). Denote this value of /w—a, by w’: 


wo’ = Vo —a,=d, (2-0) +d, (2b)? 4... (132) 


From what was proved above (4,40), the one-sheeted neighbourhood 
of the point z=6 will be transformed into the one-sheeted neighbour- 
hood of w’=0 and owing to the fact that w — a,=w'™, the one-sheeted 
neighbourhood of w’ = 0 will be transformed into the m-sheeted 
neighbourhood of the point w= 4, [19], if we take all the values of 
)w—ay i.e. in the case (130) the one-sheeted neighbourhood of the point z =b 
will be transformed into the m-sheeted neighbourhood of the point w = ay. 

Furthermore the derivative of the function (132) does not vanish 
when z=), and consequently, under transformation by this function, 
angles at the point z = b remain unaltered [3]. The further trans- 
formation w — a, = w™ magnifies angles at the point w’=0 m 
times since, raising to the mth power, the amplitude of the complex 
number w’ is multiplied by m, i.e. under transformation by the function 
(130), angles at the point z = b are magnified m times. 

Finally, in accordance with what has been proved, the inversion 
of the power series (132) has the form: 





2=b+ S enw", 


n=l 
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or, returning to the variable w, we obtain the inversion of the power 
series in the form: 
z=b+ Şe, (Vw— b. (133) 
n=l 


m 
As mentioned above, the formula w’ = yw -— b transforms the 


m-sheeted neighbourhood w = b into a one-sheeted neighbourhood 
w’ = 0 if we take all the possible values of the radical; in the 
expansion (133) we must also take all the values of the radical 
appearing on the right-hand side. Only then do we obtain aone-sheeted 
neighbourhood of the point z = b. 

Above we considered the case when the point b and the correspond- 
ing point a, lie at a finite distance apart. Exactly the same results are 
obtained when one or both these points lie at infinity. Suppose, for 
example, that b = œ and that a, is finite. In this case we have the 
following expansion instead of the expansion (130): 


l 1 
W — lo = Amm T mt Saga + +: (m >0; a,,4#0). (134) 


When m = 1, the one-sheeted neighbourhood of z = œ is transformed 
into a one-sheeted neighbourhood of w = do. When a, = œ and b is 
finite our function has a pole at the point z = b. If this pole is 
simple, i.e. when the expansion has the form: 


w= —=! 
~~ z—b 





ee) eee (135) 


then the one-sheeted neighbourhood of the pointz = b is transformed 
into the one-sheeted neighbourhood of the point w = œœ. Finally, when 
b = a, = © our function is defined at infinity and has a pole at that 
point. If this pole is simple then the scree has the following form: 


w = az + ao + -$ 4 Se s+. (136) 


and the one-sheeted neighbourhood X the A z = œ is transformed 
into a one-sheeted neighbourhood of the point w = œ. The function 
inversa to (136) has an Seca of the same form: 


z=Żw +b ap Oe ts (137) 


24. The principle of symmetry. In [18] we described the analytic 
continuation of the domain B, into a new domain B, in the event when 
this new region overlaps the initial domain; but at that time we 
did not give a practical method for performing the process of 
analytic continuation in the general case. We shall now describe one 
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method for performing analytic continuation in a special case, when 
the new domain does not overlap the initial domain but merely 
touches it along a contour. However, to begin with, we must prove an 
auxiliary theorem. 

RieMANN’s THEOREM. If f,(z) is regular on one side of an arc of the 
curve Land also on the curve while f,(z) has the same property on the other 
side’ of the curve, and the values of these functions coincide on the arc L, 

then these two functions jointly define a 

lı 4, single regular function in a domain 

which contains the given arc or, in 

other words, f,(z) is the analytic con- 
tinuation of f,(z). 

Draw the contours l and l, which 
have common ends on L; one con- 
tour lies in the domain where the 
function /,(z) is regular and the 
other in the domain where the function f (z) is regular, so that our 
functions /,(z) and /,(z) are regular in the domains B, and B,, bounded 
by the closed contours J, and L and l and L respectively (Fig. 21). 
Take a point z in B,. This point lies outside B, and we can therefore 


Q 
Fic. 21 














write [7]: 
A@=s7 | le; 
LIL 
Í = 
o= ia Jz ; dz’. 
tL 


If we add these two equations, on the right-hand side we have to 
integrate twice along the arc L in opposite directions, while the integ- 
rands are the same in both cases, since, by hypothesis, the values of 
f(z’) and f,(z’) coincide on L. The two integrals thus cancel each other 
and only integrals along the arcs J, and l, remain. For the sake of 
simplicity, denote by f(z’) the function which is equal to /,(z’) on the 
arc 1, and equal to f,(z’) on the arc l. Adding the above equations, we 


obtain: 
1 
hO =g | Se. 
th 





Similarly, by taking the point z in the domain B,, we obtain: 
h (2) e 1 2 die) dz’, 
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ie. our functions /,(z) and /,(z) are expressed by the same integral of 
Cauchy’s type round the closed contour (l + J,). Consequently, the first 
of these functions can be analytically continued from the domain B, in 
the domain B,, while the second function can be continued from the do- 
main B,into the domain B, and, as a result of the analytic continuation, 
a single analytic function is obtained, which proves Riemann’s theorem. 

Note that we used Cauchy’s 
formula in the above proof; this 
formula also applies when the 
function is not regular on the 
contour but when it is conti- 
nuous in a closed domain and 
regular in that domain. We are 
thus under no obligation to 
assume that the two given func- 
tions /,(z) and f(z) are regular 
on the arc itself, as is given 
in the conditions of Riemann’s 
theorem. It is sufficient that 
h(z) is regular on one side 
of the arc Z and that it is continuous as far as the arc; the same applies 
to f,(z) on the other side of the arc; also, the values of these functions 
must coincide on the arc L. Riemann’s theorem thus proves that each 
function can be analytically continued across the arc and that one of 
these functions is the analytic continuation of the other. 

Let us now consider the principle of symmetry. 

THE PRINCIPLE OF SYMMETRY. If f(z) is regular on one side of a segment 
(a, b) of the real axis and if it is also continuous up to this line, while on 
the line itself its values are real, then this function can be analytically 
continued across this line, and at points symmetrical with respect to the 
real axis, this function has complex conjugate values. 

Assume, for convenience, that our function /,(z) is regular in a domain 
B,, which touches the line (a, b) and lies above it (Fig. 22). Construct the 
domain B; so as to be symmetrical with B, with respect to the real axis 
and proceed to define the function /,(z) in that domain according to the 
following rule: assume that at every point A, of the domain B, the 
function /,(z) has a complex value, which is conjugate with the value 
of the function /,(z) at the point A,,symmetrical with respect to the real 
axis. These symmetrical points evidently have complex conjugate 
coordinates and denoting, as usual, the complex number which is 
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conjugate with a by a, we can define our function /,(z) in the domain 
B, as follows: 
f(z) = fı (2)- 

This newly constructed function will be regular in the domain B,, 
for the increments Az of the independent variable and Aw of the 
new function are complex conjugates to the analogous magnitudes 
for the function f,(z) at the symmetrical point. The same can be said 
with regard to the ratio of their increments. Consequently, this ratio 
tends for the function f,(z) to a definite limit, equal to the complex 
conjugate to the analogous limit for /,(z), i.e. it tends to a limit equal 


to f’(z); therefore the function /,(z) will be regular in the domain B,. 
The values of f,(z) coincide with the values of /,(z) on the line (a, b), 
since on this line the values of /,(z) are real. In accordance with 
Riemann’s theorem, f,(z) is the analytic continuation of /,(z) across 
the line, which proves the principle of symmetry. 

The principle of symmetry can be formulated geometrically as fol- 
lows: if /,(z) is regular on one side of the segment (a, b) of the real axis 
and if it transforms this segment into another segment on the real axis, 
then this function can be analytically continued across this segment; 
now, points symmetrical with respect 
to the real axis will be transformed 
into other points, symmetrical with 
respect to the real axis. The principle 
of symmetry can be formulated in a 
more general way, by introducing 
the concept of points symmetrical 
with respect toa circle, viz. two points 
are symmetrical with respect to a 
circle if these points lie on the same 
radius of the circle (one point must 
lie on the radius itself and the other 
on its continuation) and the product of their distances to the 
centre of the circle is equal to the square of the radius of the circle 
(Fig. 23). 

Let A, and A, be two points symmetrical with respect to the circle 
C. Draw a circle C’ through these points and let M be one of the 
points of intersection of this circle and the circle C. 


Taking into account the fact that the product of OA, and its outer 
part OA, must be equal to the square of the tangent and, on the other 
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hand, that by definition this product must also be equal to the 


square of the radius OM?, we can assert that OM is a tangent of the 
circle C’, i.e. the circle C’ is orthogonal to the circle C. It is thus 
easy to see that two points A, and A,, symmetrical with respect to 
the circle C, have this characteristic property: any circle drawn 


Ay 


Fic. 24 


through these points is orthogonal to C, or in other words, a family of 
circles through points, symmetrical with respect to the circle C, consists of 
circles orthogonal to C. Two points, symmetrical with respect to a 
straight line, have the same characteristic property, viz. a family of 
circles drawn through these two points consists of circles orthogonal to 
the straight line (Fig. 24). 

In this general form the principle of symmetry reads as follows: 
if f(z) is regular on one side of an arc (a, b) of the circle C,, if it is 
continuous as far as the arc and transforms this arc into an arc of 
another circle C,, then /,(z) can be analytically continued beyond this 
arc (a, b) and points, symmetrical with respect to the circle C,, are 
transformed into points, symmetrical with respect to the circle C,. 
In this definition of the principle of symmetry we can understand by 
the term ‘‘circle’’ a circle in its ordinary sense or a straight line. 

The proof of this general definition of the principle of symmetry is 
given at the beginning of the following chapter. 


25. Taylor’s series on the circumference of the circle of convergence. 
Consider Taylor’s series 


2," a(z — b)“ (138) 


100 THE BASIS OF THE THEORY OF FUNCTIONS OF A COMPLEX VARIABLE [25 


with radius of convergence R. Putting z — b = ge’, we can write 
the series in the form: 


> ao (139) 
k=0 
or 


> a; (cos ky + isin ky) o*. 


It is given that this series converges when ọ < E. When 9 = R, ie. 
when we are on the circumference of the circle of convergence, we can 
say nothing definite about convergence. If we take, for example, 
the series 

ltezet2?+... ` (140) 


with the radius of convergence R = 1, then on the circumference of 
the circle of convergence, i.e. when |z | = 1, the moduli of all terms 
of the series are equal to unity, and the series, evidently, diverges 
on the entire circumference of the circle of convergence. Consider the 
following series as the reverse example: 


142454... (141) 


In this series the ratio of the modulus of one term to the modulus 
of the preceding term is 


z’ 
n? 











= (eer) l2: 


and this ratio tends to |z |; therefore, in accordance with d’Alam- 
bert’s test, the radius of convergence of this series is also equal to 
unity. By substituting z =e” we obtain a series, the moduli of the 
terms of which are equal to positive numbers 1/n?, forming a con- 
vergent series, i.e. the series (141) converges absolutely and uniformly 
not only inside the circle of convergence but also throughout the closed 
domain including the circumference. We can thus see that the con- 
ditions relevant to the convergence of a power series on the circumfer- 
ence of the circle of convergence can be very varied. 

We saw earlier that differentiation and integration of a power 
series does not alter the circle of convergence. However, these processes 
can have a definite effect upon the convergence of a series on the 


zn+1 
[ac i 


95] TAYLOR'S SERIES ON THE OLRCUMFERENCE OF THE CIRCLE OF CONVERGENCE 101 


circumference of the circle of convergence. Thus, for example, by 
integrating the series (140) twice we obtain the series 

2 z3 zi 
Terga arte 
which, like the series (141), converges absolutely and uniformly 
throughout the closed circle. 

We shall now describe a theorem which deals with the sum of a 
power series, when the latter converges on the circumference of the 
the circle of convergence. We proved an analogous theorem earlier 
for the real variable [I, 149] and we shall therefore not prove this 
theorem again: below we just formulate the result. 

ABEL'S SECOND THEOREM. If the power series (138) converges at a 
point z = b = Re'® on the circumference of the circle of convergence, 
then it will converge uniformly along the whole length of the radius 
arg (z — b) = gp. It follows that the sum of the series is a continuous 
function along the whole length of the radius, i.e. the value of the sum 
of the series at a point Re?» on the circumference is equal to the limit 
to which the interior value of the sum of the series tends when ap- 
proaching the point Re! along the radius from the interior. A simple 
evaluation of the sums of certain trigonometric series is based on this 
theorem. 


Consider one example. In the expansion 
z 2 z3 zi 
log pea Sag tz t saa 


replace z by (—z) and subtract the series thus obtained from the one above. 
We thus obtain the expansion 





l—z 


ig = =2(F+5+7+-) (142) 


in the circle of convergence |z| <1. In this expansion, put z = ef? and 
separate the real and imaginary parts: 


cos p cos 3p cos 59 a {sing sin 39 sin 5p 
2( 7 t- t +-)+2( r ee a to). 

















It can be shown, though we are not going to do so here, that both these trig- 
onometric series converge when ọ differs from k x (k = 0, +1, +2,...). 
Let us determine the sums of these series. Separating the real and imaginary 
parts of the function, we have: 

1 +z jl +z| 


log 7—7 718 Tiz] 


g l+z 
tiag Tor 
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From Fig. 25, when z = ə? we obtain directly: 


Jl 4+z|=2 


g 
cos z| 





(0 < 9 < 27), 


-= 2|= 2sinf: 

The amplitude of the fraction (1 + z)/(l — z) is equal to the angle between 
the vectors AM’(—z — 1) and AM(z — 1); when z = 0 the sum of the series 
(142) is equal to zero, and in this case the angle must also be equal to zero. 
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When the point z coincides with the point e°? this angle rests on the diameter 
and is evidently equal to (+ 2/2.) We have thus found the sum of the above 
trigonometric series: 

cos 


„P _ 9 {£98 cos 3g 
log cot = 2{ I + 3 +...) 





0 <p <x) 








z sin sin 3 
z=2( e +) 

Note one other circumstance, connected with the representation of 
the trigonometric series in the form (139). Separate the real and imagi- 
nary parts in the coefficient ap, viz. a, = a, — ix. Substituting in 
formula (139) and separating the real and imaginary parts in the sum, 
we obtain the following formula: 


f (2) = > (acos kp + B, sin kp) o" + 


k=0 


+i > (—B,coskp + a, sin ky) œ. (143) 
k=0 
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The second trigonometric series differs from the first series only by 
the fact that the coefficients of cos kp and sin kp are interchanged 
and the coefficient of sin kp has its sign reversed. The second trigono- 
metric series is usually said to be conjugate with the first series. Note 
that we introduced the minus sign in the coefficients a, for greater 
simplicity in subsequent formulae. This is of no fundamental import- 
ance, since the real number £, can be both positive and negative. 


26. The principal value of an integral. We shall now consider the limiting 
values of Cauchy’s integrals. To begin with let us introduce a new concept in 
connection with integrals of discontinuous functions. Let z= c be a point 
in a finite interval (a, b) and f(z) a function which is defined in this interval. 
Assume further that the integrals 


cs b 

f f(z)dz and f f(z) dz (144) 

a e+e 
exist for any £ > 0. Assume, for example, that f(z) is continuous in the whole 
interval (a,b) except at the point z = c and that it becomes infinite when 
z tends to c. The improper integral of f(x) over the interval (a, b) can be defined 
as follows: if when € + +0, the integrals (144) tend to finite limits then the sum 
of these limits is, in fact, equal to the integral of f(z) in the interval (a, b) 
[1, 97]. If the integrals taken separately have no limits but the sum of the in- 
tegrals, when € — +0, tends to a finite limit, then this limit 


e-s8 b 
lim Ste) da + f f(z) åz 
s—+0| a che 
is known as the principal value of the integral over the interval (a, 6): 


c—e b 
f f(z) da+ f (2) azl. (145) 


. a e+e 





b 
v- p. f f(2)da = lim 
a e— +0 


where v. and p. are the first letters of the French words valeur principale which, 
in English means “principal value”. 

In future, for the sake of compactness, we shall not write the letters v. p. 
in front of the integral. The main feature of definition (145) is that the limits 
of integration on the right-hand side of the formula contain the same number, 
which tends to (+0). 

The principal value of an integral can be defined similarly when f(x) has 
several discontinuities in the interval. If the usual improper integral of the func- 
tion f(z) exists over the whole interval (a, b) [I, 97] then the principal value 
(145) of the integral evidently coincides with this improper integral. It follows 
from the definition (145) that a common factor can be takca outside the integral 
and that the integral of a finite number of terms is equal to the sum of the 
integrals of the individual terms, on the assumption that the integrals of the 
terms exist only in the principal value sense. 


104 THE BASIS OF THE THEORY OF FUNCTIONS OF A COMPLEX VARIABLE [26 


We shall now give some simple examples of the principal value of an integral. 


Consider the integral: 
b 


de 


where a <x <b and where p is a positive number. When p > | we have: 


x-—é 


| a" + tg aay ~~ pat lesa - pra t 


+i P= ar} 


When p is even the last term on the right-hand side is (—2): P71, and the right- 
hand side increases indefinitely when € — (+0), while the integral (146) does 
not exist. However, when p is odd the right-hand side of the above formula 
does not contain € and we have: 














b 
J aap lpm pam] © oda 
When p = I, we obtain: 
x—a t=x—e b 
j #4 fa de = log (x — t) + log (t — x) | = log 2, 
a x+6 t=a t=x+6 
i.e. 


b 

{< =] b-r. 
t-z Eza 

a 


We say that the function w(x) satisfies a Lipschitz condition of order a in the 
interval (a, b), where O <a < 1, provided that for arbitrary values of x, and z, 
in the interval, the conditions shown below are satisfied: 


| © (£2) — w (21) | < k | a, — z, |5, (147) 








where k is a constant. We introduced the same condition earlier, when a = }, 
and we saw that it is satisfied when w(x) has a bounded derivative in the 
interval [II, 51]. Consider the integral: 


b 








w (t) 
} (2) = fz = dt, (148) 
a 
which can be rewritten in the form: 
f (t) f (è) (x) dt 
w w (t) — w (x 
[= dt = [< 2 de + w (2) f ja 


a a a 
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Using the condition (147) we obtain the following inequality for the integ- 
rand of the first integral in the neighbourhood of the point t = z: 
w (t) — w (x) k 


ts |S aie 





(149) 


and, consequently, this integral is absolutely convergent in the usual sense 
[II, 82]. The second integral is equal to: 


b- 


w (x) log =a 





Hence the integral (148) has a meaning for any x in (a, b) provided that w(t) 
satisfies a Lipschitz condition (147). The function f(z), which is defined by the 
equation (148), is defined for all values of x in (a, b). Construct the expression: 


x— b 
f wl) ar f Ot) at. (150) 








t-r t— rr 
x+s 


When e is positive the integrand is a continuous function of ¢ and z, provided 
that x belongs to an arbitrary closed interval within the interval (a, b), and 
that ¿ belongs to the interval (a, z — e) or (x + e£, b); consequently, the expres- 
sion (150) is a continuous function of x [II, 80]. Using the identity: 


w (t) w (t) — œ (x) l 
roa ao ae 





and the condition (147), it is easy to show that when € — (+0), the expression 
(150) tends uniformly to the limit f(x) with respect to x and, consequently, the 
function f(x), defined by the formula (148), is a continuous function in any 
closed interval contained in (a,b); in other words, the function f(x) is a contin- 
uous function in the interval (a, b). Later we shall prove the more precise 
result viz. when æœ(¢) satisfies a Lipschitz condition of order a <1 then the 
function f(x) will also satisfy a Lipschitz condition of the same order a in any 
interval within (a, b). When a = | in the condition (147), f(x) satisfies a Lip- 
schitz condition of an order less than unity. 

The continuity of the function w(x) evidently follows from the condition 
(147). On the contrary, it does not follow from the continuity of the function that 
it satisfies a Lipschitz condition, i.e. a Lipschitz condition is a stronger condi- 
tion than mere continuity. Note, that if the integral (148) is to exist at a point 
x it is sufficient that w(t) satisfies a Lipschitz condition in a neighbourhood 
of the point x and that in the remaining part of the interval (a, b) it is continuous 
or merely integrable for the integral (148) exists when the inequality (149) 
applies to all values of ¢ sufficiently close to x. If every point x in the inter- 
val (a,b) belongs to the interval in which a Lipschitz condition (147) is 
satisfied with a given a and k, then the integral (148) exists for all values of 
z in (a, b). Here, the constants a and k can be different in different intervals 
contained in (a, b). 
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We shall now investigate the possibility of a change of variables in the 


integral (148). To begin with, let us prove the lemma: if (€) and 7,(€) are such 
that the ratios ņ (£): € and m(£): £ tend to zero when e€ — (+0), then 


x—e+n,(e) b 
fee az= jim f a di + f 22 al 





t— rT 63+0 t— t—z 
a x+e+m,(8) 


To prove the lemma it is sufficient to prove that 





x—8+n,(8) x+et+n,(s) 
lim f oW d0 and lim f LW aya 
e= +0 t—r 6470 i— T 
x-—s x+e 


We shall prove, for example, the first of these equations. Assume that n,(e) >0, 
then |¢—a2|> ¢€—7,(e) when t@—e <Q t<2—e-+ mle) and, conse- 
quently: > 
x—#8+7,(€) 
ott) dt 


OEC EET 


e — m (£) 1 — 28) £ 





x-6 


where m is the maximum value of |œ(t)|. When 7,(e) <0, we can write: 


x—e+7,(8) 
oO y 
t—rr 


< mlm] 
e 





x—e 


and the lemma is thus proved. 

By using this lemme it is easy to prove the formula for the change of vari- 
ables in the integral (148). 

THEOREM. Let t = u(t) be a monotonically increasing function of t, varying 
in the interval (a, b) when a < t < $, while u(r) has continuous derivatives up 
to the second order in the interval (a, p) and p(t) # 0 in (a, B). In this case the 
formula for the change of variables applies: 


w (t) oje] o 
[pte i rOue gen 


where x = u(¢) and the integral on the right-hand side is to be understood in the 
principal value sense. 

In accordance with the definition of the principal value of an integral, we 
form the sum: 


-e 
KADAN oloje E 152 
e a+ f Suo ra on 


Denote: (ê — e) = x — e’ and u(Ẹ + £) = x +e’ + n. According to Taylor's 
formula: 


B(E+h) = 





(0<6<1). 
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Putting h = —e and later, h = +e, we obtain: 
E? 
x —e’ = x — ep’ ($) + > K” (Ë — 88) ; 


2 
z HE += x+ ep (6) +H (E + 628) (0<8, and 8, < 1l), 
whence: 
- r E Ua e? # a” 
e=e|wo- grea]; n= Flere +o) +e Eo], 
and, consequently, the ratio 7 : e€’ tends to zero when «’ + 0. Transforming 
the integrals in the sum (152) to the variable ¢, we can write this sum as follows: 
x-8 


Vee dt + f oO a, 


t— zr 
x+ +n 








and by using the lemme proved above we can assert that the sum (152) 
gives in the limit the integral on the left-hand side of (151), which proves the 
above formula. In the conditions of the theorem the “monotonically increasing 
function u(t)? can evidently be changed to ‘monotonically decreasing”. 


27. The principal value of an integral (continuation). The concept of the 
principal value of an integral can also be applied to a line integral. We shall 
only consider integrals of Cauchy’s type: 





f (8) ~ | 2n dr, (153) 
L 


where L is a closed or open contour in the plane of the complex variable r 
and ¢ is a point on that contour, which does not coincide with its end when the 
contour L is open. Let s be the length of the arc L, measured from a certain 
point. In future we shall assume that the functions x(s) and y(s) in the para- 
metric equation of the contour r(s) = z(s) + y(s)¢ have continuous derivatives 
up to the second order. Assume that the point r = £ corresponds to the point 
8 = 8,. The principal value of the integral (153) can be defined as the principal 
value of the integral with respect to the real variable s: 


I 


if ofto] <8) de, (154) 


T (8) — T (8) 








where J is the length of the contour L, and we can assume that s, lies in the 
interval of integration. Precisely as in [26], it can be shown that the integral 
(153) exists if the function w(t) satisfies a Lipschitz condition on L: 


| @ (Ta) — w(t) | < k| t — 7 |" (0<a<l). (155 
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Using the theorem for the change of variables proved in [26], it is easy to 
show that if, in the parametric equation of the contour t(¢) = z(t) + y(t), 
the functions have continuous derivatives up to the second order and 1’(¢) Æ 0, 
then the principal value of the integral (153) reduces to the principal value of 
the integral: 


° okol 
w 2 
oro aa 


where (a, f) is the interval of variation of the parameter ż and ¢ = t, corresponds 
to the point t = £. If w(z) is identically unity then we have the primitive 
log (T — to) for the integral (153) and we obtain the following result when 
the contour is closed: 





a 
i soem. (156) 
L 


We must always remember that we integrate round a closed contour in the 
counter-clockwise direction. Similarly, as in the case of a straight line, we can 
assert that, when the condition (155) applies, then formula (153) defines a 
function f(¢) which is continuous at all interior points of L, when the curve 
is open, or at all points of L, when the curve is closed. In this case, as in the 
case of the straight line, the more exact theorem, proved by I. I. Privalov 
(Dokl. Akad. Nauk, S.S.S.R., XXIL, No. 9, 1939) applies: 

If the condition (155) applies then the function f(&) satisfies on a closed contour 
L a Lipschitz condition for the same a when a < l, or of any order, less than 
unity, when a = 1. If L is an open curve then the same condition applies for f(&) 
on any closed arc of the curve within L. 

We shall prove this theorem for a section of a straight line. The proof is 
analogous for contour integrals. As a preliminary let us make some remarks 
with regard to a Lipschitz condition. It is easy to see that a Lipschitz condition, 


(f(E +48) — f (8) | < k] 46% (157) 


can be tested for sufficiently small values of | 4¢ |. In fact, let (157) be proved 
for | A4E| < m, where m is a positive constant. When | 4&| > m then the 
relationship: 
L(+ 44) -f (6) | 
| 4é |* 


remains bounded, i.e. 
[F(E + 48) — f ($) | < ki | 4E|* (148| > m), 


where k, is a constant. Choosing the greater of the two constants k and k, 
we obtain a Lipschitz condition for all permissible values of 4é. Suppose also 
that f <a<_ 1. For values of 4é, with modulus less than unity we have 
| J£ | 8 > | 4é| a, and therefore, if f(£) satisfies a Lipschitz condition of order 
a, then it will also satisfy this condition of order f. Suppose that the two 
functions f,(&) and f,(¢) satisfy a Lipschitz condition of the same order a. 
It is easy to see that their sum and their product also satisfy this condition of 
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the same order. In the case of the sum this is directly due to the fact that the 
modulus of a sum is less than or equal to the sum of the moduli, and in the 
case of the product we can write: 


fy (E + 48) fa (E + 48) — fh (8) fa (8) = fe (E + 48) [A (E +48) — fA 6] + 
+A (È [fa (E + 48) — fe (6). 


from which our remark about the product follows directly. 
We shall now prove the above theorem. We have: 


b 


p= {2 ooa, 
a 





or 


b—& 
&—a’ 





b 
f) -|209 dt + w (&) log 
a 

where w(t) satisfies a Lipschitz condition of order a. Assume that & belongs 
to an interval J, in (a, b). In the second term on the right-hand side the factor 
w(&) satisfies a Lipschitz condition of order a and the second factor has a 
bounded derivative which satisfies the same Lipschitz condition of the first 
order. Thus the whole product satisfies a Lipschitz condition of order a and 
it is sufficient to prove the theorem for the function: 


b 
v= [OO y, 


expressed by the usual bounded integral. We have to find the upper bound of 
the modulus of the difference: 


b 
peta -yO = [EREA 0O], ass 
a 


where | A¢| is sufficiently small. On separating the interval (£ — e, € + e) 
from the interval of integration, where « = 2 | 4£ |, we take the upper bound 
of the integral (158) in this part of the interval. By using the condition (155) 
we obtain: 
+e 
k J (lt — Ẹ— AE [OW + |t — £974) dt. 
g—s 
The integral of the second term can be represented in the form: 
£ +s i 
| e~o f e= ad= = (27/48 |" + 2" (481%). 
fe é 
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Woe can proceed similarly with the integral of the first term and the modulus 
of the integral (158) in the interval (£ — e, -+ e) has an upper bound: 
kı | A£ | a, where k, is a constant. Upper bounds of the integrals in the added 
intervals (a, £ — €) and (£ + e, b), romain to be found. For this purpose we shall 
represent the integrand in the form: 


4% 
— $) (t — § — 48) 


Using (155) we obtain the following inequality for the modulus of the integral 
of the second term: 








[v (9 — w (E+ 48) % — [o (E + 48) (159) 


5 


varl Fatet fe 


a 


b—E a a 
Poe [Lael < ka ae 





=k | log 








where k, is a constant. We recall that the modulus of the above logarithm 
remains finite during variations of £ in the interval J. The upper bound of the 
integral of the first term in the expression (159) remains to be found in the 
added intervals (a,  — £) and (+ e, b). Let us find the upper bound of the 
integral in the first interval. The inequality in the second interval will be exactly 
the same. From (155) we have the following inequality for the first term of the 
expression (159): 





AE 
EE As) 
lo -o E+] Se | 
| AE | B k| Ag | 
PeEligatowelKt a paa Ag ja’ 
| | | je- EP iF 








When ¢ varies in the interval (a, £ — e) then (£ — t) > e, i.e. (£ — t) > 2| AE], 
and, consequently | A£ |: | è — £] < 1/2; hence: 


AE 1 
| i= ir a} 
Thus during the variation of t in the first interval (a, € — e) the modulus of 
the first term of the expression (159) does not exceed 


2-2 | Ag | 
(E ne ijs 


and the modulus of the integral of the above first term can be written as fol- 
lows: 


(§—t>0), 


é—~¢ 


21-4 | Ag | Ji (159,) 


ae 


When a < 1, then the ert is as follows: 


aE 1 
mld er eae a TT 








kage. 
l—a 
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We thus obtain the required upper bound for the difference (158) when a < 1. 
When a = 1 the upper bound (159,) takes the following form: 


k | Ag | [log (§ — a) — log (2 | 4€|)], 


the difference (158) when a = 1 can be written as follows: 


l 
k| AS | + ky | AE | log Aer 
where k, and k, are constants. Bearing in mind that as A — 0, log ajag D 
tends to infinity more slowly than any negative power of | 4$ | we can write: 


1 
ka| 4E | + ka| 4E | log Tgp < ky | 45”, 


where f is any number which satisfies the condition 0 < < 1; the theorem 
has thus been proved for the case when a = 1. 

We shall now investigate the behaviour of the function f(¢) when the point 
È aproaches the ends of the line, for example, when it approaches the end 
t =a. We are assuming, as we did above, that w(t) satisfies a Lipschitz condi- 
tion of order a on the whole closed section (a, b). To start with we assume that 
w(a) = 0. In doing so we can extend this to saying that the function is zero 
when ¢t <a, i.e. we can assume that w(¢) = 0 when ¢ < a. In this case w(t) is 
defined on a section (a,, b) where a, <a and the Lipschitz condition is not 
affected by the above extension. The integral 


jepu [ete 


a, 








gives the former function f(¢), and bearing in mind that the point t = a lies 
within the line (a,, b) we can maintain on the strength of what was proved 
above, that f(£) satisfies a Lipschitz condition of order a (we assume that a < 1) 
and on any line (a, b,) where b, < b. Suppose now that o(a) Æ 0. 

We can write: 


b b 
1O =| O ar +o (ay f 1 





3 


The numerator of the first integrand vanishes when ¢ = a and this integral 
gives a function which satisfies a Lipschitz condition of order a up to the point 
¢ = a. As we saw in [26] the second term on the right-hand side is equal to: 


w (a) log (b — £) — w (a) log (£ — a). 


The minuend in this difference satisfies a Lipschitz condition of order one 
up to £ =a. 

Thus in the neighbourhood of the point £ = a the function f(¢) represents 
a sum: 


— o (a) log (£ — a) + fi ($), 
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where f,(¢) satisfies a Lipschitz condition of order a up to the point £ = a. 
When the end £ = b is considered, we obtain the analogous result: 


w (b) log (b — £) + f2 (£), 


where /,(£) satisfies a Lipschitz condition up to the point £ = b. 

The behaviour of the function f(£) near the ends of the line was also considered 
when more general assumptions were made with regard to w(t). We only quote 
the result here, but the proof can be found in Muskhelishvili’s book Singular 
Integral Equations, which contains the results of the first investigations into 
integrals of Cauchy’s type. 

THEOREM. Let w(t) satisfy a Lipschitz condition (147) of order a on any 
closed line (a’, b’) within (a, b); the constant k depends on the choice of the line 
(a’, b’) (k grows indefinitely when a’ — a or when 5’ — b). Assume further 
that near the ends of the line, the function a(t) can be represented in the form: 


w* |t] 


Aaa 


(160) 
where c denotes either a or b, y = y, + yzi (y#0) when 0 < y, < 1, and w*(é) 
satisfies a Lipschitz condition up to ¢ = c. At the same time f(¢) satisfies a 
Lipschitz condition of order a if a < 1, or of any order less than unity, when 
a = l, on any closed line within (a, b); in the neighbourhood of = ¢ it has 
the form: 

w* (c) 


(€ —e)” 


and when y, = 0 then f,(¢) satisfies a Lipschitz condition up to $ = c; if 
yı Æ 0 then 


f(E) = 4 x cot yx +f), 


re 
h () = —=—, 
ET 


where f*(£) satisfies a Lipschitz condition up to £ = c, and »,< y; the sign 

(+) refers to the case when c = a and the sign (—) to the case when c = b. 

All this applies when the line is replaced by a sufficiently smooth are with ends 

t = aandt = b, and when we integrate with respect to the complex variable ¢. 
Note that when y = 0 the result shown above applies: 


1 
€é-—c 


where f(¢) satisfies a Lipschitz condition up to $ = c. 





F(E) = + o (c) log +f, (6); 


28. Integrals of Cauchy’s type. Consider an integral of Cauchy’s type (8): 





F(z) = mila dt, (161) 
L 


where z does not lie on L. If L is a closed contour, then this integral defines two 
different regular functions: one within L and the other outside L. If the 


28] INTEGRALS OF CAUOHY'S TYPE 113 


contour is not closed then F(z) is regular outside L. In either case F(co) = 
When z = £ lies on the contour we have the principal value of the integral 
and we can rewrite it in the form: 





I fee ar = 2) dr l o (T) — 0 (È) ar, 


Zm J r—E °° 2m Jt—E Qn t—é 
L L 


ie. from (156) 











oa |” dr = 5o (8) $ (162) 


w (t) — w ($) 
iar ere f dr. 


a T— É 
L 


To begin with we assume the contour to be closed. We shall prove the theorem: 
if z tends towards a point & on L then the integral (161) has the limit: 


Fo) + oo: ale oO) dr, (163) 


where the (+) sign is taken when z — & from inside L and the (—) sign when 
z— & from outside L. Consider the first case. The integral (161) can be rewritten 
in the form: 





1l f(t) dr = 2) dt 1 o (T) — o (È) jr 
Qi Jt —z2 oi Jr—2z' Qi T—2Zz 
L L L 
or 
“Oni an ras dr =o ($) + 2ni arl en 2 gdr: (164) 
L 


Consider the difference: 


1 fom)-o Ég L 20- (4 


Ont t—z ‘Oni t—E& 
L L 
1 w(t)— o (Ẹ) z— È 
-ar O. ear. (165) 


L 


On either side of the point £ mark small arcs 7. Denote the part of the contour 
thus formed by L, and the remaining part by L,. Denoting the difference (165) 
by a single letter A we can write: 


__1 foe@—o(é) z-& Fo z— 4 166 

EF t—E tT id +5 rog (166) 
L, 

Suppose that z tends to £ along the normal to the contour L. In this case the 

distance from z to ¢ is less than the distance from z to other points on the 

contour, i. |z—|<|z—z]|. Also dr = | æ'(s)+ y(s)¢|ds, where 
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| 2’(s) + y(s)¢| = 1. By finding in the usual way an upper bound of the 
first integral in the formula (166) we obtain: 


a te NON ee a 
Qnt L C= E tT—2 2x So—n | T (8) —T (8) [es 


where s = s, corresponds to the point t = é. Bearing in mind that the ratio 
of the length of the chord | t(s) — 7(,) | to the length of the are |s — s, | 
tends to unity we can assert that the latter integral converges and con- 
sequently, for any given positive « we can choose 7 so small that the modulus 
of the integral along L, is smaller than ¢/2. Having thus fixed 7 we obtain 
the usual integral along L, in which {| tr — | and | z — z | remain greater 
than a given positive number and therefore the modulus of the integral along 
L, will be smaller than ¢/2 for all z’s which are sufficiently close to £.. Owing to 
the lack of restriction on £ we can maintain that the difference (166) tends to 
zero when z — é along the normal, i.e. 


fast | SOE 4 Sele a 





zg 2ni t™—2z Qi t—€& 
L L 
or, from (156) 
@(z)- w(ë) 4 = 1 w (T) ak 
lim A T—2z Oni aay Sa z (8), 


and formula (164) gives the required result: 


lim w (T) Lra .f w(t) 
lim pry F dr = 7 Sea E dr. (167) 








In the case when the point tends towards the contour from the outside the 
proof is exactly the same but we must remember that: 


1 f drt t when z lies inside L (168) 


2m J r—z (0, when z lies outside L. 
Until now we assumed that z — & along the normal. It can be shown that 
formula (167) still applies when z tends to ¢ in an arbitrary way. In order to 
do so it is sufficient to show that the limiting tendency of the point towards 
the contour is along the normal; the integral (161) tends uniformly to the limit 
(163) for all values of ¢ on the contour L. We shall only consider the circle 
|z] = 1. To begin with we suppose that z — ¢ along the normal. In this case 
t= ef?; £ = ofo and de = dg. It is easy to show that when 0 < x < 2/2 then 
sin z > 2z/x. Using this we can write: 


: = 2 
Ir= l= 2sin 22l > jp- gl (1g — po| <7), 
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and the modulus of the integral along L will be smaller: 


Pot? Petn 
eal — mde | __#* f de = k 4° 
gi-a | p— Po | a gi-a n’ a (p = pe Pana m 
On the coatour L,, provided z lies sufficiently close to we have:: 


Ir- ¢]> sinn; |r —2| >a sing; |o (rt) — w ($) | <2M, 








2 
where M is the maximum value of | w(t) | on L. Assuming that 6 = |z — ¢| 
we obtain 
a) ocr ee <a aay? —2n) < Sao : 
and finally: 
| 4| <i r+ a ô. 


To begin with 7 is so chosen that the first term is less than «/2; as a resuit 
of this fixed 7 the second term will be less than ¢/2 provided ô > (e sin? 7): 
(16M). These inequalities do not contain £ and therefore the difference (166) 
tends to zero uniformly with respect to ¢ as z tends towards the circum- 
ference along the radius. Consequently this tending to a limit in formula 
(167) also takes place uniformly with respect to £. One result of this is that the 
right-hand side of formula (167) and the integral (161) represent a continuous 
function of £ [1, 145]. In [26] we mentioned the fact that this function satisfies 
a Lipschitz condition. 

Denote the right-hand side of formula (167) by ,(&) and assume that 
z — ¢ in any manner. Let ¢’ be a variable point on the circumference which lies 
on the same radius as z. Evidently ¢’— & and |z — &’| + 0. Using the fact 
proved above that the tending to a limit in (167) proceeds uniformly when 
z tends towards ¢ along the radius we can maintain that for any given positive 
e we have for all z’s sufficiently close to &: 


w (T) 





[e | L dr-a |< 


On the other hand, as a result of the continuity of w,(é), the modulus 
| o,() — w,(€’) |< e/2 holds for all 2’s sufficiently close to ¢ and therefore: 


alee os) ar — 0, (6)| <e 








2zi 


for all z’s sufficiently close to £. Owing to the lack of restriction on é this shows 
that the tend to a limit in formula (167) takes place when z tends towards ¢ 
from the inside uniformly and in any manner with respect to £. In other words 
we can maintain that the function F(z) which is defined in the circle by the 
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integral (161) is continuous up to the circumference and its limiting values on 
the circumference are given by the formula (167). The same condition applies 
when the limit is approached from outside. 

This property of integrals of Cauchy’s type can be proved for any closed 
contour L when the assumptions given in [27] with regard to 2(s) and y(a) 
are made. We can also assume that L has a finite number of angular 
points. Let M be an angular point on L and suppose that when describing a 
circuit round L in the counter-clockwise direction, the direction of the tangent 
at M revolves through an angle z8, where —1 < 0 < +1. From this it is 
easy to see that on the right-hand side of formula (156) we have (1 — 0) mi 
instead of zi, and that the expression (163) at the point M should be repla- 
ced by the following expression (I. I. Privaloff, Dokl. Akad. Nauk, SSSR., 
XXII, No. 9, 1939) 


1 L o (t) 


oO + gr |A tr, i 
L 





£ 





where the positive or negative signs should be taken simultaneously. 

If we denote by F;() and F,(&) the limiting values of the function (161) 
on the contour, defined within and outside L, then the theorem which we 
proved above can be rewritten in the form: 











Fi (E) = 4o (E) + ax | oC) ae, 
FQ) =— 4 0) + ga =) OW ar. (169) 


This theorem can be proved similarly for an open contour. Let us consider 
a finite interval (a, b) of the real axis: 


b 
w (t) 


: 170 
oe | tae (170) 








F (z) = 


If w(t) is identically unity then, instead of formula (168), we can write: 


b 
l dé 1 b—z 
oh (ee ee ne 171 
sar | To oa a ae” (Q71) 
a 





where we must take those values of the logarithm which vanish when z = œ. 
Tf & lies in the interval (a, b), then instead of formula (156) we have: 


b 
l f de = se b—E 
al 8 Ea a 


28) INTEGRALS OF CAUOCHY’'S TYPE 117 


where real values of the logarithm are taken. Repeating the previous arguments 
word for word we obtain: 


b 
lim a f o (t) diea (8) flog oat 


pot 2m J t—z 2ni —z 
a 





etj uaia 


2ni , 
a 





z= 


The function (171) has different limits when z tends to £ from above or below 
(a, b), viz., 


b — 


log > ig = Ë bai, 


f= 
where the positive sign refers to the case when z tends to & from above, i.e. to 
values with a positive imaginary part, and the negative sign to the case when 
z tends to ¢ from below. When integrating from a to b the upper half-plane 
lies to the left and therefore, the tendency of z to £ from above is analogous 
with the tendency of z to from inside a closed curve. Similarly, the tendency 
from below is analogous with the tendency from outside a closed curve. 
Denoting by F;(¢) and F,(&) the limiting values of the function (170) when 
the tendency of z to £ is from above or below, we obtain formulae which are 
analogous with the formulae (169): 








a | oe 





TORETE S 


2ni 


fe 20) dt, 


(172) 
w Oa 





P) =z oE) + ale 


If w(t) satisfies the conditions given at the end of [27] in the interval and if near 
the ends of the interval it has the form (160), then for points z near the ends 
of the interval, the following statements apply: 

1. If y = 0, then 


F (2) = + 2 hog 


2xi 





where the (+) sign refers to the case when c =a and the (—) sign to the 
case when c = b, whilst F(z) is a bounded function which has a definite limit 
when z — c. For log (z — c) we can take any branch, which is single-valued in 
the neighbourhood of z = ¢ in a plane with the cut (a, b). 

2. If y = y, + yat Æ 0 then 


etn w* (c) 


F (z) = ae 
2isinyz (z2—c)” 


+ Fo (2), 


where the signs are chosen in the way described above and (z — c)” denotes a 
single-valued branch in the neighbourhood of the point z = c in the plane with 
the cut (a, b); the value of (z — c)” on the upper (left) edge of the cut is equal 
to that value of (t — c)”, which enters the formula (160). Furthermore F(z} 
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has the following properties: if y, = 0 then F(z) is bounded and has a definite 
limit when z— c; if y, > 0, then 


c 
[Beha aint 


where c and y, are constants and y, < 1. Using the concept of Leber’s integral, 
the values of integrals of Cauchy’s type can be investigated for any integrable 
function w(t) and for a great variety of contours (see Privaloff, Integrals of 
Cauchy’s type, 1918). 

Let us notice one particular case. If w(r) are the limiting values on L of a 
function, which is regular within the closed contour L and which is continuous 
up to L, while w(t) satisfies a Lipschitz condition, then F;(&) = w(é), and 
the first of the formulae (169) shows that w(t) is the solution of a homo. 
geneous integral equation of the second kind: 





eae) == oe) dr. (173) 


Let L be a simple closed contour, as described above. The principal value of 
the integral 








=| = 2, dr (174) 


2zi 


transforms any function œ(t) which is given on L and which satisfies a Lipschitz 
condition into another function w,(£), which is also defined on L and which also 
satisfies a Lipschitz condition. In other words, the integral (174) is an operator 
for the function w(t). To the function thus obtained we can again apply an 
operator with Cauchy’s nucleus. In this case the following formule applies: 


1 1 1 wD 
L 


In other words, as a result of the two transformations by Cauchy’s nucleus, 
we obtain the initial function multiplied by 1/4. To prove (175) we rewrite the 
first of the formula (169) in the following form: 








1 w (T) 1 
silos dr = F,() — $o (8). (176) 
L 


The right-hand side gives the result of the linear transformation of the function 
w(r) by Cauchy’s nucleus. This operation can again be applied to the right- 
hand side: 





r 1 
i | Fi) — 7) 
t 


Ai 77 
= ia ag, (177) 
L 
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where 7 lies on Z and the integral is in the principal value sense as before. 
Owing to the fact that F ,(¢) gives the limiting values on L of a function which 
is regular within L, from (173) we have the following: 








1 F; (€) syed 

Qni f E—n dé = -z Fi (0). 
L 

On the other hand, from (176): 


“1 
1 ze) 1 1 
alee dé => Fi (n) -ge M. 
L 


and, finally, the integral (177) appears to be equal to w(7) : 4, ie. we obtain 
the formula (175). 


CHAPTER II 


CONFORMAL TRANSFORMATION 
AND THE 
TWO-DIMENSIONAL FIELD 


29, Conformal transformation. In this chapter we shall ‘consider 
some applications of the theory of functions of a complex variable 
to problems of two-dimensional hydrodynamics, electrostatics and the 
theory of elasticity. Conformal transformation plays an important part 
in these applications and we shall therefore begin this chapter with a 
detailed account of conformal transformation. We explained the basic 
characteristics of the transformation of a regular function in [3] and 
later in [22]. We considered in greater detail transformations at points 
where the derivative did not vanish and at other points, where it was 
zero. At points of the first kind all angles remain unchanged, while 
at points of the second kind all angles are magnified, as we described 
in [23]. Let 

w = f (z) (1) 
be a regular function which conformally transforms the domain B into 
the domain B,. Iff’(z) does not vanish anywhere in the domain B, then 
thedomain B, has no branch-points, but it can still have several sheets, 
i.e. it can overlap itself. Consider in the domain B a curve l, a function 
g(s) given on this curve and a line integral 


fẹ (s) ds, 
i 


where ds is an element of the arc of the curve l. As a result of the 
transformation (1) the curve 7 is transformed into another curve 1, 
in the domain B,, and an element of arc of the new curve is ex- 
pressed by the product ds, = [f’(z)| ds since |f’(z)| gives the change 
in linear dimensions [3]. 

Introducing the function 


z = F (w), (2) 


120 


29] CONFORMAL TRANSFORMATION 121 


which is the inverse of (1), we evidently have F’(w) = 1/f’(z) and, 


consequently, we can write ds = | F’(w) | ds,. The integral obtained 
after the transformation can be written in the form: 
fo (s) ds = fe (s,) | F’ (w) | ds,. (3) 
i i, 


Similarly, bearing in mind that | f’(z) |? is multiplied by the change 
in surface area at the given point we obtain the following formula 
for the conformal transformation of the double integral: 


{f o (2) do = f f p, (w) | F’ (w) |? do, (4) 
È B, 
and the following formula applies to an element of area: 
do, = |F (2) |2 do. (5) 
When the real and imaginary parts are separated 
w = f (2) = u (x, y) + iw (x, y), (6) 


it can easily be seen that | {’(z) |? is equal to the functional determinant 
of the functions u(x, y) and v(x, y) of the variables x and y. In fact, 
this functional determinant is expressed by the following formula: 
Divs) _ u w _ du w 
D(z,y) aa ay Oy Ox’ 
or, from the Cauchy—Riemann equations, by the formula: 


Biss (yo 








and this is, in fact, the square of the modulus of the derivative 


"= Ge) + (ey 


Consider in the z = x + ty plane two families of lines: 


If) =| ge tis 





u (z, y)=C,; v(x, y) =C» (7) 


where C, and C, are arbitrary constants. In the w = u + iv plane they 
correspond to the lines u = C, and v = C,, which are parallel to the 
axes of coordinates; therefore the lines (7) are obtained from the net 
of straight lines parallel to the axes, as a result of the transformation 
(2). One of the consequences of this is that the lines (7), which belong 
to different families, are orthogonal except at the points where f’(z) 
vanishes. Conversely, if we take the equations 


u=u(z,y); v =v (z, y) 
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and assume that x = C, or y = C, on the right-hand side of these 
equations, where C, and C, are arbitrary constants, we obtain a net 
of lines in the w= u+ iv plane, consistsing of two orthogonal 
families of lines. This net is obtained as a result of the transformation 
effected by the function (1) from a net of straight lines, parallel to the 
axes of coordinates in the z-plane. These two nets of lines which are of 
great importance in what follows, are usually known as isothermic 


ufxy)=v, 


-u(x y)= Uy 





—~ y 


g H 


L(x, y) 





Fic. 26 


nets. We shall explain the meaning of this-term. The real part 
u(x, y) (or the imaginary part) of a regular function should satisfy the 
Laplace equation [2]: 


Ou ou eu) eu ae y) 


y) Pu (æ y) 

This equation is satisfied by the temperature of an established heat 
current [II, 117]and we suppose that this case is two-dimensional, i.e. 
the temperature u is independent of one of the coordinates. When 
interpreting the function u(z, y) as the temperature of an established 
heat current, the lines of the first family (7) will be the isothermic lines 
and this is how the name “‘isothermic net” is derived. In the case under 
consideration, lines of the second family (7), orthogonal with the first 
family of lines, serve as vectorial lines for the vectors which we con- 
sidered in [II, 117] and which we called “the vectors of the heat current”. 

Two lines u(z, y) = uo and u(x, y) = u, are transformed by (1) 
into the lines u = wy and u = u, which are parallel to the u = 0 axis 
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and part of the domain B bounded by the above lines, is transformed 
into part of a strip, bounded by the lines parallel to the u = 0 axis. 
The curved rectangle, bounded by four lines of the isothermic net, 
is transformed by (1) into a rectangle, bounded by straight lines, 
parallel to the axes (Fig. 26) 


U = Uy, U = Uy; V= j V= Vj. 


y 


© 
x 
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Let us make one further addition to the fandamental principles of 
conformal transformation before considering any examples. We saw 
that the transformation of a regular function f(z) conserved the angles 
both in magnitude and in sign at points where the derivative did not 
vanish. Sometimes the transformation of a plane is considered where 
the magnitude of the angles is conserved but their sign is reversed. 
This transformation is sometimes called a conformal transformation of 
the second class. For example, the symmetrical transformation of the 
real axis is, evidently, a conformal transformation of the second 
class (Fig. 27). This transformation is given by the formula w = 2. 
Generally speaking, if f(z) is a regular function in the domain B then 
the formula 


w = f (2) (8) 


gives a conformal transformation of the second class, defined in the 
domain B’, which with, the domain B is symmetrical about the 
real axis. In fact, the transition from z to Z transforms B’ into B while 
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conserving the magnitude of angles but not their sign. The subsequent 
transition from Z to f(Z), in accordance with formula (8), will neither 
alter the magnitude of angles nor their sign; thus in the final trans- 
formation from z to w we have a conformal transformation of the 
second class. 


30. Linear transformation. As the first example of conformal 
transformation we shall consider the simplest linear function 


w=aztb (a#0), (9) 
from where 
1 b 
z=>w— —. 
a a 


This function transforms the whole plane, including the point at 
infinity, into itself, the point at infinity remaining in its former 
position. In particular, when a = 1, the function w = z + b gives 
the parallel transition of the plane along a vector corresponding to 
the complex number b. In the case b = 0 and a = e” (where y is a 
real number), the number y must be added to the amplitude of z, 
and so the transformation w = e” z, will involve the rotation of the 
plane about the origin by an angle y. In general, the movement of a 
plane as a whole is obtained by a combined rotation and parallel 
transition: 


w=e¥2+b. (10) 


If a=e¥ l,ie. the transition is not purely parallel, the 
coordinates of the stationary point of the transformation i.e. of the 
point which remains in its former position during the transformation, 
can easily be determined by the formula (10). The coordinates of this 
point are determined from the equation 
b 


Zo = e¥ z+ b, whence z = pau! 
It can easily be shown that the transformation (10) can be written 
in the form 
w — 2 = 6” (Z — Zo), 
i.e. in general the transformation (10) can be regarded as the rotation 
of the plane about the point z, through an angle y. Note that there 
will be a second stationary point at infinity for the transformation (10). 
We shall now consider the case when the modulus of the coefficient 
a in the linear transformation (9) is not unity. Introducing the modulus 
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and amplitude of a, we shall consider the transformation when b = 0: 
'w = pez 

In this case the length of the vector from the origin to the point z 
must be multiplied by ọ and the plane rotated about the origin by 
an angle y. This transformation is known as an identity transfor- 
mation with the origin as the centre of similarity and with a coeffi- 
cient of similarity 0. 

We shall now consider the general case of the linear transformation 
(9) when a # 1. Introducing the stationary point of the transformation: 


b 


Zo = az, + b, i.e. 2o =a’ 


we can rewrite formula (9), in the form: 
w — Zy = 4 (2 — Zo) 


and we evidently have here an identity transformation with the centre 
not at the origin but at a point z). We leave the reader to show that 
the isothermic net will, in this case, consist of two families of parallel 
straight lines; this is obvious and purely geometrical. 


31. Bilinear transformation. A bilinear transformation is a trans- 
formation which can be expressed by a quotient of two linear functions 


_az+b (11) 


VS eed 





Here ad — be # 0 since otherwise the fraction in the equation (11) 
could be simplified and would simply be a constant. Solving the 
equation (11) with respect to z we obtain a formula for the transfor- 
mation of the inverse of (11), which will also be a bilinear trans- 
formation 

z= et (12) 

Every point in the z-plane has a corresponding point in the w-plane 
and vice versa, i.e. the transformation (11) transforms the whole 
plane, including the point at infinity, into itself. 

If in formula (11) c = 0, then the transformation is simply a linear 
transformation. Otherwise the point z = œ is transformed into the 
point ajc and the point z == —d/c gives the point w = ©, i.e. in 
general the point at infinity does not remain stationary during the 
bilinear transformation. 
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We shall now give one characteristic property of the bilinear 
transformation, viz. that it transforms a circle into a circle, where 
by a “circle” we shall now and in future understand not only a circle 
in the usual sense but also a straight line. This property is quite 
obvious for a linear transformation where the plane moves as a whole, 
or in an identity transformation; a linear transformation transforms 
a straight line into a straight line and a circle into a circle, in the 
usual sense of the word. Before proving this property of the bilinear 
transformation we shall describe it in a slightly different way. Let us 
suppose that c # 0 and divide the numerator by the denominator; 
formula (11) can then be written in the form: 


w=e+ L- where eas and f= "= 
z+% 








Our transformation thus involves a parallel transition w, = z +d/c, 
a transformation of the form w, = fjw, and another parallel transition 
w = W, + e. It is therefore sufficient to consider the simple trans- 
formation: 


w=% (13) 


and prove that it transforms a circle into a circle. An equation of a 
circle can be written as follows: 


A (x? + y?) + 2Bz + 20y + D=0, 


where A = 0 for a straight line. The equation can then be written 
as follows: 


Azz + dz + ôz + D =0, where ô= B — iC, (14) 


where the line above the letters shows that complex conjugate numbers 
were taken. We now suppose that we have a circle / in the z-plane. 
To obtain the equation of the transformed circle in the w-plane it is 
sufficient to determine z from the equation (13) and substitute the 
expression obtained in the equation (14). We then obtain a curve 1, 
in the w-plane which is given by the equation: 


Ayy + dyw + dyw + Duw = 0. 


This equation is of the same type as the equation (14) i.e. it corres- 
ponds to a circle (or to a straight line). Thus every transformation 
of the type (11) transforms a circle into a circle (a straight line is a 
circle which passes through the point at infinity ). 
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Suppose that the transformation (11) transforms a circle J into a 
circle 1, and that both circles are circles in the usual sense of the 
word. Bearing in mind what was said in [22] we can maintain that if 
the completion of a circuit in the positive direction round / corresponds 
to the completion of a circuit in the positive direction round J,, then 
the interior of l is transformed into the interior of l. However, if 
the circuits round J and 1, are described in opposite directions, then 
the interior of J is transformed into the exterior of l, and vice versa. 
If one of the above circles is a straight line or, if both are straight 
lines, then in order to determine the domains of the plane which are 
transformed into each other, we have to take the corresponding 
direction of circuits along both lines, when parts of the plane which 
lie to one side of the moving observer, for example, to the left, are 
transformed into each other. 

Let us consider two points A, and A, which are symmetrical with 
respect to the circle 1. Suppose that after the transformation they 
become the points B, and B,. We shall show that these points are 
also symmetrical with respect to the transformed circle l. In fact, 
a family of circles through the points A, and A, will, as we said 
in [24], consist of circles orthogonal to l. After the transformation 
we evidently obtain a family of circles through the points B, and B, 
and, as a result of conformity of circles belonging to a family, these 
circles will be orthogonal with the circle }; this, as we know, is one 
of the characteristics of symmetry. Thus if the circle / is transformed 
by (11) into the circle } then points, symmetrical with respect to the 
circle 1, are transformed into points, symmetrical with respect to 
the circle l. Notice that the point at infinity is symmetrical with the 
centre of the circle. In the case under consideration a family of circles 
which passes through these two points is transformed into a family of 
lines which passes through the centre of this circle and these lines 
are, obviously, orthogonal to the circle itself. 

If a and c are both non-zero then the transformation (11) can be 
written in the following form: 

z2—a . a 
w= kas (t=). (15) 
The numbers a and # have a simple geometric meaning, viz. the 
point z = a is transformed into the origin w = 0 and the point z = B 
into the point at infinity. 

Let us consider a family of concentric circles, centre the origin, 

in the w-plane. The equation of these circles is |w|—C and the 
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points mentioned above, viz. w = 0 and w = œ, are symmetrical 
with respect to these circles. It follows that these circles correspond 
to circles in the z-plane for which the points z =a and z= # are 
symmetrical; the equation of this family of circles has the form: 


z—a 
z—8 


where C is an arbitrary constant. Thus the equation (16) corresponds 
to a family of circles with respect to which the points a and B are sym- 
metrical (Fig. 28). The straight line which is perpendicular to the 





=0, (16) 











Fig. 28 


line from a to f at its midpoint also belongs to this family. Let us now 
consider a family of straight lines in the w-plane which passes through 
the origin or, in other words, a family of circles which passes through 
the points w = 0 and w= œ. This family of circles is evidently 
given by the equation arg w = C. It corresponds to a family of 
circles in the z-plane which passes through the points a and f and 
the equation of this family is (since the amplitude of k is a constant): 





arg —— z= 0r (17) 


Hence the equation (17) describes a family of circles in the z-plane 
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which passes through the points a and B. The circles of the family (17) 
evidently cut the circles of the family (16) at right angles (Fig. 28). 
Let us now define the isothermic net in the z-plane. It corresponds 
to two families of straight lines in the w-plane which are parallel to 
the axes. Each family can be regarded as a family of circles which 
touch at infinity. In the z-plane each family corresponds to a family 
of circles which touch at the point z = —d/c. Hence the required 
isothermic net consists of two families of circles, the circles of each 
family touching at the point z = —djc; circles belonging to the two 
different families intersect at this point at right angles (Fig. 29). 





The accurate definition of one family, and consequently, also of 
the other family, depends on the values of the complex coefficient 
of transformation (11). 

The transformation (11) contains three arbitrary complex parameters, 
viz. the relationship of three of the coefficients a, b, c, d, to the fourth. 
Hence the transformation (11) can be defined if a corresponding 
number of auxiliary conditions is given. We can, for example, 
assume that three given points 2,, 2,2, in the z-plane should be 
transformed into three given points w,, W, Wz in the w-plane. It is 
easy to write down the bilinear transformation which takes these 
conditions into account. It has the form: 

w — Uy, eg i a . at: Baad (18) 








w— Ww, UWy— W Z— 2  %—-% 
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For, by solving this equation with respect to w we obtain a bilinear 
transformation of the type (11). Also, when substituting z = z, and 
w = w, we obtain zero on both sides of formula (18). When substi- 
tuting the second pair of points z = z, and w = w, we obtain unity 
on both sides of the equation, and when substituting the third pair 
of points, we obtain infinity on both sides of the equation. It can 
be seen from this that the bilinear transformation, as given by 
formula (18), does in fact, satisfy the required conditions. It is 
also easy to show that these conditions define the bilinear trans- 
formation uniquely. Obviously the constructed transformation trans- 
forms a circle, defined by the three points 2,, Z» Zą into a circle, 
defined by the three points w, W, w, If both sets of points are 
taken on the same circle, then the bilinear transformation transforms 
that circle into the same circle. If, in addition, the sequence of the 
points 2, on this circle gives the same direction in which the circuit 
is to be described as the sequence of the points wp, then the interior 
of the constructed circle is transformed into itself. 

Consider, for example, the upper half-plane bounded by the real 
axis where interior points are defined by the condition that the 
coefficients of the imaginary parts of the coordinates are positive. 
In the case under consideration any transformation which transforms 
the upper half-plane into itself should also transform the real axis 
into itself, i.e. real 2’s should have corresponding real w’s; consequ- 
ently we can take it that all four coefficients are real in formula (11). 
However, this is not sufficient; in addition it is also necessary that 
w should increase as z increases along the positive part of the real 
axis. Otherwise the upper half plane z will be transformed into the 
lower half-plane w. 

Substituting z = x + zy in formula (11) we obtain: 


_ (av +b) + tay 
(ex +d) + icy ’ 


or, separating the real and imaginary parts: 


(ax + b) (cx + d) + acy? +i (ad — be) y 


wut = eta rey (cat det ory? 





It follows that when y > 0 the coefficient of the imaginary part 
of w will also be positive, provided the following condition is satisfied: 


ad — be > 0. (19) 
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Hence the general form of the bilinear transformation which trans- 
forms the upper half-plane into itself is (11), where the real coefficients 
can be arbitrary provided they satisfy the condition (19). 

The transformation of a unit circle into itself takes place similarly, 
ie. a unit circle is a circle with unit radius and centre the origin, 
the equation of which can be written as follows: |z| < 1. To begin 
with we shall explain certain properties of points symmetrical with 
respect to the circumference C of this circle. 

Let A,and A, be two such points 
and M a point on the circumference 
C. We have OA: OA, = OM’, 
which can be written as a propor- 
tion (Fig. 30): 

OA, OM 
OM OA, 











It follows that the triangles 
OA,M and OA,M, which have a Fre. 30 
common angle A,OM and propor- 
tional sides adjacent to this angle, 
are similar; from this similarity we obtain the following proportion: 


MA, _ OA, 
MA, OM” 





(20) 


Denote by a the complex coordinate of A, and let a = ge”. 
For the symmetrical point A, we must have f =e/p or, in 
other words, the complex coordinate of this symmetrical point can 
be expressed by the fraction 8 = l/a. We shall construct a bilinear 
transformation so as to transform the unit circle into itself and the 
point a into the origin. This transformation should transform the 
symmetrical point ĝ into the point at infinity, i.e. it should have 
the form: 


w= kos (21) 
or substituting f = l/a, 


where k is a factor, the form of which is still to be determined 
from the condition that the right-hand side of the formula (21) for 
any z on the circumference C should have a modulus equal to 
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unity, i.e. 
|k] = =1 when |z|=1. 
But from (20): 
z-a _ Jel 
jz — £j 1? 
hence | ka | = 1. We can see that the product ka must have a unit 


modulus, i.e. it must have the form ka = e”, where y can take 
every real ‘value. Thus returning to the formula (22) we obtain the 
following formula for the required transformation: 

w=evl—* (23) 


az — 1’ : 





in which the point a and the real parameter y can have any value we 
please. In particular when a = 0, i.e. when the origin is transformed into 
itself, we have the simple transformation w = elvta) z, ie. the 
unit circle revolves about the origin by an angle (y + x). The general 
transformation (23) can be separated into two parts, viz. into the 
transformation 
z2—a 

w=5 Li’ (24) 
which transforms a unit circle into itself and which transforms the 
point a into the origin, and, subsequently, into the rotation about 
the origin by an angle y. 

We can also construct a countless number of transformations which 
transform a circle K, into another circle K,. For this purpose it is 
sufficient to construct one of these transformations to transform K, 
into K, and, subsequently, to apply any bilinear transformation to 
the result so obtained, in order to transform the circle K, into itself. 
It is important to note that two bilinear transformations applied in 
succession also produce a bilinear transformation. In fact, suppose 
that we have a bilinear transformation of the variable z to the 
variable w of the form (11) and, subsequently, the following bilinear 
transformation 

a,w+b 
iaers, ai 
of the variable w to the variable w,. Substituting the expression 
(11) in the above formula we obtain, after elementary transpositions, 
the final bilinear transformation of the variable z to the variable w: 
(aia + 5, c)z + (a,b +5, d) . 


“1 = —C.a+d,c)2+(¢,6+4,d) 
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This is usually known as the product of the bilinear transformations 
(11) and (25) and, generally speaking, this product depends on the 
order of factors, i.e. on the order in which the bilinear transformations 
(11) and (25) are carried out. 

Let us now return to the unit circle and the upper half-plane; we 
shall construct a bilinear transformation to transform a half-plane 
into a unit circle. We take for this purpose the following transforma- 
tion: 


z—% 
w= Serer a (26) 


It is easy to see that the point z =7 in the upper half-plane will 
be transformed into the origin and that real values of z correspond 
to values of w with modulus equal to unity. In fact 





|z-i| 
jz+a]’ 

where the numerator and the denominator of the fraction are respect- 
ively equal to the distances from the point z to the points 7 and (—2); 
when the point z lies on the real axis then these distances are equal 
and, consequently | w| = 1. If an arbitrary bilinear transformation 
which transforms a unit circle into itself, is applied to the variable w, 
we obtain the general form of the transformation which transforms 
the upper half-plane into a unit circle. 

In conclusion we shall prove the principle of symmetry in the general 
form as formulated in [24]. Let the function f(z) be regular on one 
side of an arc AB of the circle C, let it be continuous as far as the 
arc AB and let it transform it into another arc A,B, of the circle C}. 
Subjecting z to a bilinear transformation which transforms C into 
the real axis we obtain: 


|w|= 





eee az+b 
1 +d’ 
and performing a similar bilinear transformation on the function 
itself we transform the circle C, into the real axis. We thus obtain 
a new function f(z) of a new independent variable z,: 
a’ f(z) +0’ 
ha) = Shaper * 

This new function /,(z,) is regular on one side of the real axis and 
continuous as far as the line which it transforms into part of the 
real axis. In accordance with our earlier definition of the principle 
of symmetry given in [24] this function can be analytically continued 
beyond the above line; at points symmetrical with respect to the 
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real axis its values are also symmetrical with respect to the real 
axis. Bearing in mind that the two bilinear transformations mentioned 
above transform symmetrical points into other symmetrical points, 
we can maintain that the initial function f(z) can be analytically 
continued beyond the are AB of the circle C, and points symmetrical 
with respect to this circle are transformed into points, symmetrical 
with respect to the circle C,. 

Bilinear transformations, as we shall see later, are of great impor- 
tance in the theory of a complex variable. They are often used 
in the same way as the transformation of coordinates is used in 
analytical geometry viz. before starting to solve a problem, the 
plane of the complex variable in the problem, is subjected to the 
bilinear transformation so as to obtain the simplest possible conditions. 
Thus, for example, by using the bilinear transformation we reduced 
the general case of the principle of symmetry to the particular case 
considered above. 

Let us call the reflection in a circle or in a straight line the trans- 
formation of a plane where every point A is transformed into a point 
A,, symmetrical with it with respect to C. Let z be the complex 
coordinate of A and w the complex coordinate of A,. Let us assume 
that C is a circle, centre B(z = a) and radius R. The vectors BA 
and BA, should have the same amplitudes and the product of their 
lengths should be equal to R?. It is easy to see that this leads to the 
following formula which expresses w in terms of 2: 

R? 
w—a= ; (27) 


z—ā 





i.e. the reflection of the circle is expressed by a bilinear function of z: 


az + (R? — aa 
oy + = a 
and, consequently, it is a conformal transformation of the second 
class. Let us now consider the reflection in a straight line. Assume 
that the straight line passes through the origin and makes an angle 
y with the positive direction of the real axis (Fig. 31). In this case 


the point z is transformed into the point w which has the same 


modulus |w| = |z| and amplitude arg w = 2p — arg z, i.e. the 
transformation can, in this case, be written as: 
w = e” z, (28) 


where it is expressed as a simple linear function of Z. It is clear that the 
same result is obtained when reflection takes place in any straight line. 
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If we produce two successive reflections in two different circles 
or straight lines, we obtain a bilinear transformation. Let us consider 
in greater detail the case when two successive reflections are produced 
in two intersecting straight lines. It can always be assumed that 
the point of intersection lies at the origin. Let y, and y, be the 
angles made by these straight lines with the positive direction of 
the real axis. When producing these successive reflections we move 
from the point z to the point w, and from the point w, to the point w, 
according to the formulae: 


w, = 017; w= e: I. 
Substituting the expression for w, on the right-hand side of the second 
formula we obtain the final transformation for z to w in the form 


w = o 2, 


this involves the rotation about the origin by an angle 2(y, — y,), i.e. 
two successive reflections in intersecting straight lines involve the 
rotation of the plane about the point of intersection by an angle 
equal to twice the angle between these straight lines. It is also easy 
to show that two successive reflections in parallel straight lines give 
parallel transformation of the plane. 


32. The function w= z?, Using a different notation we have already 
investigated the function 


w= 2 (29) 
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and we saw that it transforms the z-plane into a two-sheeted Riemann 
surface in the w-plane with branch-points of the first order at w = 0 
and w = œ. We shall now establish the form of the isothermic nets 
in the z- and w-planes. On separating the real and imaginary parts we 
obtain: 


w = u(x, y) + toa, y) = (x + iy)? = (1? — y?) + i2ay. 


The isothermic net in the z-plane consists of two families of rect- 
angular hyperbolae (Fig. 32): 


z? — y? =C; wy =C,. ; 





Fic. 33 





Let us now consider the isothermic net in the w-plane. In the 
formulae: 
u =z? — Y; v= 2ry, c=Cy 


let us assume that z =C, and eliminate y, then if we assume that 
y =C, and eliminate z, we obtain two families of parabolae (Fig. 33): 


v? = 40} (0} — u); v? = 403 (C3 + u), 


which have been obtained as a result of the transformation of the 
straight lines z = C, and y = 0, from the z-plane. 

We can evidently regard the isothermic net formed by these 
parabolae as an isothermic net in the w-plane of the function w=|/z 
which is the inverse of the function (29). 

Let use consider in Fig. 32 any rectangular hyperbola represented 
by the dotted line for which OX is the major axis. Its equation is z? — 
— 4? = O, where C, is a positive constant. Let us consider its right 
branch. If in the equation z? — y? =C we alter C from C, to (+), we 
obtain one of the hyperbolae which are shown by the dotted lines; its 
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right branch will lie further to the right than the right branch of the 
hyperbola z? — y? = C}; it follows that the function (29) conformally 
transforms that part of the z-plane within the right branch of the 
hyperbola into the half-plane u > C, of the w-plane. Similarly the 
function (29) conformally transforms part of the z-plane within the left 
branch of the hyperbola z? — y? = C, into the half-plane u > C,. 

Let us now consider in Fig. 33 any parabola shown by a dotted 
line. Its equation has the form v? = 402 (C3 + u) and there will be 
a corresponding straight line y = C, in the z-plane, where the con- 
stant C, can be regarded as positive since only C2 enters the equation 
of the parabola. If in the equation v? = 40° (O? + u), C is altered 
from Cz to (+) then parabola represented by dotted lines will 
be obtained which lies further to the left than the parabolae 
o = C3 (C3 + u); it follows directly from what was said above that 
the function z = yw conformally transforms that part of the w-plane 
outside the parabola v? = C3 (C2 + u) into the half-plane y > C, of 
the z-plane. 


33. The function w =k (z + 1/z)/2. Let us consider the trans- 
formation of a plane by the function 


w=+(+ =), (30) 
where & is a given positive number. Let us consider the form into 
which the net of polar coordinates in the z-plane will be transformed, 
i.e. consider the form into which the circles | z | = 0, centre the origin, 
and the family of straight lines arg z = gy, which passes through the 
origin will be transformed. Substituting in formula (30) z= ọ el? 
and separating the real and imaginary parts we obtain the equations: 


w= (+=) cosp; v= (o——}sing. (31) 


Consider the circle ọ = ọọ. On eliminating ¢ from the equation 
(31) the following equation is obtained: 


ee (32) 
 (e+<-) = (e-<-) 


i.e. in the w-plane the circle is transformed into an ellipse, the semi- 
axes of which are 





k 


go P ge); Boe 


rm 





Qo — 
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where we take the positive value for b, since the difference can be 
either positive or negative. When o = @, equation (31) gives 
the parametric equation for this ellipse. In the case of a unit 
circle, when pọ = 1, the equation (31) gives u = k cos ọ and v = 0, 
i.e. the ellipse degenerates into a line (—k, +k)on the real axis described 
twice, or, as we shall say in future, it degenerates into a double line. 
When ọpọ decreases from unity to zero the ellipses grow indefinitely 
until they cover the whole plane, i.e. the whole w-plane with a cut 
(—k, +k) corresponds to the interior of the unit circle. Similarly, 
when ọ increases from unity to infinity we also obtain indefinitely 
growing ellipses, i.e. the whole w-plane with the cut (—k, +k) 
corresponds to that part of the z-plane outside the unit circle. The whole 
z-plane is transformed into a two-sheeted Riemann surface in the 


w-plane with branch-points at w = —k and w = +k. It follows that 
the function, which is the inverse of (30): 
z= EME, (30,) 


is two-valued and has the same branch-points. Let us investigate 
the ellipses (31) more closely. The foci of these ellipses lie on the 
real axis and their abscissae ¢ are determined, as usual, by means of 
the semi-axes a and b, according to the formula: ¢ = +)a? — B. 
In this case we have: 


emt! Zotz) -Fe-Z)- + 


i.e. for every value gy the foci lie on the ends of the line (—k, +k) 
or, in other words, the ellipses (32) have coinciding foci. 

Let us now consider the straight lines 9 = y, under the transformation. 
Eliminating the variable 9 from the equations (31) we have: 





u? v? 
k? cos Po Re sin? py 


=], (33) 


i.e. we obtain a family of hyperbolae with semi-axes a = k | cos % | 
and b = k |sin g,|. We shall show that the foci of these hyper- 
bolae coincide with the foci of the above ellipses. We know 
that the foci of the hyperbolae (33) lie on the real axis and that the 
abscissae of the foci are found from the formula c = +/a? + 0’. 
In this case c = +k, i.e. the ellipses and the hyperbolae do, in 
fact, have coinciding foci. The hyperbolae, which correspond to 
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the axes of coordinates in the z-plane 
n 3x 
(p=, z and}, 


degenerate into the u = 0 axis and into the lines (—co, —k) and 
(k, +) on the real axis. Hence we can finally say that the net of 
polar coordinates of the z-plane is transformed by (30) into a net of 
ellipses and hyperbolae with foci at the points +k (Fig. 34). 
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It is easy to construct a function for which the net of ellipses and 
hyperbolae with coinciding foci serves as an isothermic net. In 
order to do this we recall what we know already about an exponential 
function [19]: 


w= e’, 


with a period of 2x7. From the formula 
w = e* ey! 


it follows that the lines x = x, are transformed into circles, centre 
the origin and radii e™, whilst the lines y = yọ are transformed into 
the straight lines g = Yə which pass through the origin, i.e. the 
function e? transforms the net of Cartesian coordinates in the z-plane 
into a net of polar coordinates in the w-plane. 

Consider the function: 


w, = e? = ee, (34) 
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with period 2x. It follows from the above formula that the net of 

Cartesian coordinates of this function will be transformed into a net 

of polar coordinates for the lines y = yọ will be transformed into 

circles, whilst the lines x = x, will be transformed into straight lines. 
Let us now consider the function 


w= (w, +H) = (SE) = kooz. (35) 


As a result of the transformation (34) the net of Cartesian coordinates 
will be transformed into a net of polar coordinates and subsequently, 
as a result of the transformation (35), the net of polar coordinates 
will be transformed into a net of ellipses and hyperbolae with coincid- 
ing foci as mentioned above. The application of these two trans- 
formations viz. from z to w, and from w, to w gives, as the final 
result, the transformation w = k cos z; thus the function k cosz 
transforms the net of Cartesian coordinates into a net of ellipses 
and hyperbolae with coinciding foci, i.e. this latter net is the 
isothermic net for the function w = k cos z in the w-plane. If we 
were considering the inverse function w = arc cos (2/k), then the 
net of ellipses and hyperbolae with coinciding foci would be the 
_ isothermic net of this function in the z-plane. 

Proceeding as in the previous paragraph, we find that one value 
of the function (30,) transforms the w-plane with the cut (—k, +k) 
into the interior of a unit circle in the z-plane. The same function, for 
any fixed ọọ transforms the part of the plane outside the ellipse 
(32) into the interior part of a circle, centre the origin and radius 
Qo, Where ọọ < 1. If we take the other value of the function (30,) 
we obtain part of the plane outside the above circle, provided g> 1. 
Similarly, one value of the function (30,) conformally transforms part 
of the w-plane between the two branches of the hyperbola (33), into 
a corner of the z-plane, defined by the inequalities: go < arg z < 7— po 
where 0 < Po < 2/2. 

A detailed investigation of conformal transformations of curves of 
the second order can be found in Privalloff’s book The Introduction 
Of The Complex Variable Into The Theory Of Functions. 


34. The bi-angular figure and the strip. Let us consider the bi-angular 
figure formed by two arcs of the circles C, and C, (Fig. 35). Let y 
be the angle of this bi-angular figure and a, and a, the coordinates 
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of its vertices. On effecting the bilinear transformation 


_ z- gy 
“1 ya! 
we transform the points a, and a, into w, = 0 and w, = œ, so that 
the arcs of this bi-angular figure are transformed into straight lines 
which pass from the origin to infinity, the angle between these 


straight lines being y. If we subsequently effect the transformation 


-=~ Y- a 
Van! 
p%2} 

? 
‘ 
A 
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w, = wī", then this angle will be equal to x and the bi-angular figure 
will be transformed into a half-plane. By multiplying w, by the 
factor e”, we can make this half-plane into the upper half-plane, 
bounded by the real axis. Grouping together all these transfor- 
mations we finally obtain a formula for the transformation of our 
bi-angular figure into the upper half-plane: 


w = ei” =y (36) 

Here p, is a real number which depends on the position of our 
bi-angular figure. Performing the bilinear transformation of w as 
shown in [31] we can transform our bi-angular figure into a unit 
circle. 

Notice that we are considering a bi-angular figure confined inside 
the contour formed by the arcs of two circles. Figure 35 shows part 
of the plane outside the closed contour which can be regarded as a 
bi-angular figure defined by the arcs of two circles. However, the 
angle of this bi-angular figure will no longer be py but (2% — y). 

We assumed above that the angle of this bi-angular figure is not 
zero. Let us now consider the case when this angle is zero. Assume 
that the two circles C, and C, touch from inside (Fig. 36). In this case 
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that part of the plane confined within the closed contour, is a bi-angular 
figure with zero angle. Similarly, when two circles touch from outside 
(Fig. 37), that part of the plane outside those circles also is a bi-angular 
figure with a zero angle. If a is the coordinate of the point of contact, 
then by performing the bilinear transformation 


eee 
it aa 
we transform the circles into parallel straight lines, while the bi-angular 
figure itself is transformed into a strip, bounded by the two parallel 
lines. If subsequently we perform an identity transformation and 


also a parallel transition and rotation, i.e. 


YY a linear transformation, we can always cause 

Y the given strip to be bounded between two 

given parallel lines, for example, between 
~~ the lines 


y=0 and y= 2a. 


Let us now try to find a regular function 
which would transform this strip into the 
G; upper half-plane. We know that the function 
VA A Zz . . h 
maS w =e transforms our strip into the w- 
f plane with the cut (0, -++°9°) along the po- 
sitive part of the real axis. Performing sub- 
sequently the transformation Yw, we obtain the upper half-plane, i.e. 


the final function which transforms our strip into the upper half- 
plane will be 


w = gè . 


It follows from above that the function e” transforms a strip, 
bounded by the straight lines y = 0 and y = z into the upper half- 
plane. Performing the bilinear transformation of the variable e, 
which transforms the upper half-plane into a unit circle [31], we 
obtain the function 


ef — i 
wart, (37) 





which transforms the strip, bounded by the straight lines y = 0 and 
y = x into a unit circle. 

We shall consider in greater detail one case of the bi-angular figure, 
viz. the upper half-circle, constructed on the line (—1, +1) of the 
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real axis as its diameter. The function 





1 \2 
w= ( a } (38) 
transforms the vertices of this bi-angular figure, viz. z = —1 and 


z= +1, into the points w = 0 and w= +, while the diameter 
and the semi-circle are transformed into two straight lines; the angle 
between these lines is equal to twice the corresponding angle of the 
semi-circle, i.e. it is equal to x. 

In other words our two halves of straight lines form a single straight 
line, viz. the real axis, as can easily be seen; when describing a circuit 
round the contour in the counter-clockwise direction we move along 
the real axis from —co to +œ, i.e. the function (38) transforms 
the semi-circle into the upper half-plane. On performing, in addition, 
the bilinear transformation (26) we obtain the function 

(z+ 1)? — iz — 1)? 
(2 +1)? + (2-1)? ’ 


which transforms our semi-circle into a unit circle. 


35. The fundamental theorem. We dealt above with the cases of 
connected domains being conformally transformed into half-planes or 
into unit circles, and we considered both bounded connected domains 
(semicircle) and connected domains containing the point at infinity 
(the outside of an ellipse, the outside of the bi-angular figure). Let 
us now try to solve the problem of the transformation of any given 
connected domain in the z-plane into a unit circle or into a half- 
plane in the w-plane. In doing so we exclude two cases, viz. when the 
given domain is the whole z-plane, including the point at infinity, 
and when the given domain is the whole plane except for one point, 
for example, the point at infinity. In all other cases a regular func- 
tion w = f(z) exists in the given connected domain 8, which trans- 
forms this domain into the unit circle |w | < 1. However, we can 
subsequently transform this unit circle into itself by a bilinear trans- 
formation and we then obtain a new conformal transformation of the 
region B into a unit circle. Let us mark within the region a definite 
point A and assume that during the transformation by our function 


w= f(z), (39) 


this point is transformed into the point a, which lies in the unit circle. 
Similarly, performing a suitably chosen bilinear transformation of 
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this circle, we can always translate the point a to the origin without 
changing the unit circle [31]. This new transformation transforms 
the point A into the origin. Also, by rotating the unit circle about 
the origin we can cause the linear elements to remain stationary 
during the transition of the point A to the origin i.e. f’(z) should 
be positive at the point A. We can thus see that from one conformal 
transformation of the region B into a unit circle we can construct 
a countless number of similar transformations among which there 
is one transformation which transforms any given point A in B, 
into the centre of the unit circle, without altering the direction at that 
point. It can be shown that with this additional condition the function 
effecting the conformal transformation is defined uniquely, viz. the 
following fundamental theorem in the theory of conformal trans- 
formation applies: 

Riemann’s THEOREM. If B is a given connected domain in the 2-plane 
and z,%s a point in B, then a function f(z) exists, (except for the two 
cases mentioned above) which is regular in B; this function transforms 
the domain B into a unit circle so that z, ts transformed into the origin 
and the value of the derivative f’(z) is positive. 

We shall accept this theorem without proof. Note, that the function 
mentioned in this theorem can only in exceptional cases and for the 
simplest domains be expressed as an elementary function. The usual 
proof of Riemann’s theorem establishes the existence of this function 
but it is of little use for even the approximate construction of the 
function. We shall deal later with the practical problem of the approxi- 
mate construction of the function which performs the conformal trans- 
formation. 

Let us now make one important addition to Riemann’s theorem. 
If the contour of the domain is a simple closed curve and has the 
properties mentioned in [4], then the function /(z) is continuous up 
to the contour of the domain B and transforms this contour into 
the circumference of a unit circle. 

The inverse function is, in this case, not only regular in the unit 
circle but it is also continuous in the closed circle. 

As we said above, the function which performs the conformal 
transformation of the given domain B into a unit circle can only 
be fully defined when the additional condition mentioned in the 
above formulation of Riemann’s theorem is given. We can replace 
this additional condition by another condition, but we must still 
assume that the function effecting the conformal transformation is 
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continuous up to the contour. In doing so we can use the bilinear 
transformation ofa unit circle into itself, so that three given points on 
the contour of the domain B are transformed into three given points on 
the circumference of the unit circle. In this case the function effecting 
the conformal transformation is fully defined. The former condition 
can also be formulated differently, viz. in the first place it is necessary 
that the given point z, in B should be transformed into the origin. 
We can then rotate the unit circle about the origin so that a given 
point on the contour of the domain B is transformed into a given 
point on the circumference of the unit circle, whence it can be shown 
that the function is fully defined. 

Thus when fulfilling the conditions which guarantee the continuity 
of the function performing the conformal transformation as far as 
the contour of the domain B we can fully define this function by freely 
choosing three points on the contour of the domain B which must correspond 
to three points on the circumference of the unit circle, or by freely choosing 
one interior point and one point on the contour of the domain B, which 
must correspond to two similar points of the unit circle. If we have 
two connected domain B, and B, in the z-plane, then according 
to Riemann’s theorem, we have two regular functions: 


w,=f,(z) and w, = h (2), (40) 


which transform these regions into a unit circle | w,| < 1. Elimina- 
ting, in theory, the variable w, in the above equations, we obtain 
the regular function z, = ¢(2,), which is transforms B, into B,. 

In this case every point z, corresponds to a point z, so that one 
and the same w, can be defined by both z, and z, according to (40). 
We can thus achieve the conformal transformation of any two connec- 
ted domains (except for the two cases mentioned above) into each other. 
Simultaneously we can, of course, make the same additional condi- 
tions which are mentioned above in connection with the transforma- 
tion of a region into a circle. 

Notice one important property of the function f(z) which transforms 
a connected domain into a circle or into another connected domain. 

We take it that our domains are one-sheeted domains or, more 
strictly, that they can overlap but do not contain any branch-points. 
Also the derivative /’(z) cannot vanish in the domain, since the vanish- 
ing of a derivative indicates the formation of a branch-point in the 
transformed domain [23]. We also notice that the functions log f’(z) 
and //f’(z), can have no singularities in the course of the analytic 
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continuation within our connected domain B, and they will, there. 
fore, be single-valued [18] and regular functions in this domain, 

If we have not a connected domain but a domain with two boun. 
daries in the z-plane, e.g. an annulus confined between two closed 
curves then it is obviously impossible to transform it conformally 
into a connected domain, so that every point of the annulus should 
correspond to a definite point of the connected domain and vice versa, 

In the case of a multiply-connected domain there is one circum. 
stance which makes this case different from the case of the simply- 
connected domain, viz. not every two domain with the same number 
of boundaries can be conformally transformed into each other. Thus, 
forexample, two annulae confined between concentric circles can be con- 
formally transformed into each other only when the proportion of the 
radii of the circles which confine these annulae, is the same in both cases, 

In the case of a multiply-connected domain, one domain can still be 
transformed into another domain of a definite type, viz. any n-bounded 
domain can be transformed into a plane with n cuts which have the 
appearance of parallel sections of straight lines, and some of these 
cuts can degenerate into points. 

Before considering the approximate methods for constructing the 
functions effecting a conformal transformation we shall develop 
an analytic expression for a function effecting the conformal trans- 
formation of a unit circle or of the upper half-plane into a domain 
confined by a broken line, i.e. a polygon. This formula frequently 
occurs in various applications. 


36. Christoffel’s formula. Let us suppose that we have a polygon 
A,, A,, ..., An (Fig. 38) in the z-plane and let the angles of this 
polygon be a,x, at, ...,a,2. Consider the function 


z= f(t), (41) 


which conformally transforms the upper half-plane ¢ into a polygon. 
We have to construct an analytic expression for this function. 
Assume that the following points A, which lie on the real axis. 
correspond to the vertices of this polygon 

i=a, (k=1,2,...,n), 
and take it that all these points lie at a finite distance; this can 
always be achieved by a bilinear transformation of the t-plane. 


Let a, be the extreme point on the left and a, the extreme 
point on the right. We shall now consider the problem of 
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analytic continuation of the function f(t) across the real axis. Take 
a certain part ak ak}, of the real axis which corresponds to the 
side A, Ák} of the polygon. In accordance with the principle of 
symmetry we can analytically continue the function f(t) across the 
line @,@,4, and we obtain as a result a new polygon in the lower 
half-plane which is produced by the reflection of the initial side in 
the side A, A,4,. We can then analytically continue the new function 
go obtained from the lower half-plane into the 
upper half-plane, across the line a; a;4, on the 
real axis. As a result of the principle of symmetry 
the new values of f(t) again give a polygon in 
the upper half-plane; this polygon is obtained 
from the second polygon by its reflection in that 
side of the second polygon which corresponds to 
the line a; a;4, of the real axis, etc. We can thus 
see that it is possible to continue our function 
f(t) without difficulty across the real axis and 
in doing so the function transforms any plane 
into a polygon, which is obtained from the ini- 
tial polygon, after several reflections in sides 
which correspond to those parts of the real axis across which the 
analytic continuation was performed. Note that the side A, A, 
corresponds to a line on the real axis from a, to œ and from œ to a, 
so that the point at infinity of the 
t-plane corresponds to a point on 
the side A, A, of the polygon. 
The points a, will, in general, 
be singularities of the function f(t). 
Let us investigate the character of 
these singularities. Take a point a, 
and describe a circuit around this 
point by starting from and return- 
ing to the upper half-plane. In 
doing this we have to cross from 
the upper half-plane to the lower 
Fic. 39 half-plane by cutting across the 

line a,a, and, subsequently, we 

return from the lower half-plane to the upper half-plane across 
the line a, a}. It follows from what was said above that the values 
of f(t) in the lower half-plane form a polygon 4,4,4, ... An, which 
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is obtained from the initial polygon as a result of the reflection in 
the side A,A,; the return to the upper half-plane involves a reflec- 
tion in the side 4,4, of this new polygon (Fig. 39). 

Thus the above circuit round the point a, corresponds to the 
reflection in the straight lines 4,4, and 4,43, i.e. it follows from 
[31] that a linear transformation of the form z’ — b, = e” (z — b,) 
is involved, where b, is the coordinate of the point A,. 

It follows from this that : 


* 2 
ft) = e fH +y, 
where y is a constant (y = b, — e” b,) and f*(t) is a new branch of 
fŒ) in the upper half-plane. 
It also follows that 


Fo ro 
ro «FO 





i.e. the function 





I" (0) 
is regular and single-valued in the neighbourhood of the point a, 
this point can either be a pole or an essential singularity of the func- 
tion (42). We shall show that this point is a simple pole with a residue 
(a, — 1). In fact we can replace z by a new complex variable 2’: 


z= (z— by , 

where b, is the coordinate of the vertex 4,. The value z’ = 0 corresponds 
to this vertex and the sides 4,4, and A,A,, which cut at an angle 
a, z are transformed into two straight lines, which cut at an angle 
xi.e. the above two straight lines are transformed into two parts of one 
and the same line / in the z’-plane, which go from the origin in opposite 
directions. If we now return to the ¢-plane, we can see that the neigh- 
bourhood of the point a,, situated above the real axis is transformed 
into the neighbourhood of the point z’ = 0 in the z’-plane which 
lies to one side of the straight line Z. It follows from the principle 
of symmetry that the same condition applies in the neighbourhood 
of the points t = a, and z’ = 0 which lie on the other side of the 
above lines. Hence the neighbourhood of the point ¢ = a, is trans- 
formed into a one-sheeted neighbourhood of the point z’ = 0 and 
we have an expansion of the form: 


z = (z — b)" = c(t — ay) + olt — m) H (0 #0). 
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It follows that: 
z= by + oft (t— ay) {1 +2 (tay) + 2 at +. 
or, by applying the binomial expansion [cf. 23]: 
f(t) = b + (t — a)" f, (t), 
where /,(t) is regular and does not vanish at the point t = a,. Hence: 
P(t) = a (t — a.) f(t) + (t — @,)"* fi (2), 
F (t) = a, (a, — 1)(t — a)? f, (t) + 2a, (t — a)? fi (t) + 
+ (t— ay)" ff (t) 


and consequently: 





PO 1) í% -— YAW + 2a, (t — a) fi (t) + (t a) iY) 
re t—a, az fı (t) + (t — a2) fi (8) 7 


The second factor on the right hand side is a regular function at the 
point £ = a, where it is equal to (a, — 1), i.e. in the neighbourhood 
of the point ¢ = a, the gis oe applies: 

rh 
Fo ~ Pa Za, =. P(é—a,), 
where P(t — a.) is a regular function at the point £ = a,. 

It can similarly be shown that the function (42) has at every point 
ax on the real axis a pole of the first order with a residue (a, — 1). 
Also, as we know, our function has no other singularities at a finite 
distance and therefore the difference 





ro Sted 
rO TÈ ia t—a, (49) 


is a regular single-valued function in the whole plane. We shall now 
explain the behaviour of the function (43) at infinity. As we saw 
above, the function f(t) tends to a definite value at infinity, viz. to 
the coordinate b_ of that point in the side A,A,, which corresponds 
to t = °°; consequently, in the neighbourhood of the point at infinity 
we have an expansion of the type 





fi 


it) = ba + 


It follows that the function f”(t)/f’(t) can be expanded as follows at 
infinity: 





++. 


ri) d 
re mig a EAS 
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i.e. the function tends to zero when t— œ. We thus see that the 
function (43), which is regular in the whole plane, tends to zero 
when ¢—> œ and, consequently, it is bounded in the whole plane. 
Liouville’s theorem [9], therefore states that the expression (43) must 
be constant, but from what we have just seen, it tends to zero ag 
t — œ; it therefore follows that the constant must be equal to zero, 
We thus have the equation: 
Pi) a-!1 a,—1 
LO. T 


t—a, t—a, 


a,—1 


ae (44) 


t—a, 











Integrating once we obtain: 
log f’ (t) = (a, — 1) log (t — a,) + (a, — 1) log (£ — a,.)+...+ 
+ (a, — 1) log (t — a) + C 


or 
F (t) = A(t — a)! (t — a,)27}.. (E — a), 


and, finally, by integrating once again, we get the result: 
t 
z= f(t) = A f (t — a)! (t — a). . .(t — a)" dt + B, (45) 
0 


where A and B are constants. Our problem has thus been solved 
and the conformal transformation of the upper half-plane t into a polygon 
with angles ap ts given by the formula (45), where a, are points on 
the real axis, and A and B are complex constants. 

We will, first of all, explain the importance of these constants. 
Above we only used the magnitude of the angles of our polygon. 
Thus when the polygon is subjected to movement or even to an 
identity transformation we conserve the angles and therefore formula 
(45) should also apply to the new polygon. The importance of the 
constants A and Bis due to the fact that when altering their magnitude 
we pass from one polygon to another similar polygon. The part 
played by the numbers a, in formula (45) is of much greater importance. 
The position of these points on the real axis together with the value 
of the constant A give the lengths of the sides of the polygon. We shall 
return to this problem later. 

In deducing formula (45) we assumed that all the vertices of the poly- 
gon have corresponding points on the real axis which lie within a finite 
distance. We now suppose that one of the vertices, say A,, corresponds 
to the point at infinity. This transformation can easily be obtained from 
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the one above by replacing ¢ by a new variable t according to the 
formula 
1 
Sier Vin 


since when ¢ = a, we have t = œ, 
Completing the change of variables we obtain: 


f(t) = A f (an —a,— zy pës 


; (an — dp) — —) eae (- =) i T + B. 


T T 





Notice also that as a result of the well-known property of the 
sum of angles of a polygon we have: 


a +a +... +a, =n—2. (46) 


Using this relationship and changing the symbols of the constants, 
the above formula can be rewritten in the following form: 


j= A f (t — ai) tt — a3)? . . (T — ah) dr + B’. (47) 
d 

This formula applies when one vertex of the polygon corresponds to 
the point at infinity t = œ. 

From formula (45) it is not difficult to obtain a formula which 
gives the conformal transformation of a unit circle | w | < 1 into our 
polygon. It is sufficient to apply the bilinear transformation which 
transforms the upper half-plane ¢ into the unit circle | w | < 1. This 
transformation takes the form: 

t—i 1l w+1 


apea Oe tog ea 





w = 


Substituting the expression for ¢ in formula (45) and using (46) we 
arrive at the following formula: 


w 
z= A” { (w — aj) (w — a3). . .(w — ap)" dw + B”, (48) 
0 


where the points az lie on the circumference of a unit circle and are 
defined with respect to the points a, by the formula 


ak— i 
a= a=} 
k ati 
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In the formulae (47) and (48) we altered the lower limit of integra- 
tion; this is of no great significance as it only affects the values 
of the constants B’ and B’. 

Let us recall the assumptions made in deducing the formula 
(45). We assumed that there is a function f(t) which transforms 
the upper half-plane into our polygon and we then obtained the 
expression (45) for this function. Let us now investigate the formula 
(45); assume that a, are given points on the real axis and a, are 
positive numbers which satisfy the condition (46). We shall show 
that under these circumstances formula (45) transforms the upper 
half-plane into a domain without branch-points (one-sheeted or many- 
sheeted), the contour of which is a broken line with angles a,x 
(k = 1, 2, ..., n). To begin with note that every factor (t — ay)! of 
the integrand is a regular and single-valued function in the upper 
half-plane, and the derivative 


f(t) = Alt — a.) (t — a)" . (E — ap)! 


does not vanish anywhere in the upper half-plane. Formula (45) thus 
gives the conformal transformation of the upper half-plane into a 
domain Bin the z-plane which contains no branch-points. Let us now 
consider the form which the contour of the half-plane, viz. the real 
axis, acquires as a result of the transformation. Let us suppose that 
t varies in the interval a, < £ < a, on the real axis. The corresponding 
part of the contour of the domain B can be represented by the equation 


t 
z= AJ (f—a,)2-1(t—a,)*-1.. (6 —a,)* 1 dt+C, (49) 
a, 
where C is a constant, which is given in terms of the former constants 
by the formula: 


O= B+ AJE att a). (¢— a,b. 
0 


When t varies in the above interval each of the differences t — a, has 
a constant amplitude which we denote by p}. We can, obviously 
take it that p, = 0 and g, = n when k>1 (a, <a, < ... < ay). 
The amplitude of the integrand in the expression (49) always remains 
constant, viz. it is equal to 


(a, — 1) 9, + (a, — 1) pa +--+ + (An — 1)Pn = P. 
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Formula (49) can therefore be written in the form: 
ot 
z= Ae® (|t—a,|""*|t —a,|"7?...lé—a,[" 7 dt+C, (50) 
a, 


where we integrate along the interval of the real axis and in fact the 
above integral is real. It can be seen directly from formula (50) that the 
line a, < £ < a, on the real axis corresponds to the line A,A, in the 
half-plane z, which starts at the origin and makes an angle arg (Ae?) 
with the real axis. In the transition from a, <i < a, toa, < t < ay 
we have to translate the point a, from the upper half-plane. The 
amplitude of the difference (t — a,) then receives an increment (— 7) 
and the amplitude of the factor (t — a,)"~' receives an increment 
—z (a, — 1). Thus in the next interval a, < t < a, we have a formula 
analogous with (50) and only the amplitude ọ has a new value which 
differs from the one above by the term —2 (a, — 1), i.e. this interval 
a, < t < a, corresponds to the line A,A, in the z-plane so that the 
angle between the lines A,A, and A,A, is equal to (z — a, 2). 

We finally consider the point at infinity of the ¢-plane. For this 
purpose we can rewrite the integrand in the formula (45) in the form 


Siete Pes 3) a,—1 (1 = Sejam, a. (1 MES an Jeen 
t t t 


Applying Newton’s binomial theorem and using the relationship 
(46) we obtain the following expansion for the integrand in the 
neighbourhood of the point at infinity: 


p p a 





and after integration the right-hand side of the formula (45) is as 
follows: 


tgpi 








i.e. the point t = œ given by formula (45) is a regular point for the 
function f(t). Hence when the real axis of the t-plane passes through 
co we obtain, as for ether segments of the real axis, part of a straight 
line in the z-plane. Note that as a result of the condition a, > 0 the 
integral (45) has a fully defined finite value at the point t = a,. 
Hence the abeve hypothesis with regard to the transformation by 
the function (45) has been proved. As we have already mentioned 
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above the polygon obtained can cross itself (Fig. 40). The same applies 
also to the formulae (47) and (48). 

Thus, for example, formula (48) gives the conformal transformation 
of the unit circle into the domain B bounded by a broken line which 
contains no branch-points, provided the points a, on the unit circum- 

ference and the constants ag are chosen ar- 
bitrarily to satisfy the condition (46)- 


37. Individual cases. Let us begin with the 
simplest case, viz. the triangle. Applying the 
bilinear transformation to the é-plane we can 
always simplify our problem by making the 

Fie. 40 vertices of the triangle correspond to the 

points ¢ = 0, 1 and œ. To do this we use the 

formula (47) and assume that aj =0 and az= l, whence we 
obtain the following formula 


z=A’' fram (t — 1) dr + B’. (51) 
ò 


In this case our formula only includes the arbitrary constants A’ 
and B’; these constants are of no significance since they are connected 
with an identity transformation of 
a triangle. The comparative simpli- p% 
city of formula (51) is due to the fact tj 
that any two triangles with equal angles p 

Ee QZ 
are necessarily similar. In the case of 
a quadrangle this circumstance no Fie. 41 
longer applies and the integrand in the 
general formula for a quadrangle with given angles, contains an 
undefined parameter, which depends on the lengths of the sides of 
the polygon. 

Formula (51) also applies to an infinite triangle with angles 2/2, 
x/2 and 0. This triangle represent a strip, bounded by two parallel 
halves of straight lines and a perpendicular line (Fig. 41). Assuming 
that a, = a, = 1/2 we have in formula (51): 


: dr 
=Æ A’ AE n 
2 i} Vuze — 1) TA 
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Let us consider this rectangle in greater detail. Assume that the 
vertices of the rectangle B have the following coordinates (Fig. 42): 


@ . @. . 
Sgt ge ra On g i 


where w, and œw, are given real positive numbers. Take the right 
half of this rectangle with the vertices 


w w . . 
0, = , = + Wa, wD, 





Fie. 42 


and assume that it is conformally reflected in the right half of the 
upper half-plane ¢, i.e. in that half of the upper half-plane ¢ where 
the real parts of all points are positive. We can take it that the vertices 
0, w,/2 and iw, correspond to the points 0, 1 and œ on the contour 
of the above right part of the upper half-plane. The vertex w,/2 + iw, 
corresponds to a point on the real axis, which lies between the points 
l and œ. Denote this point by 1/k, where 0 < k < 1. As a result 
of the principles of symmetry the left side of our rectangle corresponds 
to the left half of the upper half-plane ¢ and the vertices —w,/2, 
—w’/2 + i œ, correspond to the points t = —landt = —1/k. It follows 
from above that we can always conformally transform the upper 
half-plane into a rectangle B, so that the points t = —1, 0, l, œ 
should correspond to the points z=,/2, 0, w,/2,%@,, while the 
points ¢ = I1/k and ¢ = —1/k should correspond to z = @,/2 +70, 
and z = —o,/2 + iw, We can now apply formula (45), assuming 
that a, = —1/k; a, = —1; a= l; a= ljk and a, =a,=a,= 
=a,= 1/2. 
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We thus obtain the following formula, bearing in mind that t = 9 
when z = 0: 








t 
z= A' f de 
ò Je-» =- e) 
i.e. the following formula: 
t 


dt 

z=A J aes" (52) 

The values of ¢ in the interval —1 < £ < 1 on the real axis, give 
the line (—a,/2, +-@,/2) on the real axis in the z-plane. It follows 
that we can assume in formula (52) that A is a positive constant 
and that the radical is unity when t = 0. Other values of the radical 
in the upper half-plane are unique, since this radical is a regular 
function without branch-points in this half-plane. Bearing in mind 
that the vertices ,/2 and w,/2 + i œ, correspond to the values ¢ = 1 
and t = l/k, we obtain the following formulae: 


1 
Pi = en: een 
2 af va-l- ’ 
(53) 


> alt 


dt 
Be “) V@—-na—-#e) 


The lengths of the sides of our rectangle are equal to œ, and œ; 
we can therefore construct an equation to determine the parameter 
k, which enters the integrand, from our knowledge of the relationship 
of the lengths of the sides of the rectangle: 


1 
1 k 
dt ; dt 
10, = 2 | -c :| __———_—__.._ {5 
1 +a | eres qa Go 
1 


Having thus determined k (theoretically speaking) we can proceed 
to determine A from one of the equations (53). 

The integral in formula (52) cannot be expressed by elementary func- 
tions and is known as an elliptic integral of the first class in the 
Legendre form. We shall deal with these integrals later and therefore 
we shall not investigate the problem of finding k in the equations 
(54) in greater detail here. The above argument was introduced so 
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as to explain more clearly the problem of the determination of k in 
Christoffel’s formula. 

Let us consider one more case. Suppose that we have a regular 
n-polygon A,A,...A, in the z-plane and let z = 0 be its centre 
(Fig. 43 for n = 6). Take the conformal transformation of the triangle 
O0A,A, into the sector O’Aj Az of a unit circle with the angle at the 
centre equal to 2x/n,so that the vertices of the triangle O, A, and A, 
should correspond to the centre of the circle O’ and to the ends Aj and 
Ag of the arc. According to the principle of symmetry the reflection of 





a) A; Ao 
A A; 
As As 
Fic. 43 


the triangle in its sides gives the reflection of the sector in the corres- 
ponding radii. Thus in the course of analytic continuation the function 
reflects the whole regular polygon into a unit circle. It follows directly 
from these considerations that by reflecting a regular polygon into 
a unit circle, the vertices of the polygon correspond to points, which 
divide the circumference of a unit circle into equal parts. In this case 


we must also assume in formula (48) that 
n—2 2 


= ee 


n n 





a = l, 5 noo = a FT 


Rotating the unit circle about the origin, we can, of course, take 
it that the vertix A, corresponds to any arbitrary point on the circum- 
ference, for example to the point w = 1. At the same time the points 
oki (h—1,2 ..., n — 1), on the circumference also correspond to 
vertices of the polygon so that the integrand in formula (48) has 
the following form: 


la — 1) lis — da) (w — aa) Seg g — aes lied 


If we suppose that the origin is the centre of the polygon we obtain 
the following formula for the transformation of a unit circle into a 
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regular n-polygon 
w 


z= Arf (55) 


0 ¥(w" — 1)? 


The modulus of the constant A’ is determined from the dimensions 
of the polygon and the amplitude of this constant simply gives the 
rotation of the polygon about the origin. 


38. The exterior of the polygon. Let us now consider that part of the 
plane outside the broken line (Fig. 44). In this case our domain, which 
we can also call a polygon, contains the point at infinity. We const- 
ruct the function z =f(w) which conformally transforms a unit circle 
into our infinite polygon. In this case the sum of the angles of the 
polygon is equal to x (n + 2); denoting the angles by a, =, as before, 

. we obtain instead of (46) the following re- 
ET oe lationship: 


a,ta,+...fa,=n+2. (56) 


We suppose that the origin w=0 is 
transformed into the point at infinity. The 
function f(w) will then have asimple pole at 
the origin and the function f’(w) can be ex- 
panded as follows in the neighbourhood of 
the origin: 


Fw) = P+egtewt... (87) 


We now suppose that a; are the points on 
the circumference of the unit circle which cor- 
respond to the vertices of our polygon. We 
construct the function /’(w)//’(w) as before. By proceeding in the same 
way as in [36] we can see that this function has a simple pole at every 
point a; with a residue a,—1. Also, as a result of (57), we see that it has 
a simple pole at the origin with a residue (—2) and at all other points 
it is regular, as before. Let us investigate its behaviour at infinity. The 
function /(w) is equal to infinity at the origin, and in the course of ana- 
lytic continuation across any arbitrary arc ag ag Of the unit circle it 
acquires the value infinity, symmetrical with the value of this function 
at the origin with respect to that side of the polygon which corresponds 
to the arc aj ap of the unit circle, i.e. the value of the function /(w) 
at infinity is equal to infinity and our function transforms the neigh- 





Fic. 44 
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pourhood of infinity into a one-sheet neighbourhood of infinity. (This 
is that part of the polygon obtained from the given polygon as the 
image in the side A, r4). Hence the values of f(w) obtained after 
the above analytic continuation in the neighbourhood of infinity can 
be expanded as follows: 


f (w) =d_,w+ do gr a (d_, #0). (58) 


The function f"(w)/f (w) is eet and regular in the whole 
plane except at the above poles. Differentiating formula (58) we obtain 
the following expansion for the function f"(w)/f’(w) in the neighbour- 
hood of infinity: 


AORA 
fw) = ++. (59) 





where the direction of analytic continuation is irrelevant owing to 
the single-valuedness of the function. Thus in the case under considera- 
tion, the function /”(w)/f/(w) has the above poles and vanishes at infinity, 
but otherwise it is regular. Carrying our argument further, as in [36] 
instead of formula (44) we obtain the ities 


p (w) 


a,—1 














rio = et gos eek ar? (60) 
this gives the following formula instead of (45): 
w n = n pane n dw 
z = A f (w — az) (w — az)... (w — an) ' -3z +B. (61) 


If we apply the transformation w = l/r to the variable w then 
the interior of the unit circle is transformed into the exterior of the 
unit circle and, after performing corresponding transpositions in the 
integral (61), we obtain a formula which transforms the exterior of 
a unit circle into that part of the plane outside the broken line, where 
the points at infinity correspond with each other: 


a= A f (r — m) (E ay). (e — ae 4B. (62) 


The form of this formula is the same as that of formula (61). 

Let us consider, for example, the transformation of that part of the 
plane outside a square. Owing to symmetry we obtain points a,, which 
divide the circumference of the unit circle into equal parts and, by 
rotating this circumference, we can take it that these points will be 


@,=1; a,=%; agg=—1; =t. 
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In this case we have the following relationship for the angles: 


and therefore the final formula has the form: 
2=A'(Vr—1 22 4B 63 
= f —1l + B. . (63) 


The values of the constants A’ and B depend on the dimensions 
of the square and its position in the plane. 

Note that at the beginning of [36] we considered the transformation 
of the half-plane into a polygon and in this paragraph we applied 
the result obtained to the transformation of a circle into a polygon. 
It can easily be seen that all arguments used in [36] also apply here. 

Let us make one remark in connection with formula (62). We ex- 
pand the integrand in the neighbourhood of the point at infinity. 
From (56) we can rewrite this function in the form: 


(1 = a)" (1 = yo ae (2 = ae 
T T T 


or applying Newton’s binomial theorem, we obtain the following 
expansion: 
(a, —la, + (a, — 1)a, +... + (an— 1)a c ĉa 
1-A ee a H. 
When integrating the term containing 1/7 we obtain the function 
log t and, consequently, in order that the neighbourhood of the point 
t = œ should correspond to a one-sheeted domain it is necessary (and 
sufficient) that the constants a, should satisfy the relationship: 


(a, — l)a, + (a, —l)a,+...+(a,—l)a,=0. (64) 


If this relationship is not satisfied then formula (62) transforms the 
outside of a unit circle | z | >> l into the domain B bounded by a 
broken line with a branch-point of the logarithmic type at infinity. 

Formula (62), as we noticed above, can also be used for the trans- 
formation of the interior of the unit circle |t| <1 into an infinite poly- 
gon, when the point + = 0 is transformed into the point at infinity. 
If we expand the integrand in the neighbourhood of the point 7 = 0 
and cancel the terms containing l/t, we obtain the condition: 

(a, —1) + (q—-N++...4(4,-N2=0. 


a, a, n 
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It is identical with (64) since it is given that |a,|—=1; hence it is 
given that a, 1d, and that the numbers ap, are real (and positive). 


39. The minimum property of the transformation into a circle. Consider the 
function 
z= f(T) =T HT... (65) 


which is regular in the circle | t | < R. This function transforms the circle into 
a domain B which can have several sheets and which can contain branch-points. 
The circle | r| < R,, where R, < R, is transformed by (65) into a part of the 
domain B, which we denote by B,. Let us determine the surface area of this 
domain. As we know it can be expressed by the integral [29]: 


S= f f lr @ lds, 


Izl <R, 


where we integrate round the circle | r| < R,. We can rewrite this integral 
as follows: 


R, 2x . 5 
Si =f f (L+ 2c,re'? + 3c, r2e?? +...) (1+ 2zre™? 4 8c,r2?e— "7? +...) rdrdg. 
00 


Owing to the absolute and uniform convergence of the series in the circle 
|z| < R, we can multiply our two series term by term and we can also integrate 
them term by term. Notice that by integrating the function e"? through the 
interval (0, 27), where k is an integer other than zero, we obtain zero. Thus when 
multiplying the above series it is sufficient to retain only those terms which 
do not contain factors of the type e!*?, and integration with respect to p will 
then simply involve multiplication by 22. We thus obtain: 


Rı 
S, = 2a f (1 +22 |ez|2r? +... H N| cnlr? ...) rdr 
ò 
or 


Sær R} +a S n| en ERE. (66) 


n=2 


As R, tends to R, the latter increases and tends either to a finite limit or to 
infinity. In any case this limit, which gives the surface area of the domain 
B, will be greater than xR?, i.e. greater than the surface area of the initial circle 
| T| < R, provided that in the expansion (65) at least one of the coefficients 
cy is other than zero. We thus obtain the following result. In the transformation 
of the circle | t| < R by the function (65), which is regular in this circle, the 
surface area of the domain increases, provided at least one of the coefficients cp 
is other than zero. 

Having established this preliminary theorem we can now explain one very 
important property of a function performing conformal transformation. Let 
B be a connected bounded domain in the z-plane and assume that the origin 
z= 0 lies in this domain. Suppose also that F(z) is a function which 
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conformally transforms B into a unit circle and thet the origin z = 0 is trans. 
formed into the centre of this circle. In the neighbourhood of the point z=0 
this function can be expanded as follows: 


F (z) =d z+d, 2+... 


where d, > 0. Let us now consider a new function 
F (2) £ F, (2) 
(z) = d, 1 (2). 


This function transforms B into the unit circle | r | < R, where R = 1/d,, 
and its expansion in the neighbourhood of z = 0 is: 


T= F (2) =z 4a, +a; +... (67) 


Its inverse function is regular in the circle | z | < R where it can be expanded as 


follows: 
z=} (T) =T GTP HGP... (68) 


Tho double integral 
S S |E (2) P ds, (69) 
B 


which gives the surface area of the circle must be equal to zR?. If instead of 
the function F(z) we take any other function ¢(z), which is regular in B and 
has an expansion of the form (67) in the neighbourhood of the point z = 0, 
then by substituting for zin the expansion (68) we obtain a function r which is 
regular in the circle | z | < R where it can be expanded as follows: 


P (2) = OL (t)] =T + eT” + eT? +... = fi (2). (70) 


Let us evaluate the double integral (69) for this new function g(z). Changing 
to the t-plane and recalling the expression for an element of surface area in 
the t-plane in terms of an element in the z-plane [29]: 


de, = | f’ (t) |? ds,, 
we find: 


SSle@tds=S f ie @ ra eds = f f [At | as, 
B [z|<R IT| <R 


and in accordance with the above hypothesis this integral will be greater than 
nk?, provided that at least one of the coefficients e, in the expansion (70) is 
other than zero. If all coefficients are equal to zero, i.e. p(z) = r then evidently 
g(z) = F(z). We thus arrive at the following theorem. 

THEOREM. Among all the functions which are regular in B and have in the 
neighbourhood of z = 0 an expansion of the form (67) there is one function which 
conformally transforms B into a circle, centre the origin, and which gives the integral 
(69) tts minimum value. 

This theorem can be used for the construction of an approximate expression 
for the function F(z) which transforms B into a circle, in the form of a poly- 
nomial. Hence F(z) can be approximately represented by a polynomial of 
the nth degree: 

F(z) =z +a; +... +a,2", (71) 
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and we shall determine the coefficients a, of this polynomial from the condition 
that the polynomial (71) alone among all other polynomials of a similar kind, 
gives the integral (69) its minimum value. Let us construct an arbitrary poly- 
nomial 
w (z) = b, 22+ b323 +... 40,2" 
and subsequently construct a new polynomial which has the same form (71) 
as the polynomial F(z): 
® (z) = F (z) + ew (2), 


where e€ is a real parameter. Construct the integral (69) for this new polynomial 


SS LF’ (2) + eo” (2)] [E7 (2) + ew’ (2)] ds. 
B 


This function of ¢ should reach its minimum value when e = 0. Equating 
to zero its derivative with respect to € when € = 0 we obtain the following 


condition: 
$ S LF’ @ o @) + [F © w (z)] ds =0, (72,) 
B 


which should apply for every arbitrary choice of the polynomial w(z). 
Similarly, substituting ze fore, where e is real, we obtain instead of (72,) 


the condition 
SS LF’ e) w @) — Fe) w ()] de =0. (72) 
B 


On adding, we obtain the condition 


Sf F 2) 5 (z) de =0. 
B 


Assuming that w(z) is, in turn, equal to 


w (Z) == 2%, 23, ..., 2" 


and introducing the symbol: 
Pix = S f zi z de, (73) 
B 


we obtain the following system of equations of the first order for the required 
coefficients a, of the polynomial (71): 


Pro + 2P Ge + 8M 2 Gy + +. + AP), n-1 Fn = 0, 
Poo + Par Az + BPa as F -> HNPa, aidan =O, (14) 


Pn-1,0 F 2Pn-1,1 22 + 8P pai, 203 + +++ + APr-i, n-1 Fn =9- 


Hence this problem must involve the evaluation of integrals of the type (73). 

If a simple closed curve, which does not cross itself, serves as the contour 
of the domain, then it can be shown that the above polynomials tend uniformly 
as n — oo, to a function in B, which reflects B into a circle. 
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In conclusion we shall make a remark about the first theorem proved in 
this section. The function (65) transforms the circle |t| < R into a domain 
B which can have extremely complicated geometric properties, viz. it can 
have several sheets and the form of the contour can be very complex. It can 
be shown that such a domain may not even have a surface area in the usual sense 
of the word and what we have called the surface area of the domain must be 
understood as the limit of the surface areas of the domains B,, which lie in B 
and which expand in such a way that every point of B which falls within these 
domains makes them tend to B as their limit. If B has a surface area in the 
usual sense then the latter evidently coincides with the above limit. 


40. The method of conjugate trigonometric series. We shall now give 
another method for the approximate construction of a function which con- 
formally transforms the connected domain B into a circle. In this case we obtain 
this approximate representation in the form of a polynomial which does not 
lie in the z-plane of the domain B, as was the case above, but in the 7z-plane of 
the unit circle. For the sake of simplicity we assume that the centre of the circle 
is transformed into the origin which lies in B. Let 


zea,t+a,77 +... (75) 


be a function which transforms the unit circle C(| z | < 1) into B. If the contour 
of B is a simple closed curve, then it can be shown that the series (75) will 
converge uniformly within and on the circumference of the closed circle C. On 
the circumference we assume that t = e, where 0 < p < 22; we then obtain 
the equation for the contour I of our domain B: 


=z + iy =a, e? a, e? Haz? +... (76) 


or, separating the real and imaginary parts in the coefficients a, = a, — ifr 
we can write the equation of the contour in the form: 


z= 5 (a, cos kp + Pp sin ke); y = D> (- B, cos kp + aysin kp). (77) 
k=1 k=1 


In a particular case a, can be real, i.e. £, = 0. The equations (77) give the 
parametric representation of the contour Tof the domain B in a special form, 
viz. they give the parametric representation in the form of conjugate trig- 
onometric series [25]. This is known as the normal parametric representation 
of a curve. In its complex form this can be written in the form (76). Conversely, 
if we have the normal parametric representation of the contour I’ of the domain 
in the form (76) or (77) we can construct the function itself by substituting 
e? by qf in the series (76). In this case the series (76) must be uniformly con- 
vergent. The problem thus involves the finding of the normal parametric repre- 
sentation for the contour T of the given domain B. 

We assume that we have an equation for the contour I in an indefinite 
form and that this equation is as follows: 


a? +y? — 1+ P(r? y?) =0, (78) 
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where A is a constant and P(z?, y?) a polynomial containing only even powers 
of x and y. The equation (78) can be rewritten in complex form. Note that 
P(x?, y?) can be considered to be a polynomial of two arguments: 


zr? +y =z7 and 2 (x? — y?) = 2? + 2, 
go that the equation (78) can be rewritten in the form: 


22-144 5 $ Ay (22)* (2 + 22)! = 0, (79) 
i=0k=0 


where A are given real coefficients. It is given that our curve Tis symmetrical 
with respect to the axes of coordinates and by repeating the arguments analo- 
gous with those in [37], when we considered a regular polygon it can be shown 
that in the formulae (77) 8, = 0 and a, = 0 so that the complex form of the 
equation of the contour is as follows: 


z=, 0? +a? 4... (a,>0), (80) 
where a4, are real coefficients; consequently: 
z=a,e-? +a,e 87 4 .., (81) 


By direct multiplication we obtain the expressions: 


+o 7 
z= 5 | D> %jn an| etre, 
J 


p=—e lj-j=p 


+ 
2? +z = >; D> tjn arn ef Gp tae + (82) 


Ol j+ =p 


p= 
Ta —i (p+) 
S| S ysty je PT. 
p-olj+f=p 


In each of the above expressions summation with respect to j and j’ is done 
from 0 to + œ but only those values are taken which satisfy the equations writ- 
ten below the symbol of summation. Substituting the expression (82) in the 
left-hand side of (79) we should, by multiplying the series once again and col- 
lecting terms with identical powers of of, equate to zero all terms with dif- 
ferent powers of e'?, Note that in the formulae (82) the coefficients of positive 
and negative powers will be the same but only positive powers of e? enter 
the formulae. The same evidently applies to the expansion of the left-hand side 
of the equation (79), so that we have only the constant term and the coeffici- 
ents of e'?P? where p > 0 to equate to zero. 

Without actually performing all of the evaluations in the general case we find 
that from the first equation in (82) we obtain a system of equations in the form: 


aj +a} tag... +AT (Gaya) = 1 
a,4,-+ Gga,+..- +4AT, (Gaj+1) =0 : (83) 
@, 4, +0,0; +... HAT: (tajn) = 0 
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where T',(@2;,,) are definite expressions containing the given coefficients A, 
and the unknown coefficients 22441. We shall not write them out for the genera] 
case. Let us rewrite the above system of equations leaving on the left-hand 
side of each equation only the first term, extracting the square root in the first 
equation and dividing all remaining equations by a,: 


a, = V1 — [a3 + of +... +2 To (Gaj41)], 


a,a a, a 1 
a5 377 
a, ć= — — § — 8 — ,,, — — AT (a,; 
3 a a a, 1 (@zj+1) 
a,a a, Q, 
3 “7 59 
Gs ae Ee A. AE oom te AT lage 
5 a a, a, 2 ( j+)» 


Expanding the radical by using Newton’s binomial theorem we obtain: 


a =1 4 [oh + a+.. + A To (aun)] + 


+— ar latat. HAT (aa) + - 
(84) 
1 ( 
a, = ore — — fete — ZAP: (Gey +1) 
1 L 
1 


We shall solve this system by the method of successive approximations and 
by taking the following for the initial values: 


O= 1; ee... =0. (85) 


Substituting the expressions (85) in the right-hand sides of the equations 
(84) and rejecting all terms which contain powers of A higher than the first 
degree we obtain the first approximation for the coefficients: 


a + das ’ (86) 


whence, by using the expressions T',(a,;4,), it can be shown that all expressions 
(86), are equal to zero for sufficiently large values of 7. 

By substituting again the expressions (86) in the right-hand sides of the 
equations (84) and rejecting all terms containing powers of å higher than the 
second degree we obtain the second approximation for the coefficients in the 
form: 

a + dat, + ay ’ 


where again all expressions will be zero for large j’s etc. It can be shown that 
the infinite series thus obtained for a,;,, converge for all values of 4 which 
are sufficiently close to zero and that they give the solution of the problem. 
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Example 1. To clarify the above method we shall consider an example, 
viz. we shall find a function which reflects a unit circle into the interior of the 
following ellipse (87) 


a? + y?— 1 —A(z?— y?) =0. (87) 
In its complex form this equation can be written as follows: 
& z? + 22 


zz — , 


and by using the formulae (82) we obtain an infinite system of equations 
in the form: 


attat ag +a} +o +a +.. =l 
a, 05 + as ag + as a + a dy + apa +... = A (al) 
a, 45 + a3 07 + 5 G9 +H 704, H = À (a, a3) 
PEE E EEE AE TA =1(503 + aa) (88) 
a1 € + 03 an F- = Å (a, a, + a, a5) 
a, ant Gy yg + .-- =A (a, a, + asa + 5 2) 


Ce 


Let us introduce the new unknown gpp, assuming that 


a a 
Go = G13 oa? =a ake (89) 


In this case the system (88) can be rewritten as follows: 


1 


e= +++...) ? 

01 = 54 — 01 02 — 020a — 0s 0a — 0403 — ++ 
2 = 40, — 0103 — 02 Os — 030s — > 

es =A (Set + es) -ee ees- --- (90) 
2a = 4 (0102 + 03) — 01 8s — +++ 

o= Alec teres +z e8) -eres — +- 


Without paying any attention to the first equation for the present, we can 
solve the remaining equations by using the above method of successive approx- 
imations. 
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Thus, on going as far as terms containing 4° we obtain: 


1 1 3 l 9° 
= — E Ý- —— 45: =— —j2_ _j]4.: 
asgi- g hath a ge T 
5 9 7 21 
= — 3 — — 15; = — Ài: = 5, 
Qs a? 8 ’ a, gti Qs 16 4 


where all remaining 9, are equal to zero. We took as the initial values 
ef = of = ... = 0. Substituting the expressions obtained for 9, in the right- 
hand side of the first equation of the system (90) and using Newton’s binomial 
formula, we obtain an expression for 9, which is accurate up to terms in a5, 


= l 2 3 4 
Re Lg aE Tag A 





By knowing the values of g,, and from (89) we can construct ap: 
ai = Qo; Q= Qo; % = Co 02; 


Thus the unknown function which reflects the interior of the unit circle 
into the exterior of the ellipse (87) can be approximately represented by a 
polynomial of the eleventh degree: 


= (1- pat EA u) (jait) 





+ (ze = ws) t4 (fe - Zales gue +45 ee]. (91) 


2. Consider the conformal transformation of a unit circle into the interior 
of a square bounded by straight lines s = +1 and y = +1 parallel to the 
axes. The equation of this square can be written in the form: 

(1 — z?) (y2 — 1)=0 or 2#+y?—l—2@y?=0. 

Introducing the parameter 4 we obtain a family of lines: 

wty?—l—Aay?=0. 


In the complex form this can be written as follows: 





2? — 22 ) 


a —1+2/ z 


In this case the square is symmetrical with respect to the axes of coordinates 
and the bisectors of the angles between these axes. Bearing this in mind and 
using the same arguments as in [37] we find that the normal representation of 
the contour of our square must have the form: 


z=a,e?+ac%+4 qe? +... (a, >0), 
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where G44, are the required real coefficients. The above method gives the 
following infinite system of equations for these coefficients: 


af +o +a +. = 
A 2\2 1 32 
=14+5|($) + (a a,)*+ (a1 4 + 54) + (41 dig + 2505)? + -- ] 
a, a; + as ag H agaa tH -e = 


— 


0, Gy + a5 Gia H e = (92) 
si (Peas tartaGa ea | 
tı üi F. = 
À a? 


In this case we act somewhat differently, viz. we suppose immediately that 
4 = 1 and we then solve the system (92) so obtained by the method of successive 
approximations; the initial values are as follows: 


a4,=1; a,=a=—...=0. 
Substituting this in the system (91) we have: 
1/1% 1 1/1)\2 
a@=14+5(3); a= 5-|-s(3) |: a= üz =... =0 
or 
a, = 1.0607; a, = — 0.0625; a=—a,,=—...=0. 


Substituting these approximations in the system (92) we have: 


a? + (— 0.0625)? = 1 + 3" -+ 1.0607)? - (— 0.0625)? -+ + (— 0.0625) | ; 


4 
1.06074, = srt + (1.0607) - (—0.0625) +1 (—0.0625) - 1.0607]; 
2l 2° 4 2 2 
1.0607a, = 4 [- > (1.0607) (— 0.0625) + 4 (— 0.0625)? - (1.0607)"] ; 
: 1 3 i 3 
.06070,,= > |- -7 (1-0607)? (— 0.0625) ] ; 
1.0607a,,= 0. 


This gives the following approximations: 
a, = 1.0672; a, = — 0.0922; a= 0.0181; a= — 0.0016; aņ=0. 
These successive approximations can obviously be continued further but to 


evaluate successive approximations the system (92) must be written in a more 
specific form, by adding new equations and writing out a greater number of terms 
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in each equation. To evaluate successive approximations the preceding approx. 
imation is substituted in all terms of the system (92) except In the first term 
on the left, although beginning with the second equation, the values of a, 
are substituted in the first term. 

In the case under consideration the values accurate to the first four decimal 
places, will be as follows: 


a, = 1.0807; a= — 0.1081; a,=—0.0450; a,,=——0.0242; a = 0.0174; 
a,, = — 0.0125. 


Notice that when applying the method of successive approximations with 
initial values a, = l, a, =a, =... = 0, all the coefficients a,,,, in every 
approximation from a certain coefficient onwards will be equal to zero. 

Instead of the above method an expansion in powers of A can be used, not 
for the coefficients a,;,, but for the right-hand sides of the equations (77) or 
(78). This will lead to somewhat different results when the method of succes- 
sive approximations is used. We are trying to find the normal parametric repre- 
sentation for the curve (78) in the form of series in whole powers of the para- 
meter À. 


x = To (P) + xı (p) + 2, (P)AP+..-5 y= yo (P) +Y: (P)A+ Ye (GY) 42+... (93) 


where x,(p) and y,(p) are functions giving the normal parametric representation 
of the curve (78) when å = 0, i.e. they give the circles z? + y? — 1 = 0. In 
other words, in formula (93) we have: 


Zo (P) =cosp; Yo(y) = sing. 


Further coefficients 2,(y) and y,(g) must be conjugate functions, i.e. 
they should be represented by conjugate trigonometric series. Substituting the 
expression (93) in the left-hand side of the equation (78) and equating to zero 
terms with like powers of 4 we obtain equations for the determination of 
the coefficients of the expansion. 

3. Let us apply the above method to the ellipse: 


a —F(t4 a) = 1, (94) 


which we have also considered in connection with the first method. We shall 
try to find the normal parametric equation for this curve in the form: 


z=£ +4 iy =e? +z (p) å +z (p) +., (95) 
where every value z,(p) is an expression of the form: 
Zy (P) = a) of + af) oP 1 |, (96) 


Substituting (95) in the left-hand side of (94) we have: 
(ef +2 At 2,4 +...) (CP 43,442,084 Sel tat .. 2+ 
+(e zA...) =. (97) 
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Equating the coefficients of 4 to zero we obtain: 
= fa 1 = 
el? Z +e ip z= =" +e i29) 
or 
-i 1 
Rje? z] = z 008 29, 


where @ is the symbol of the real part. In agreement with (96) this gives 


1 
R [ad + afl) eft j= x 008 29, 


whence 
1 . 


aaa af) = a) = af) =... =0. 
Finally this gives: 


2 = + o’, (98) 


Let us return to formula (97) and equate the coefficients of å? to zero: 


oTi? Z+ el? Za + 2 Z = el? z +e’ z 
or 
—ip ip Era 
Rie"? z,] = R [6° z] — gaže 


From (98) we have: 


R [e—'? z,] = — - + 4 cos 4p, 
i.e. remembering (96): 
1 1 
i 
R [a+ eer"? 4+...J=— 5 ty cos4e, 
whence ay” = — 1/8, aj?) = 1/2 and the remaining aj, are equal to zero, i.e. 
1 lj 
Z = — z” + 7 oP, 


Continuing in the same way we obtain 


re 5 isp 5 ig. = ip _ 5 isp 1 lee 
Bagge te © agg eget RS 
and, finally, substituting in (95) and replacing e'f? by 1" we obtain the approxi- 
mate expression for the unknown conformal transformation: 


ear¢geid(—grtsejet+(-spetgeyat 
7 
+ Ga? ee u, (99) 


The method described above was developed by Prof. L. V. Kantorovich. 
The detailed description of this method with the proof of convergence can be 
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found in the work of the author (Mathematical Manual, vol. 40 : 3). Notice that 
if in formula (91) we consider no terms containing powers of A higher than 
the fourth power then formula (99) will be obtained. 


41, The two-dimensional established flow of liquids. Having explained 
the theoretical basis of the theory of conformal transformation we 
shall now consider the application of the theory of a complex 
variable to hydrodynamics. Let there be a two-dimensional estab- 
lished flow of liquid, where the potential of velocity is equal to 
g(x, y) and the function of the current is equal to y(x, y) [II, 74]. Let 
us recall that the components of current at every point are ex- 
pressed by the formulae: 

Op (z, y) n= rley) (100) 


V Ox , 


and the difference 
Y (T1 Y1) — Y (To; Yo) = Y (M) — Y (Mo) (101) 


gives the quantity of liquid which flows in unit time across an arbi- 
trary contour connecting the points M, and M,. The flow is indepen- 
dent of time and is the same in all planes parallel to the XY-plane; 
the liquid is of unit density. More strictly, the expression (101) 
gives the quantity of liquid which flows in unit time across a cylindri- 
cal surface, parallel to the Z-axis, of unit height, the surface having 
the shape of a contour l in the XY -plane which connects the points 
M (To Yo) and M,(z,, y,). Hence from above the functions p(x, y) and 
y(z, y) are connected by the relationships: 


dp _ ð | əp oy 


Oz Oy’ Oy ox’ 
which are exactly the same as the Cauchy—Riemann equations. We 
can therefore say that the function of the complex variable 


F (2) = p (x, y) + wy) (102) 


has a derivative in the domain occupied by the flowing liquid. This 
function (102) is usually known as the complex potential of flow. 

As we said above, the functions ¢(z, y) and (z, y) can be many- 
valued viz. they can acquire constant terms by encircling a certain 
point, or more generally, by encircling certain holes in the region 
under consideration. For the function y(x, y) this many-valuedness 
indicates the presence of a source at the corresponding point and for 
the function ọ(x, y), the presence of an elementary turbulence at 
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that point. In such cases the function f(z) will also be many-valued, 
i.e. it will acquire constant terms by encircling certain points (or holes). 

From (100) we can see that the velocity vector corresponds to the 
complex number 


The latter expression is the function conjugate with the derivative 
F(z) [2]. Hence a function g(z), conjugate with the derivative f'(2), 
gives the velocity vector of the flow. 

Consider the isothermic net which corresponds to the function (102): 

p(z, y)=0;; (zy) = 0. (103) 
The first family of lines represents a family of lines of equal velocity 
potential or, in other words, a family of equipotential lines. The 
second family (lines of current) represents, as can easily be seen, a 
family of trajectories of liquid particles. In fact, as we know, the two 
families will be orthogonal but the velocity vector, which is equal to 
grad ¢(x, y), is directed, as it happens, along the normal to g(x,y) = ¢,, 
which corresponds to a line of the second family (103). Thus in the given 
established flow the velocity vector at every point is directed along 
the tangent to the line from the second family (103), which passes 
through that point, i.e. in fact this family is a family of lines of current, 
and the latter, in an established flow, gives the trajectories of liquid 
particles. 

Until now we have considered the kinematic picture and thought that 
any kinematically possible picture of movement can be given by a com- 
plex potential which is a regular function; conversely, any complex 
potential gives a kinematically possible picture of movement. We 
will now show that we can in this way also satisfy other hydrodynamic 
equations which give us the value of the pressure. Let us write down the 
hydrodynamic equations for the two-dimensional established flow, 
assuming that exterior capacity forces have a potential U(x, y). 
Bearing (100) in mind we obtain two hydrodynamic equations and a 
continuity equation [II, 115]: 

Op EP as oe ep 3U 1 dp 
3s Oa? ðy Ordy dz e Or’ 
0p Fp + ar, Zg aU 1 Op 


oe ay dy? Əy e dy’ 
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where ọ is the density of the liquid and p(z, y) is the pressure. The 
continuity equation is evidently satisfied, for the real part of the 
regular function is a harmonic function. The first two equations can 
be rewritten in the form: 


EHEHE- o= 


S {1+ E-o += 


It follows that the expression inside the shaped brackets, must be 
a constant and we thus obtain the following integral: 


1[(8p)2 , (3p) 1 

alae) + (a) -e+e me 
which determines the value of the pressure p(x, y). If the capacity 
forces are absent and if we assume that 9 = 1, we obtain the formula: 


p-o-1\vP=c-1]re@f, (208) 








where | V | denotes the velocity. 

Note that if instead of f(z) = p + tp we take the complex potential 
if(z) = —y + ip, then the equipotential lines will be transformed into 
lines of current and vice versa, Hence every isothermic net of a regular 
function essentially gives two different pictures of the flow of a liquid. 


42. Examples. 1. All examples of isothermic nets which we considered earlier 
can now be interpreted from the point of view of hydrodynamics when, as we 
have shown above, every example gives two hydrodynamic pictures. 

Let us now consider some other examples. To begin with we consider the ele- 
mentary function 


f (z) = A log (z — a) = A log |z — a | + iA arg (z — a), 


where a is a point of the plane and A is a real constant. In this case the equi- 
potential lines are circles, centre at a, and the lines of current are straight lines 
which originate at that point. The function f(z) acquires the constant i27A by 
describing this point and therefore the imaginary part of the complex poten- 
tial p(x, y) (the function of current) acquires the term 227A. The velocity vector 
is determined by the complex number 


a= 








z2—-@a@ 


If we denote by ọ and ọ the modulus and amplitude of the complex number 
z — a, then the velocity vector corresponds to the complex number Ae'?/g. 
One result of this is that on approaching the source, the velocity tends to 
infinity and, when A is positive, this velocity is directed from the source to 
infinity, i.e. we have a source but no flow. 
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Let us now consider the more general function: 
z—a z—a z—a 

z—b z—b z—b’ 
where a and b are distinct points in the plane and A is a real constant. In this 
case the isothermic net is defined by the equations: 
z—a z—a 
z—b z—=b Oa: 

As we know the first of these equations corresponds to a family of circles 
with respect to which a and b are symmetrical and the second equation to 


+ iA arg 





(106) 








f(z) =A log = Alog 

















=C,; arg 








Fie. 45 


a family of circles which pass through the points a and b [31]. In the case 
under consideration we have a source of intensity 227A at the point a and a 
flow of the same intensity at the point 6. 

2. Let us suppose that the points æ and b lie at the points —h and 0 on 
the real axis and take 4 = 1/h. In this case the function (106) has the form: 


fay = tog (sb) — og ; 


Taking the limit as k -- 0 we obtain the complex potential which charac- 
terizes a so-called dipole at the origin: 


h()=>. 


It can easily be shown that in this case the isothermic net consists of circles 
passing through the origin and touching the Y axis (equipotential lines) and 
of circles passing through the origin and touching the X axis (lines of current) 
(Fig. 45) [31]. 
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3. Consider the function: 
f(z) = iA log (z — a) = — A arg (z — a) + tAloglz—al, 


where A, as before, is a real constant. In this case circles, centre at a, serve ag 
lines of current and the straight lines which radiate from the point a are equi- 
potential lines. By encircling the point a in the positive sense the real part of 
f(z) (velocity potential) receives an increment —22A and we have at the point 
A an elementary turbulence of intensity —27A. 

4. Take the function 


fe=F (e+ 2), (107) 


which we investigated in [33]. Separating the real and imaginary parts we obtain 
an equation for the lines of current in the form: 


3 (v- ats) =C 
or 


ky (a? +y? — 1) — 20 (a? + y?) = 0. 


In the general case these lines are certain curves of the third order. In the 
particular case when C = 0 we have a circle z? + y? = 1 and the axis y = 0. 
We are only considering that part of the plane outside the above circle. We can 
say that the lines of current consist of the lines (— œ, — 1) and (1, ©) on the 
y = 0 axis and of the above circle. In this case we have considered the flow 
of liquid outside the circle with the liquid circulating round the circle. Evalua- 


ting the derivative 
? k 1 
ra=z(l-z): 


we see that the velocity of flow at infinity is equal to k/2 (where k is real) and 
this velocity is equal to zero at the points z = +1, i.e. at points where the lines 
of current enter the circle. 

We now add a logarithmic term to our function and thus construct a new 
function 


he) = 7 (- z3 3) — GA logz. (108) 


The real part of the second term also remains constant on the above circle, 
i.e. this circle, even for the complex potential (108) is one of the lines of current, 
but in the case under consideration the velocity potential receives an increment 
22A on encircling this circle, i.e. the potential (108) gives the flow round 
our circle with an elementary turbulence. Figures 46,, 46, and 46, give the 
appearance of the lines of flow for various values of the constant A/k. The 
flow represented in Fig. 46, shows that the points of entrance and exit of the 
lines of flow coincide on the circle round which the liquid circulates. 

5. As we saw earlier in [33] the isothermic net for the function 
F(z) =arc cos z/k consists of confocal ellipses and hyperbolae with foci at +k 


177 


bo 


42] EXAMPLES 


on the real axis. This net is shown in Fig. 47. If we take the hyperbolae as the 
the lines of current we obtain the picture of flow through tbe aperture 
(—k, +k) on the real axis. If we take the ellipses as the lines of current we 
obtain the picture of flow round the ellipse or round the line (—k, +k). 

6. Frequently when studying the hydrodynamic picture it is more con- 
venient to give not the complex potential w = f(z) but its inverse function 


ee : 


: 
i 


| 
| 


Fie. 46, Fie. 46, 


E 


Fic. 46, 


z = p(w). Consider an example of this kind. Suppose that the complex poten- 
tial is given by its inverse function 


z=w+tew, 
Separating the real and imaginary parts 
z=a2+iy; w=o+iy, 


we have: 
z2=pte? cosy; y=ypte?siny. 
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Assuming that y = C we obtain an equation for the lines of current in the 
parametric form 
z=g+e?cosC; y=C+e%sin?, 
where @ is the variable parameter. Consider two lines of current, viz. the lines 
corresponding to C = z and C = —z. In the first case we have 


w=y—e?; yor. 


It can easily be seen that in this case the lines of current consist of a double 
line — œ <a < —1 on the line y = z. In the second case when C = — 2 the 
lines of current consist of a double line — œ < g < — 1 on the line y= =z, 





Fic. 47 Fie. 48 


Also, when C = 0, the axis y = 0 itself serves as a line of current. Figure 48 
represents the appearance of the lines of current in this case. 


43. The problem of flow round a contour. Suppose that we are given 
a simple closed contour / in a plane and that we are investigating 
the flow of liquid outside this contour, which must satisfy the follow- 
ing two conditions: (1) the contour / must be one of the lines of current 
and (2) the velocity at infinity must be finite and have a definite 
direction. It is also necessary that the complex potential f(z) be a 
single-valued function. We assume that the velocity at infinity is given 
by a positive real number c (i.e. we choose the positive direction of 
the real axis as the direction of the velocity at infinity). 

Suppose that we know the function which conformally transforms 
that part of the z-plane outside J, into the outside of the unit circle 
|z|> 1. We know that there is an infinite number of such functions 
and we choose the function which translates the point at infinity into 
itself and has no direction at that point. w’(°°) is a real positive number 
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for this function and we have the following expansion for it in the 
neighbourhood of the point z = œ: 


t=o(2)=be+h+24... (b>0). (109) 


As we already know, the complex potential in the problem of flow 
round a circle, can be expressed as follows: 


fı (1) =$(«+2), (110) 


where k is a real constant which we shall determine later. If we sub- 
stitute t by its equivalent expression from (109) in the equation (110) 
we obtain a single-valued function which is regular outside the contour l; 
its imaginary part remains constant on the contour /, in the same way 


as the imaginary part of (110) remained constant on the circle | t | = 1: 
k 1 
(@)=hloel= il +5]. (111) 


The constant & only remains to be chosen so that the velocity at 
infinity is equal to c, i.e. so that /’(co) = c. From the formulae (109) 
and (110) we must have at infinity 


fa= =} — ae |e’) and f (co) = = -b, 

from which it follows directly that we should take k = 2c/b. We thus 
see that the problem of flow round a contour involves the conformal 
transformation of that part of the plane outside that contour into the 
exterior of a unit circle. 

It can be shown that if the function f(z) is single-valued the solution 
of the problem is unique provided that f(z) has no singularities outside / 
other than the simple pole z = æ. 


44, N. E. Zhukovskij’s formula. Let f(z) be the complex potential 
which gives the flow round the contour / and let the velocity at in- 
finity be equal to the positive number c. We assume that /(z) is not a 
single-valued function but that in describing a circuit round the 
contour Z its real part 9(z, y) gains a constant term y. The component 
of pressure on the body about which the liquid circulates can be 
expressed by line integrals: 


F, = Í p (x, y) cos (n, x) ds; F,= f p(z, y) cos (n, y)ds, (112) 
i i 


where p(x, y) is the pressure and n is the direction of the normal 
inside the contour. 
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The element of the contour ds, like the vector, corresponds to a 
a complex number dz = e” ds, where 0 is the angle between the 
tangent to the contour and the OX axis. The multiplication of a 
complex number by zis equivalent to the addition of z/2 to the ampli- 
tude and therefore the complex number ie” ds corresponds to a 
vector ds, directed along the inside normel to l, and we evidently 
have: 


F, + iF, = f pi dz. (113) 
i 
According to formula (105) 


lipy 
p=0—-4]/ @p=o-sley, 
and therefore 





F, +iP,=i f0 -5i fE i 
I t 


It is obvious that 
fdz =0; 
1 


it is convenient to change to complex conjugate values in the above 
equation, after which we obtain: 


af 


F,—iF s= at lar 








Pea aa La aaae (114) 


The contour / is a line of current, and therefore (x, y) is a constant 
on this line; y(x, y) = O, and therefore, on I: 
Fe) = p(z, y) +i, FE) = p(z, y) — iC, 


from which it follows that df = df. Multiplying both sides of (114) 
by ¢ we obtain a complex value which fully characterizes the vector 
of the total pressure upon the body: 


T 


R=F,+iF, =-f/¢ 
i 
or finally: : aa ae 
R=F,+iF,=~—5{ (gE) ae. (115) 
I 


The function /’(z) is regular and single-valued outside l. In the neigh- 
bourhood of infinity it can be expanded as follows: 


e= eti ++... (116) 
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where c is the given value of the velocity at infinity. For the function 
f(z) we have the following expression in the neighbourhood of infinity: 


f(2) =O + cz + dy logz — 2 + ee 


and by describing a circuit in the positive sense around J, the function 
f(z) acquires the term 72xb,, which we earlier denoted by y. Thus 
b, = (1/22t) y and instead of (116) we can write: 
, b 
rea =c+z tt 


27 iz 





whence, by squaring, we obtain an expansion in the form: 


2 d, 
If @Paet+ 42+... (117) 
When evaluating the integral (114) we can, as a result of Cauchy’s 
theorem, integrate not round the contour l but round a closed curve 
which surrounds J and which lies in the neighbourhood of the point 
at infinity. We can then use the expansion (117) when we obtain the 
following expression for R: 





R= F; + iF, = — = 2ni = — cy, 
i.e. 
F,=—cy; F,=0. (118) 


45. The two-dimensional problem of electrostatics. We shall now 
apply the theory of functions of a complex variable to the problems of 
electrostatics. We frequently meet here problems analogous with 
those considered above. First of all we shall explain what is meant by 
the two-dimensional problem of electrostatics. As we know the point 
charge e creates lines of force in space which act in accordance with 
Coulomb’s law and the intensity of the field is expressed by the well 
known formula 

jas, 
where ọ is the distance from the charge e to the point M, at which the 
vector of force is determined. This vector of force takes the direction 
of the line connecting the charge and the point M. Imagine now that 
we have a charged straight line parallel to the Z-axis which crosses 
the XY -plane «t the point O, and that the density of the charge is the 
same at every point. Denote this charge, which is proportional to 
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unit length of the line, by e. The picture of the electrostatic field jg 
obviously the same in all planes parallel to the XY¥-plane; therefore it 
is sufficient to consider the XY -plane alone; here again, as a result of 
the principle of symmetry, the vector of force must lie in this plane 
and take the direction of the line joining the point O with the point 
M in the plane at which the force is calculated. The elementary charge 
on the section dz of the straight line is expressed by the product e - dz, 
and the value of the force at the point M with coordinates (x, y, 0) by 
the sum of the projections of component forces multiplied by the 
direction OM of the above line. 
We have the following expression for the force: 
edz 
T? + y? + z2 2 

when O is the origin. The above expression must be multiplied by 
the cosine of the angle p, made by the direction NM, from the variable 
point N on the Z-axis, and the direction OM; from the right-angled 
triangle ONM we have: 


cos p = ———-—— and z=rtang, 


Va? tyt 
where 7 = /x? + y?. Replacing the variable g in the integral 


e cos ọ dz 
a ty? + 2? 


by z we obtain the following expression for the force: 


2 
f= = i} cos pọ dp 
or 
2e age 
l= (r= V+). (119) 
The corresponding potential of force is: 
V (z, y) = 2e log £ R (120) 


where r is an arbitrary constant which we assume to be positive. 
Hence the logarithmic potential (120) is the elementary potential 
and it originates, as it were, from this point charge, if we disregard 
the whole space and consider the XY-plane alone. Note that this 
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elementary potential (120) does not vanish at infinity like the usual 
Newton’s three-dimensional potential 1/7, but becomes infinity; this 
is the essential difference of two-dimensional electrostatic problems. 
If, instead of a charged line, we have a charged cylinder, the base B 
of which lies in the XY -plane, then instead of the elementary potential 
(120) we obtain a potential expressed by a double integral 


V (æ, y) =2 f fe (£ n) log $ d£ dn, (121) 
B 


where 0(€, 7) is the density and r the distance from a variable point 
(£, n) in the domain B to the point M(x, y): 

l r = V(E—2)? + (n — 4}. 

Similarly, if the surface of a cylinder is charged, then the potential 
is expressed by a line. We also know that the functions log 7 and 
(120) satisfy the Laplace equation [II, 119]: 

y y 
a t ay 9 

The potential (121) outside the charge, i.e. outside the domain B, 
also satisfies this equation. 

We can assume that any harmonic function is the real or imaginary 
part of a regular function of a complex variable. In this case we shall 
consider the potential V(z, y) to be the imaginary part of a regular 
function 

f(z) =U (z, y) + iV (x, y). (122) 

Hence every electrostatic picture outside the charge gives a regular 
function f(z) (complex potential) and, conversely, any such regular 
function gives the electrostatic picture of the two-dimensional field. 

In this case both families of the isothermic net of functions 


U(z,y)=C,; V(z,4)=0, (123) 


have a simple physical meaning. The second family in (123) gives 
a family of equipotential lines and the first, which as we know is 
orthogonal to the second, gives a family of lines of force, i.e. it 
gives lines the tangents to which define at every point the direction 
of the acting force. The components of the vectors of force can be 
expressed as follows 


Z ƏV (x,y) . ee ƏV (x, y) 
Fps Sa ep 
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or, from the Cauchy—Riemann equations: 


CA _ ə 
P=- Ps5 ee 


Thus the vector of force corresponds to the complex number 


; əy . 3U ETER 
F, +F, =- -p ip Y (z). (124) 
If we have a closed finite conductor then inside this conductor, as 
we know, the potential remains constant and the density of charge 


on its surface, as proved in electrostatics, is calculated according to 
the formula: 


L ja or 
e= VFI+F 
or, with the aid of the complex potential, by the formula 


e= lf El: (125) 


The analogy between the above concepts and the corresponding 


concepts in problems of two-dimensional hydrodynamics can readily 
be seen. 


46. Examples 1. All examples of isothermic nets which we considered above 
can now be interpreted from the point of view of electrostatics. Consider, for 
example, the function 

I (2) = i 2e log — . (126) 





zZ 


Its imaginary part remains constant on the circles with respect to which 
the points a and b are symmetrical [31]. Take two such circles C, and C, and sup- 
pose that the imaginary part of the function (126) has constant values V,and V, 
on these circles. If we imagine two cylinders formed by lines parallel to the 
z axis for which the above circles serve as bases, then the complex potential 
(126) gives the picture of the electrostatic field between two such cylinders, 
where V, and V, are the values of the potentials on the respective cylinders. 

Notice that in the general determination of the electrostatic field in an annulus 
between two conducting curves J, and J, we have a complex potential, the 
imaginary part of which remains constant on the curves J, and J,. Thus the 
complex potential f(z) transforms the above annulus into a strip, bounded 
by two straight lines, parallel to the real axis. Such a transformation cannot 
be single-valued, for an annulus is a multiply connected region and a strip is a 
connected region. The function (126) in the above example is evidently many- 
valued in the annulus confined between the circles C, and C}. 

Note one other property of the field defined by the function (126). This 
function can be written as follows: 


Í (2) = i 2e log (z — a) — i 2e log (z — b). 
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By using this expression it can be shown that both conductors have equal charges 
of opposite sign. In agreement with this the function (126): 


ia 

f(z) = i 20log ——— 
he 

z 


will be regular at z = œ. 
2. If we want to determine the electrostatic field between two conductors, 

each of which goes off to infinity (Fig. 49) then the domain between these conduc- 

tors will be connected and the problem 

essentially involves the transformation D 

of the region into a strip bounded by 

two straight lines, parallel to the real 

‚axis. Thus, for instance, when these 

lines are the lines (—œ < gz < —1) on 








the straight lines y = z and y =— 7, De 
then the formula z = w + e” gives p (y 
the inverse function for the un- J 
7 
z uy 
8, 
Fria. 49 Fie. 50 


known function and Fig. 48 gives the picture of equipotential lines in this case. 
Notice that at the end of our lines we have w = +2i and e” = —1. But 
formula (124) gives the magnitude of the force as: 


—1 
, 


dz 


VFE+ FP =I rOl |- =l ie 








in this case 
VF} +F? +Fġ=|1 +e” 3 
i.e. at the ends of the above lines the force becomes infinity. 

This is a special case of a more general example which we shall now consider. 
Assume that our two conductors have the appearance shown in Fig. 50: AB 
and AC are two parallel halves of straight lines, so that the points B and C lie 
on their common perpendicular. The directions BD and CD make the same 
angle a with AB and AC, where a = ux. Draw a straight line PQ, parallel 
to the above straight lines at an equal distance from either line. Part of the plane 
bounded by PQ, AB and BD can be regarded as a triangle and the angles at 
the vertices B and P are respectively equal to (u + 1) x and zero. Let us trans- 
form this triangle into the upper half-plane and let the vertices B, P and Q 
correspond to the points t = —1, 0 and œ. Using formula (47) we have 


~~ z=af(r41)*t "dz, (127) 
o 
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where the constant a can be regarded as positive; this can be achieved by rota. 
ting the z-plane. The z-plane is that shown in Fig. 50 and z corresponds to the 
plane in which our triangle is represented by the upper half-plane. If we reflect 
the above triangle in the line PQ, then the half-plane will be reflected in the ling 
0 < rt <+ on the real axis, and part of the 2-plane between our two con. 
ductors will be reflected in the z-plane as a plane with the cut (—co, 0). If 
we now assume that 
t=”, 

and recall the image produced by an exponential function [19], we obtain 
a strip in the w-plane, bounded by straight lines parallel to the real axis and 
at a distance x from it, i.e. we obtain the strip 


—a<I[w) <z, 


where I is the symbol of the imaginary part. Thus w, as a function of z, hag 
a constant imaginary part +2 on our conductors and represents the complex 
electrostatic potential of the two-dimensional field between our two conductors, 
Owing to the fact that t = e” we can rewrite (127) in the form: 


w 
z =a Í (e + 1)” dw. (128) 


The value of the constant a evidently depends on the distance between the 
straight lines AB and AC. Suppose that this distance is equal to 2b. For points 
in the z-plane near the point at — œ, the isothermic net giving the 
families of equipotential lines and the lines of force will evidently be close 
to the net of Cartesian coordinates and this net corresponds to the net of Carte- 
sian coordinates in a strip of width 2z in the w-plane. The point z = — œ 
corresponds to t= 0 and therefore to w = — co. Bearing in mind that the width 
of the strip in the z-plane is 26 and that when w tends to —oo the function 
e” tends to zero and, consequently, from (128), dz/dw tends to a, we can see 
that the value of the constant a is equal to b/x. Consider the particular case 
when # = 1/2,i.e. when the straight lines BD and CD are perpendicular to 
AB and AC. 

In this case we have: 


w 
ent f Yo" +1 du, (128) 


whence the integral can easily be evaluated by substituting o” + 1 = #. 

The absence of the lower limit of integration means that any constant 
number can be added to z, i.e. it involves a parallel transition of the 2-plane, 
which is of no significance. 

3. Let l be a simple closed contour which is the trace of the cylindrical 
conductor in the X Y-plane. Let e be a given charge on that conductor, per 
unit length along the z-axis. We have to evaluate the two-dimensional electro- 
static field outside 1. Reflect that part of the z-plane outside } onto the outside 
of a unit circle in the z-plane, i.e. into the domain | t|> 1; we take it that the 
point at infinity is translated into itself, so that in the neighbourhood of z = œ 
the expansion of the function which performs the conformal transformation 
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is as follows: 
T=0(2)=c2+ m+ 24+ 2H... (130) 


We shall show that it is possible to construct the complex potential for our 
electrostatic field from a knowledge of the above conformal transformation. 
In fact, let us construct the function: 


f (2) = i 2e log [t = ø (2)], 


where 7, is a constant which plays no essential part. The imaginary part of the 
above function will obviously be: 


I [f (z)] = 2e [log | t | — log | 7 |]. 
` Since | z | = 1 lies on the curve J we can say that the imaginary part remains 
constant on l. Let us now determine the value of our potential in the neighbour- 


hood of the point at infinity. From the expansion (130) we have the following 
expression for f(z) near z = oo: 


f(2)=—i2eloge + do +4... 


The first term of the above expansion gives the potential — 2e log | z | which, 
according to (120), corresponds to the given quantity of electricity on the con- 
ductor. Formula (125) gives the following expression for the density of distribu- 
tion of the charge along l: 








ls e l dr 
e= l Ol= or |T ae 
or, since | z| = 1: 
7 e dr e | dz }-1 
fo Oar |= ae | ae (131) 














If l is a square then the relationship between t and z can be written in 
the form [38]: 


allt a 


3 (132) 


zZ , 


when we take on the circle | z | = 1 the points 
exp [r] (k =0, 1, 2, 3), 
which correspond to the vertices of the square. 


Formula (132) gives: 
dz Yri+ 1 


Sn TA 


dt T? i 
and, in this case, we can rewrite (131) as follows: 


T? 


yr 


e 


e= 2na , 
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where a is a constant which depends on the length of side of the square, 
On the contour of the square we have t = e'?, where ọ is a polar angle of the 
unit circle. A side of the square corresponds to the change of this angle 
through the interval (2/4, 32/4) and we therefore have the following expression 
for the length of side of the square: 
32 
d Á 
eiie 4+] .i 
s=a f alte te'? dg, 


z 
4 


from which, after performing a simple change of variables we arrive without 
difficulty at the following formula which connects the lengths of the sides of 
the square ə with the constant a: 


2 
s =a V2 Í Yoos bad. (133) 


The integral on the right-hand side cannot be expressed in a finite form and 
belongs to a class of so called elliptic integrals. 


47. The two-dimensional magnetic field. Above we explained the connection 
between the analytic functions of a complex variable and a two-dimensional 
electrostatic field. In exactly the same way we can consider a two-dimensional 
magnetic field originating from infinite straight currents, which are perpendicular 
to the XY-plane. We shall give the fundamental results which apply here 
without proof. For the vector of magnetic force we have the formulae: 

gas ol” fe el a SO 
x Oy’ H, =-— 3p (134) 
where the function ọ satisfies the Laplace equation outside the field’s source 
and is therefore the real part of a certain analytic function: 


f(zj=o+ty. (135) 
Using the Cauchy—Riemann equations we can rewrite (134) in the form: 
__ &. __ & 
eS age Oe By 
or 
H = — grad y, 


so that y is the potential of the field. 

The lines g(x, y) = C, which are orthogonal to y(x, y) = C, are thus lines 
of force of the field. When we have one straight current of force g directed 
along the Z axis, we have for the function (135): 


{ (2) = — 2qlogz, 
hence p = —?2g log r and y = —2g arg z. The lines of force are circles, centre 
the origin, and by encircling the origin the potential receives an increment 
(—4xq). In this case one of the lines g(x, y) = C, must lie on the surface of the 
magnetic conductor (magnetic permeability equal to infinity). 
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48, Schwarz’s formula. The above applications of analytic functions 
of a complex variable to problems of hydrodynamics and electrostat- 
ics were essentially based on the close connection existing between 
harmonic and analytic functions of a complex variable. We men- 
tioned this earlier in [2]. 

Let us formulate once again the main points: the real and imaginary 
parts of an analytic function are harmonic functions and, conversely, 
every harmonic function can be regarded as the real part of an analytic 
function; its imaginary part can be determined accurately as far as the 
constant term, i.e. the function can be determined as far as the purely 
imaginary constant term. From what was said earlier in [II, 194] a 
harmonic function is defined uniquely in a connected domain by its 
limiting values on the contour of that domain (Dirichlet’s problem). 
We can therefore say that the function f(z), which is regular in a domain 
B with contour l, is defined accurately as far as its purely imaginary 
constant term by the given values of its real part on the contour lL. There is 
no simple formula which would give the solution of this problem for 
every domain, i.e. which-would define the regular function from the 
given contour values of its real part. It is not difficult however to 
construct such a function for a circle and we shall do this now. 

Consider a circle, centre the origin and radius R. Let u(x, y) be the 
part of the unknown analytic function. This harmonic function is 
defined from its contour values u(p) by Poisson’s integral, which as 
we know, has the following form [II, 196]: 


z E eon yee eo a 2a pS RY 136) 
u(y) = u(r, =5,| “(pokes HEF P ( ` 


It can easily be seen that the core of Poisson’s integral i.e. the frac- 
tion integrand, is the real part of an analytical function viz.: 


R — r? 
F? — 2r R cos (p —#) + r? 





= real Ea] (z = re? = x + ty). 

If, instead of Poisson’s core we substitute an analytic function of 

the complex variable z in the integral, we obtain a function of the 

complex variable z, the real part of which coincides with u(x, y). This 
function is given below: 

fa =u (ay) +iotey) = 2 f u(y) EEE ap. asn 

~ Y wT Y) = Fn P) Ree —z P: 


—7n 
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By assuming that z = 0 in this formula we obtain a purely reg} 
value for f(z), i.e. formula (137) gives one solution of our problem 
where the real value is at the origin. If we denote by Ci the imaginary 
part of the unknown function at the origin, then the general solution 
of the problem takes the form: 

le Rel? 
He) =e J eO owns ae + Ct. (188) 

This formula is usually known as Schwarz’s formula. 

If we separate the imaginary part of the fraction in the integrand 


f Roir +z] __ 2r R sin (6 — ¢) 
im. part [fer ]= R? — 2rR cos ip — 8) 4-7?’ 


we obtain an expression for the imaginary part of the regular function 
in the circle in terms values of its real part on the contour: 


i f 2r R sin (ê — 
v (zy) = ar | ele Reg arr PO (139) 
All we said above is closely connected with the concept of conjugate 
trigonometric series. 
Let 


2 ft > (a, cos ny + bp sin ng) 
n=l 
be a Fourier series of the function u(y) representing the limiting values 
of the real part of f(z). As we know from [II, 195] the same real part 
can be represented in the circle not by Poisson’s integral but by a 
series of the type: 


u (x, y) = u (r, 6) = 2 + D(a, cosnd + b, sin nd) r. (140) 
n=1 
We have for the imaginary part of a conjugate trigonometric series 
[25]: 


v (x, y) = v (r, 8) = C + s(- b cosn ô + asinn ®)r”. (141) 
= 


If the function u(g) has satisfactory properties, for example its first 
derivative satisfies Dirichlet’s conditions, then the series (141), like 
the series (140), is uniformly convergent in the whole closed circle and 
the function v(r, @) is harmonic in the circle and continuous in the 
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closed circle. v(r, 6) is usually known as a function conjugate with u(r, 0) 
[2], and the same name also applies to all its limiting values v(1, p) 
with respect to u(q). 

Assume that two Schwarz’s integrals give one and the same function 
which is regular in the circle 


1 h ja z 1 ip 
A fai Reetz dp = y | Retz dy, (142) 


) Rer z —z ) -Ee —z 


where u,(p) and w(p) ae continuous real functions. It can be seen 
that these functions coincide for they are the limiting values of the 
game harmonic function, viz. of the real part of our regular function. 
Therefore the identity (142) of z is equivalent to the identity u,(~) = u,(¢) 
of p. This is essentially Harnak's theorem which we mentioned in [8]. 


49. The core cot (s—z)/2. We shall now apply the fundamental theorem of 
limiting values of Cauchy’s integrals [28] to the circle | z | = 1, centre the origin 
and unit radius. Assume that we are given a real function u(t) on this circle 
where t = o", which satisfies a Lipschitz condition. By using Schwarz’s for- 
mula [48] we can construct a function which is regular in this circle and the 
real part of which has the limiting value u(t) on the circle: 





u (re!?) +o (re!?) i = = f u(t) = ee d zde (= re'?), (143) 


—t 


1 t+z 
22 f AVET t (t — Zz) dr: 


|rf=1 


or, since dt = itds, 


u (ret?) + (rel?) i = 





Putting t + z = (t — z) + 2z and breaking the right-hand side up into two 
integrals we obtain: 


a 


u (re'?) + v (rel?) i = = Í u(t) ds + a f 


—z7z |rj=1 


u(t) | 1 
T T—2 





drt. 


Let us suppose that the point z = re’? tends to a point & = e on the circle 
|z| = 1. Using the theorem of limiting values of Cauchy’s integrals [28] we 
obtain the limiting value for our function: 








sO toHim ge fura ren + gs Da J £0) ; ot dr, 
tj=1 
or 


u(e!)+o()i= gr fumatugts [ums 


-—z 7 


26 
—¢€ 





ds, (144) 


192 CONFORMAL TRANSFORMATION AND THE TWO-DIMENSIONAL FIELD (49 


but 


2 2eit ~e 
a= ei = — ticot- 5} 








and by separating the imaginary part in (144) we obtain a formula where the 
limiting values of the imaginary parts are expressed in terms of the real part: 


n 
v (e) = = f u (e") cot z 


aei 





2 ds, 


and where the integral must be taken in its principal value sense. We shall 
write u(s) and v(t) instead of u(e") and v(e?): 


z 
1 


v (t) sa [EWES 





Z ads. (145) 


We recall that (143) gives a regular function in the circle | z | < 1, the imaginary 
part of which is zero at the centre of the circle. Bearing in mind that the value 
of a harmonic function at the centre of a circle is equal to the average arithmetic 
mean on the circle [II, 194], we can write: 

n 

f v dt=0. (146) 

—Rn 
The function w(s) is a periodic function of period 2x and the function v(t) 
is also obtained in periodic form; in formula (145) we can therefore take any 
period, 2 in length, for the interval of integration. The function cotz, has 
a simple pole with unit residue when z = 0, [21] and we can express the core 
of the linear transformation by Cauchy’s core: 

1 L— 8 


1 
p cot 3 = ar eT +P(t—8), (147) 





where P(z) is an analytic function, regular at all points on the line 
2x <z < 2x. It can be shown in the same way as in [27] that if the periodic 
function u(s) satisfies a Lipschitz condition of order a, then v(t) also satisfies 
a Lipschitz condition of the same order, when a < 1, or of any order smaller 
than unity, when a = 1. It appears from (147) that this statement can also 
be derived from an analogous case for Cauchy’s core. 

On applying the linear transformation (145) to the function v(¿) we obtain 
a new function w(t,), which satisfies a Lipschitz condition: 


w(t) => f ew cot h nki dt. 





The function w(t,) gives the limiting values of the imaginary part if we take 
v(t) for the limiting values of the real part when: 


f w(t) dt, =0. (148) 


=g 
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On the other hand, if the regular function (143) is multiplied by (—z) we obtain 
the regular function v(re'?) — u(re'?) 7. Having thus taken the real part, the 
imaginary part can be determined accurately as far as the constant term and 


we can therefore write: 
w (4) = —u(4)+C. 


To determine the constant C we integrate both sides of this equation over the 
interval (— xz, +2) and, remembering (148) we have: 


0=— $ u (ti) dé, + 220, 


—z 





and finally: 
n nm 
bet —t 1 
w= | v(i) cot 5 dt = u(n) +y | eas, (149) 
—x — 


i.e. the two applications of the transformation (145) give us minus the original 
function accurately as far as the constant term. The result can be written in 
the form: 


n 


1 r h t— s8 4—t 1 
f| feo 5 aot = di = — u(t) +g f uas. (150) 








dn? 


—aL—7 n 


This formula is known as Hilbert’s formula and the core of the transformation 
(145) is usually known as Hilbert’s core. Notice that on the left-hand side of 
formula (149), as in Fourier’s integral, we cannot change the order of integra- 
tion. Denoting the transformation (145) by a single letter h we can write 
formula (145) in the form: 


v (s) =h[u(s)], 


where s denotes the amplitude of both functions. In this case Hilbert’s formula 
(150) can be written: 
n 
l 
2 = ee 
h? [u (8)] = u (8) — == f u (8) de. 


=z 


Formula (145) can be regarded as an integral equation of u(s), where v(t) is 
the given function. It follows from above that this equation is soluble only when 
the condition (146) is satisfied. One solution of this equation, according to 
(149), will be given by the function: 
n 
1 s—t 


u(s)= — zy | oO cot 5 at. (151) 





This is also the solution of the equation (149) which satisfies the condition 


f u(s)ds =0. 


nt 
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In other words, this is the imaginary part of the real function v(re'?) — iu(re!®), 
which vanishes at the origin. If the value of the function u(re!?) at the origin 
is equal to C then 


u =0 -z [vy cot 


s—t 


2 





dt, (152) 


where u(s) = const. is the solution of the homogeneous equation 


a 
1 t—s 
on fue cot 5} ds=0, 


—n 





for when u(s) = const., the imaginary part v, which vanishes at the origin, 
must be equal to zero. Formula (152) gives all the solutions of the equation 
(145), for the imaginary part is determined accurately as far as the constant 
term in terms of its real part. We have assumed throughout that both the 
given and the unknown functions satisfy a Lipschitz condition. 

The transformation (145) can be written in the form of an indefinite integral 
similar to the one used in the core of Cauchy’s integral. In fact, taking into 


consideration that 
n 
1 rf t—s 
oo | cot z ds = 0, 





7 


since the homogeneous equation (145) has a solution equal to a constant 
u(s) = c we can rewrite the formula (145) in the form: 


0) = f [u (s) — u (¢)] cot ee ds. (153) 





Let us suppose that the function u(s) has a continuous derivative. Taking 
into consideration that 


t—s d _,t—8 
cot 5 = — Fy lee (sin 7 ), 








and applying the formula for integration by parts in the intervals (— 7, t — €), 
and (t + e, 2) to the integral (145) and also taking into account the formula: 


i —ult— int) =u’ in? © 
„lim Je (t + £) — u (t — £)] log (sin 5) u’ (&) 2e log sin’ 7 
(t—e<e<t+s), 
we obtain the following expression for v(t): 
+a 
1 sis _,t—8 
v (t) = oa J w’ (8) log (sin 7 ) ds, 


-nr 





where the integral on the right-hand side is undefined. 
If u(t) satisfies a Lipschitz condition, then the function of the complex vari- 
able z = ref”, given by formula (143), is continuous as far as the circumference 
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|z| = l, as wo saw above. Let 
Z + > (a, cos ks + by sin ks) (154,) 
k=1 


be a Fourier series of the function u(s). For the function v(s) we then have the 
following Fourier series [48]: 


> (— bcos ke + a, sin ks). (154,) 
k=l 


As a result of the equation [II, 147]: 


n 


Hs 2 2: — 
ie J eede= B+ S (hti) and È | vt(s)ds= > (dk +k), 
a Ha 2 k=1 se k=1 


and consequently: 
x 


n 

f v2(s)ds < f u? (8) ds, 
—1 r 

where the sign of equality applies only when a, = 0. Thus, as a result of tho 
transformation (145), the integral of the square of the function in the interval 
(—2, +7) can only decrease. Notice that we have supposed that the 
function u(s) is real. We can thus see that the transformation (145) is equivalent 
to the transition from the Fourier series (154,) to the series (154,). 


50. Limiting problems. Dirichlet’s problem is the simplest case of limit 
problems in which harmonic functions are involved. Let us formulate the general 
limiting problem for harmonic functions where Dirichlet’s problem is a particular 
case: it is necessary to find a harmonic function in a connected domain B with 
contour J, which satisfies on this contour a limiting condition of the form: 


Ou Ou 


where a, b, c and d are real functions given on the contour J, which we assume 
to be functions of the length of the arc sof that contour. We also assume that 
u is the real part of a regular function 


Í (2) = u (x, y) + ù (z, y). 


As we know: 
y ðu ðu 
f Q= a i y 


and, consequently, we have 
Ou ðu TE 
b -ae to ay = R [(b + ic) f’ (2)], 


where @ is the symbol of the real part. 
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Condition (155) can be rewritten in the form: 


R [af (z) + (b + ie) ¥ (2)] = d, (156) 


and therefore the problem involves the finding of a function, regular in B, 
which would satisfy the condition (144) on the contour. 

Let z = w(t) be the known function which conformally transforms our domain 
B into the unit circle | z| < 1. We can assume that the unknown function 
is a function F(t) which is regular in the unit circle 


Fa)=fle@); =F Maz: 


We have instead of (144) 


@[ar m+ ZEE P'a) =a (it]=1), 
where, as a result of the transformation z = w(r), we can take it that a, b, ¢ 
and d are defined on the circle | z | = 1. Hence our problem simply involves 
a circle. 

Consider in greater detail the case when the limiting condition (155), which 
applies to the circle |z| = 1, does not contain the unknown function u. In 
this case the problem can be formulated as follows: it is necessary to find a 
harmonic function u(z, y) in a unit circle, which satisfies on this circle a limit- 
ing condition of the form: 


Ou ðu 
ba eoa E 


We suppose that u is the real part of a regular function f(z). In this case du/dr 
and —0u/dy are the real and imaginary parts respectively of a regular function 
J’(z) and the above problem is thus equivalent to the following problem, usually 
known as Hilbert’s problem: find a function f(z) which is regular in a unit circle, 
the real and imaginary parts of which satiafy on the circle a limiting condition of 
the form: 

Lig)u(g) +m (p)v(p)=d(p) (O<¢< 2a), (157) 


where L(g), m(p) and d(g) are the given functions of the polar angle g on the 
unit circle. We assume that the coefficients are continuous functions and that 
lig) and m(p) do not vanish simultaneously. When both sides of the equation 
(157) are divided the coefficients satisfy the condition: 


L (p) + m (gy) = 1. (158) 
We can assume: 


L(y) = cos m (p); m (p) = — sin o (p), (159) 


where w(ọ) is a function of 9g, viz. 


w (p) = — arc tan TO M (160) 


Let us consider in detail the case when formula (159) gives œ(g) as a single-valued 
function of p. This will be so, for example, when l(p) and m(p) do not vanish in the 
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interval (— z, +x). Using the function w(y) we can write the limiting condition. 
(157) in the form: 


Rll f(z] =d(p) (z=). (161) 


Let us construct a function 2(z) from its real part w(y) by using Schwarz’s 


formula: 
nm 


z0 =r fe () i ap, (162) 


—rt 
Denote by œ,(p) the limiting values of its imaginary part. The function 
of FF (2) 
has a real part on the unit circumference z = ef? which is equal to 


eo (9) p [e'e (>) ()], ey 


and, consequently, the limiting condition (161) is equivalent to the following 
limiting condition: : 
R [70]; (2)] = d (p) e771 (9), 


By knowing the real part on the contour we can define the function inside 
the contour by again using Schwarz’s formula 


a 
i 1 a el? +z ; 
el @) (2) = = i d(p)e wle) kana dy + iC, 


—7 


where w,(p) are the limiting values of the imaginary part of the function (162): 


i i 
w, (p) = es o| fo (y) Tir a]. (163) 


— rei? 
-z 
where J is the symbol of the imaginary part. 
Finally we obtain the following expression for f(z): 


a 
P ip 
f(z) =e 7 os | d(pjo ®: P) I a = dg + o| (164) 


—n 





Consider now the case when the function œw(ọ) acquires the increment 
(—2nz) on describing a circuit round the unit circle, where n is a positive integer 


w (x) —w(— 2) = — 2n z. (165) 
Let us construct a single-valued function on the unit circle: 
x (p) = o (p) + ng, 


and construct a similar corresponding function for the complex variable é(z), 
for which X(g) is the limiting value of the real part. The limiting values of 
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the real part of the function 
a, (z) = a (z) + in log z 


are equal to œ(¢) and the limiting values of its imaginary part are evidently the 
same as those of the function 6(z). We denote them again by o,(9). It can be 
shown similarly that the limiting values of the real part of the function 


elt @ (z) = 27% el? F (2) . 
must be equal to , 
R [:7" ef 2) 5 e] =d (p) e72: (P) (166) 


Owing to the presence of the factor z7” this function can have a pole of an 
order not higher than 7 at the origin. To begin with, let us construct with the 
aid of Schwarz’s formula a function, regular in a unit circle, the limiting values 
of the real part of which are 


n 

1 2 ei? tz . 

—— alp) > * 

on f d(y)e ai dp + 7C. (167) 


i? — z 
=z 


We must add to the above function a term, the real part of which is equal 
to zero on the unit circle but which can have a pole of order n at the origin, 
It can readily be seen that this term will have the form 


5 1 1 
Alte“) + G+): 
where A, and B, are arbitrary real constants. 
Adding the latter expression to the expression (167) we obtain the general 
solution of the problem 


f(z) = 2°67 ee) fo: + > [40 (4-2) + (Ge t)]+ 


bia 
1 — ant el? +2 
+a J d (p)e t a. (168) 


-7 

When n is a negative integer in formula (165) the solution of the problem 
will be different. The function under the symbol of the real part in the expres- 
sion (166) will then not only be regular in the unit circle but it will also have 
zero of order n at the origin. When constructing a regular function on the right- 
hand side of formula (166) with the aid of Schwarz’s integral, we must also 
write down the condition that the function obtained must have a zero of order 
n at the origin. We therefore have several conditions which must be satisfied 
by the function d(y) if the problem is to be solved. 

Consider another particular case, viz.: suppose that the limiting values of a 
harmonic function on the unit circle have the form: 


Ou ð 
Fe Hl tHmn=d(p), (169) 
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where l and m are constants, d(g) is the given function, n is the direction of 
the outside normal to the circle and s is the direction of the tangent to the 
circle. Instead of taking derivatives along the axes of coordinates we take 
them, in this case, in the directions connected with the boundary curve which 
are indicated above. As we know from [II, 108] these derivatives are expressed 
in terms of each other. The limiting conditions, as expressed by formula (169), 
are frequently used in mathematical physics. Differentiation along the normal 
n coincides with differentiation along the radius-vector r, and differentiation 
along s coincides with differentiation with respect to the polar angle g, when 
r =1. In general by assuming that z = re, and u=®|f(z)|, we have 
the following, when 3 | f(0) | = 0: 


Mlawren, rwie E=) 


and the limiting condition (169) can be rewritten in the form: 
RU(L+ a) 2’ f’ (2) + mf z= dlo (z=). 
We multiply both sides of the equation by 


eed ved d 
2x z —z 


and integrate with respect to g. We then obtain a new equation which is equi- 
valent to the one above [48]. Using Schwarz’s formula it can readily be seen 
that this new equation will have the form: 





(1 + a) 2f’ (2) + mf (2) = F (2), (170) 
where 
a i , 
F(z) = sz fee ) Sete z= ai f drang (171) 
-nz z|= 


Equation (170) is a linear differential equation of the first order. Solving 
with the usual formula [II, 4] wə obtain the following expression for the 
unknown function: 


z 
{@= “le + $ fa F (2) | ; (172) 
where E 
m 
k S Ipa . 


In equation (172) the arbitrary constant C can be determined from the condition 
that the point z = 0 is a regular point for f(z). If 


n 
d (p) = Ao + > (4; cos sp + B; sin sp), 
s=1 
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then we have for F(z) 
n 
F (2) = Ay + > (A; — iB,) 2°. 
s=1 


Substituting in (172) and integrating we finally obtain the following expan. 
sion for f(z): 
n A, — iB; $ 
re tS PEET 


51. The biharmonic equation. We shall now consider the connection between 
the theory of analytic functions of the complex variable and the theory of 
the so called biharmonic functions, i.e. functions which satisfy the condition 


AAu (x, y) = 0, (173) 


where A is the Laplace operator, which expresses the sum of the second deri 
vatives of the variables x and y (we are considering the two-dimensiona 
case). Equation (173) can be written as follows: 


3? 3? u eu 
(car + aye) (er tae) = 


iu Ou Ou 
“gue t? ay Faye” ma 


or 


Let u be a function, which together with its derivatives, is continuous in 
a connected domain B where it satisfies the equation (174). According to (173) 


the function 
Au =p (z, y) (175) 


is a harmonic function. Suppose that g(x, y) is a conjugate function so that 
p (z, y) + iq (z, y) = F (2) (176) 


is an analytic function of the complex variable z = x + ty. 
Construct the analytic function 


pe) = g [IO d= rz y) + is (e y). (177) 
We obviously have: 
or Os LS 


We now evaluate the Laplace operator for the expression u — (ra -+ sy). We 
have from (178): 
or Os 


A [u — (rz + sy)] =p —25-- iow tame 
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i.e. the above expression is a harmonic function which we shall denote by p,. 
Introducing the conjugate function q, and the corresponding function of the 
complex variable »(z) = p, + ig, we can write: 


u — (rx + 8y) = pı; u=(re+sy) + pı = [(z — iy) (r+is)] +p, 


or 
u = Rizp (2) + vee). (179) 


Hence according to formula (179) every biharmonic function can be expressed 
by two functions of a complex variable. The converse can also be readily proved 
by choosing arbitrarily the analytic functions g(z) and (z), where formula 
(179) gives the biharmonic function, i.e. formula (179), which contains two arbit- 
rary analytic functions, gives the general expression for a biharmonic function. 
This formula is usually known as Hurse’s formula. 

For any given biharmonic function u the functions 9(z) and y(z) in formula 
(179) are not fully defined, for they do not contain arbitrary constants. The 
real function q(x, y) is defined accurately except for the constant term, i.e. 
the function f(z) is defined except for the purely imaginary constant term. 
Also, when defining the function g(z) in formula (177) the arbitrary constant 
complex term must be taken into consideration. In its final form the function 
p(z) will contain arbitrary elements of the following form: 


C + iaz, 


where C is an arbitrary complex constant and a an arbitrary real constant. 
These arbitrary constants can be determined when certain additional conditions 
are made, for example conditions of the form 


g (0)=0; 3[pg (0) =0 (7 being the imaginary part) (180) 


Similarly, when determining y(z), we obtain the arbitrary constant as a 
purely imaginary constant, which can be determined if the function y(z) is, 
for example, subjected to the condition 


a [y(0)] =0. (181) 


The conditions (180) and (181) fully define the functions (z) and y(z); we 
do, of course, assume that the point z = 0 belongs to our region. 

Let us now consider the fundamental limiting problem for biharmonic 
functions. It can be formulated as follows: find a biharmonic function inside 
a closed contour / from the given values of the function and its normal derivative 
on this contour: 


u = © (8); ae = w, (8) (on l). (182) 


We will show that the limiting conditions (182) also give directly the limiting 
values of the coordinates of the derivatives of the function u. In fact, we have 


ðu ðu ðu ðu Ou Ou 
Oa Ge CS (% 7) +B cos (n, 2); er ga C08 (8 Y) + gn 008 (n, y), 
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where s is the direction tangential to the contour J. Hence from the limiting 
conditions (182) follow the following limiting conditions: 


o = wj cos (8, 1) + w; cos (n, £) = w; (8), 
ou (183) 
Fy T Mi cos (8, y) + w cos (m, y) = o (8). 

The functions w,(s) and w,(s) cannot be taken arbitrarily in the above 
expressions, viz. the line integral 


Ou Ou 

Me oF + ay dy, (184) 
which gives the increments of the function round the closed contour, must 
be equal to zero, since the function u must be single-valued. We thus arrive 
at the following condition for the functions w,(s) and w,(s) in the limiting 
conditions (183): 


$ [eg (8) cos (8, x) + w (8) cos (8, y)} ds = 0. (185) 
I 


Apart from this the choice of these functions can be arbitrary. 
We shall try to find the biharmonic function by using Hurse’s formula 
(179). Differentiating with respect to x and y and using z and Z we have: 


a = R [p (2) +z p (2) +w (2), 


= =R [— ip (2) + izp (2) + iv (2) =5 [p (e) -27 @) —¥’@)I- 


(186) 


We thus obtain two equations which must be satisfied by the unknown 
functions g(z) and y(z) on the contour J: 


Fe FG HPO TEP +H) = o (8) — ion (0), 


| (187) 
E Hiie oe +r O HVE) = o (o) + io). | 


The second of these equations is obviously obtained from the first as a 
result of the transition to conjugate values. We thus obtain a limiting problem 
for two analytic functions. 

Here, as in the case of harmonic functions, we are only considering the interior 
problem, i.e. the bounded part of the plane. 

In the two-dimensional problem of the theory of elasticity the tensions 
Xx Y, and X, are expressed in terms of a biharmonic function according to 
the formulae: 


Bu, u _ æy 


yt D=’ OS- edy 








oe (188) 
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and by using Hurse’s formula, the tension can be expressed by two analytic 
functions. Without going into details of the proof we shall just give the final 
result. Using the symbols from formula (179) we have: 


X, + Yy = 4R [p (2)]. | ea 
2Xy+i(Xx— Yy) = — 2i [w” (2) + 29” (2)]. 

With the aid of these formulae the two-dimensional statics problems in 
the theory of elasticity when tensions are given on the contour, can be solved 
as a limiting problem in the theory of functions of a complex variable. 

An explanation of the connection between the theory of functions of a 
complex variable and the two-dimensional statics problems in the theory of 
elasticity was given by Prof. G. V. Kolosoff in his work: “One application of 
the theory of functions of a complex variable to the two-dimensional mathema- 
tical problem in the theory of elasticity“. A systematic account of the applica- 
tions of the theory of functions of a complex variable to problems of the theory 
of elasticity can be found in the book by Prof. N. I. Muskhelishvili Some Funda- 
mental Problems in The Mathematical Theory of Elasticity. 


52. The wave-equation and analytic functions. We saw in Volume II 
that for spreading waves, for example, acoustic or electromagnetic 
waves, the following equation is of the greatest importance 


Pu _ (Fu Ou Ou 
“ae =O (Ge tar te): (130) 
it is usually known as the wave-equation. We shall now only con- 
sider the two-dimensional case, i.e. when the unknown function u 
does not depend on one of the coordinates, e.g. the z coordinate. In 
this case the wave-equation has the form: 
u ou au 1 
Otro ge tae (=a): (191) 

where uw is a function of the variables ¢, z and y. By using the analytic 
functions of the complex variable we can separate a certain class of 
solutions of the equation (191), which have important applications in 
physics; the use of analytic functions considerably simplifies all 
operations with this class of solutions. 

Let us construct an auxiliary equation which plays an important 
part in all that follows: 


U(t)t+m(t)x+n(t)y+ p(t) =9, (192) 


where l(t), n(z) and p(t) are analytic functions of the complex 
variable z. The equation (192) defines t as a function of the variables 
tł, x and y. Let us suppose that we have an analytic function f(r) which, in 
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the final analysis, is a function of the variables t, x and y. We shall 
derive the formulae for the derivatives of this function. Denoting by 
6’ the derivative of the left-hand side of the equation (192) with 
respect to the variable t and applying the usual rules for the differen. 
tiation of complicated and undefined functions we obtain without 
difficulty the following expressions for the derivatives of the function zq: 


or L(t), @ o ma, Or no 


ao w oO? By ô’ 








(193) 


When evaluating derivatives of the second order it must be remem- 
bered that 
=V (r)i +m (1)e + w (1) y + p (2) (194) 


depends, for example, on ¢ both directly and through 7: 


Pr BIH] y Ue) _ WHE) _ BO 5, 
a = oe ee |e t Se = SS ho, (198) 





which can be written as follows: 


er 1 ə f (zt) 
“OF al 6 |. (198) 
We obtain similarly: 
r 1 3fm)], ız 1 ə ee 
=r ô hy ay? Earle F 

















ea a 


The given analytic function depends on ¢, z and y through rq, 
and its derivatives are obtained by using the rules for differentiating 
complicated formulae. Bearing in mind earlier formulae we obtain: 


ee =r (Sy +r He = 























Į 3 g 
=r or Oor e) (198) 
which can be written as follows: 
0? f (1) 1 , 
a 8 Or Fo ~>] : (190) 


and in exactly the same way 


MP-E oS] Bago) 


2? f (z) 1 9 m (r)n (=) 
oe = Fe | OTE (200) 
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If we suppose that u = f(t) and substitute in (191) we obtain 
an equation of the form: 


12 ; 2 2 — qa??? 
ipg BOP y 
from which it follows that f(t) is the solution of the equation (191) 
if the coefficients of the equation (192) satisfy the relationship 


m? (T) + n? (T) = a? P (1). (201) 


If we want to obtain a real solution, we must only take the real 
part of f(t), which should separately satisfy the equation (191) in the 
same way as the imaginary part satisfies it. 

Consider now the three-dimensional space (S) with coordinates 
(t, x, y). Ifin a domain B of this space the equation (192) gives real 
values for t, then we wrongly supposed that the function f(t) was an 
analytic function, since its argument takes real values only. It is 
sufficient to assume that f(t) is an arbitrary function of a real 
variable with continuous derivatives of the second order. 

This brings us to the following theorem which states the class of 
the solutions of the equation (191) which we mentioned above. 


53. The fundamental theorem. If in a domain B in the space (S) 
the equation (192) and the condition (201) define t as a complex function 
of the variables t, x and y, then the real and imaginary parts of any analy- 
lic function f(t) give a solution of the equation (191). If, however, t is 
a real function of (t, x, y) in a given domain, then any arbitrary real 
function of t with continuous derivatives up to the second order gives 
a solution of the equation (191). 

If U(r) # 0, then dividing both sides of (192) by l(t), we can assume 
that l(t) = 1. We can also put m(t) as a new complex variable (—@). 
In this case the condition (201) gives n?(t) = a? — 6, since the equation 
(192) can be rewritten, for example, in the form: 


t— Oz + Va? — 6 y + p(0)=0 (202) 


where p(6) is any analytic function of 9. Instead of f(r) we should, 
of course, write /(8). 

Let us consider in greater detail the particular case when p(@) = 0. 
In this case the equation (202) has the form: 


t— Ox + Ya?—6¥y=0 or 1—02 + /a—@Z—0, (203) 
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which defines 0 as a function of two arguments 


b=; n=t. (204) 


In this case the constructed solutions /(9) of the equation (191) are 
also functions of the arguments (204), i.e. they are homogeneous func- 
tions of zero order of t, x and y. Such functions [I, 154] are defined 
from the relationship 


u (kt, ke, ky) = u(t, x, Y), 


which should be an identity. The converse can also be shown, viz. 
that any such homogeneous solution of the equation (191) can be 
obtained in the way described above. In future we shall simply call 
such solutions homogeneous solutions. 

Let us consider the equation (203) in greater detail. The radical 
Va? — 62, will be a single-valued function in the 6-plane with a cut 
(—a, +a) along the real axis [19]. We can fix the value of the above 
radical by the condition that it should be positive above the imaginary 
axis, i.e. when 9 = ib, where b > 0. This condition is equivalent to 
the fact that the above radical must be negative imaginary when 
6 >a or positive imaginary when 6 < —a on the real axis. This 
can easily be proved by considering the continuous change of the argu- 
ment of the above radical. The equation (203) can be rewritten in the 
form: 

1 — 0 + Va? — q =0. (205) 


Eliminating the radical and solving the quadratic equation so ob- 
tained we derive the following expression for 0: 


g= E — in Yl — a? (Ẹ + 7?) = at — iy Ve — a? (a? + y?) 


é + n? z? + y? (206) 
We suppose that one of the following inequalities applies: 
1 
EH- (207) 
or 
I 
zp y< ae . (208) 


In formula (206) the sign of the radical must be taken as positive. 
This can easily be proved by considering the equation (205) in which 
the radical must have a definite value. In fact, if we suppose in the 
equation (205) that £ = 0, we obtain purely imaginary values for 0 
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and, from (205), the sign of the radical Va? — 0? must be opposite 
to the sign of 7, i.e. if, for example, 7 < 0, then according to the above 
condition, 6 should lie above the imaginary axis, which coincides with 
the choice of the sign in formula (206), where we assumed that the 
radical is positive. 

When the values of £ and 7 are fixed we have, from (204), a straight line 
in the space (S), which passes through the origin. We shall only con- 
sider that part of the straight line where ¢ > 0 and we shall call this 
line a ray. It appears from the conditions (207) and (208) that these 
rays form a conical beam with its apex at the origin and an angle 
equal to arc tan l/a at the apex, and the t-axis as the axis of the beam. 
.The equations (205) or (206) give complex values corresponding to the 
rays of this beam in the 6-plane with the cut (—a, +a). By using 
formula (206) this relationship can be followed more accurately. Let us 
emphasize some essential facts which follow directly from formula 
(206). Notice, first of all, that the rays which form the surface of the 
conical beam, i.e. the rays which satisfy the equations 


Ptpat o eppi., 


a? 

correspond to points of the cut in the 0-plane. The axes of our conical 
beam, which are defined by the values x = y = 0 or = q = 0, cor- 
respond to the point at infinity of the @-plane. Noticefinally, that rays 
situated in the y = 0 plane for which 7 = 0, correspond to real values 
of 6, the modulus of which is greater than a, i.e. they correspond to 
points on the real axis of the @-plane which lie outside the cut 
(—a, +a). If we divide our beam of rays into two parts by the plane, 
y = 0, then one part corresponds to the upper half-plane 0, and the 
other to the lower half-plane, viz. the half where y > 0 corresponds 
to the lower half-plane and the half where y < 0 to the upper half- 
plane. 

If we take the solution of the equation (191) constructed by the 
above method, i.e. the solution which is the real part of a certain 
analytic function /(@), then this solution will have a constant value 
on each one of the above rays. 

Let us now investigate the values of @ for points of the space (S) 
which lie outside the above conical beam, i.e. for all points which 
satisfy the inequalities 





1 
a? 


1 
E+- or g py> {. 
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The equation (205) gives us two real zeros, which lie on the line 
(—a, +a): 


ga EZV HI _ ttet 


& + n? g? + y? (209) 


This line (—a, +a) is the cut of the plane, and on opposite edges 
of this cut the radical a? — 6? hasopposite signs, so that in the equation 
(205) we should take into consideration the double sign of the radical; 
we must also take both signs of the radical in formula (209). Let 
Molto To Yo) be a point outside our conical beam and 0; and 0, the 
corresponding values of 6, obtained from formula (209). If we substitute 
these values 0 = 0, and @, in the left-hand side of the equation (205) 
we obtain two real equations of the first order with respect to t, x and y 
and, consequently, we have two planes through the point M,. This can 
be expressed in a different way, viz.any value @=6,on the cut (—a, +a) 
corresponds to a plane P in the space (S). Let å be the generating line 
which corresponds to the point 6 = @, on the cut. This generating line 
A must lie in the plane P. It is not difficult to show that the plane 
P will be tangential to the surface of our conical beam along the gener- 
ating line 4. In fact, if the plane P is not tangential to the surface 
of the cone along A then it would cut this surface, and part of the 
plane would then lie within the conical beam. In that case points 
within the conical beam would correspond to real values of 0 = 0, 
in the interval (—a, +a) which, as we saw above, is not possible. 
Hence [from (205)] any real @ on the cut (—a, +a) corresponds to a 
plane tangential to the surface of the conical beam along the generating 
line which corresponds to the given value of 0. 

Instead of talking about a conical beam and tangential planes to its 
surface we can use a two-dimensional diagram, i.e. we can cut our 
conical beam with a plane perpendicular to the ¢ axis. In this case 
the conical beam is represented by a circle to which the tangential 
planes are tangents. In particular, we can use the variables & and 7 
in the transition to the two-dimensional diagram. Instead of the coni- 
cal beam we have in the (£, 7) plane the circle K: 


> 1 
& + y? < a?’ (210) 
where every point of this circle corresponds to a definite ray of our 


beam and vice versa. The tangent to the above circle corresponds to 
the tangential plane to the surface of the beam. The half-plane 7 > 0 
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corresponds to that part of the space where y> 0. The axis 7 = 0 
corresponds to the plane y = 0. 

Let /(@) be an analytic single-valued function in the 9-plane with the 
cut (—a, +a). Take the corresponding solution of the equation (194): 


u= R[f(0)] (@being the real part). (211) 


This solution will be defined within our conical beam or, in the case 
of a plane (é, 7), within the circle (210). We shall give one method for 
continuing this solution outside the conical beam which has very 
important applications. In order to do this we draw a family of tangen- 
tial half-planes to the surface 
of our conical beam, all in the 
same direction, i.e. their cor- 
responding tangents to the circle 


presi e) 


should have the appearance I I 
shown in Fig. 51. These tangen- 
tial half-planes do not cross 
one another and fill part of the 
space (S) outside the conical beam. f(0) remains constant on every 
one of these half-planes and we can thus define the solution of u out- 
side the conical beam uniquely by using the same formula (211) which 
gave thesolution within the conical beam. In this case the values of the 
solution remain constant not on the rays but on half-planes outside the 
conical beam. Notice that the directions of the tangents to the circle 
(212) can evidently be selected and we therefore obtain two different 
methods for continuing the solution, when the above method is used. 

The corresponding surfaces of the conical beam 0 belong to the cut 
—a < 0 < +a. We can, in this case, separate the values of u as given 
by formula (211)into two real terms u = u,(0) + (0) and continue one 
of the terms along the half-tangents I (Fig. 51) and the other along 
half-tangents II. This also gives a solution of the equation outside 
the circle. We therefore have an infinite number of different ways 
of continuation and in all cases the continuity of the solution u is 
preserved in transit through the circle. In actual problems the method 
of continuation is determined from the movement of the frontal wave. 

All that was said above referred to the solution in a space (S). 
Let us now suppose that we are only interested in the half of the space 


Fic. 51 
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where y > 0, or in the plane (é, 7), where 7 > 0. Assume that formula 
(211) gives the solution in a semicircle and that it is equal to zero on 
an arc AB of this semicircle, as shown in Fig. 52. This case has many 
applications in problems of propagation of vibrations and we arrive 
at a single-valued continuation of the solution (211) by using half- 
tangents to the circle shown in Fig. 52, i.e. by using the corresponding 
half-planes which are tangential to the surface of the conical beam. 
In this case the solution will be equal to zero outside the contour 
A,ABB,A\. 

Analogous considerations can also be applied to the general case 
of the equation (202) but, instead of the conical beam, we shall, of 
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course, have a much more complicated geometrical picture (a family 
of straight lines with two parameters), which depends on the choice 
of p(é). 

In the equations (202) and (203) we can substitute another variable z 
instead of 6, which is connected with @ by a functional dependence. 
We shall give here one particularly convenient choice of this complex 
variable. Let the connection between z and 0 be in accordance with 
the formula 


g=$(2+2)- (213) 


In this case, as we know from [33], instead of the 6-plane with the 
cut (—a, +a) we have a unit circle |z| < 1 for the variable z. By 
using formula (213) it is not difficult to see that for our choice of the 
value of the radical we have the formula 


@—8=i5(2—<). (214) 
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Let us consider in greater detail equation (203) in this case. It will 
have the following form: 


1 3 1 
t—$(2e+s)e+i¢(e-t)y=0 (215) 
or 
a 1 <a 1 
1—3 +3) +ig l- i)o, 
which can also be rewritten as follows: 
E 1 z 
1—2 (Ein gr (EtinN= o. (216) 


: We introduce polar coordinates for the circle (210) according to the 
formulae 


: 1 
&é=ecosg; n= sin o (0<e <<). 
In this case the equation (216) can be rewritten as follows: 
age—'? z? — 2z + age’? = 0, 


and we have a solution for z in the form z = re'?, where r is deter- 
mined from the quadratic equation 


aor? — 2r + ao = 0 (0<rx< 1), 


i.e. in this case every point on the circle (210) (i.e. every ray) corresponds 
to the value of the complex variable z = re? with the same amplitude, 
and points on the circle (212) correspond to points on the unit circle 
with the same amplitude. In other words, every radius of the circle 
(210) corresponds to the radius of the unit circle |z| < 1 with the 
same polar angle. 

The fundamental ideas about applications of the theory of functions 
of a complex variable to the solution of the wave-equation (191) 
with which we have dealt in this section, have wide applications in 
problems of propagation of vibrations (acoustic, electromagnetic), 
as well as in more complicated problems of propagation of elastic 
vibrations. The above method only gives one class of solutions of 
the equation (191) but it so happens that this class includes the 
solutions which are of great importance in physics; by using the 
latter it is possible to bring problems connected with the reflection 
and diffraction of waves, to a final form suitable for evaluation. 

The equation (191) is an equation of a two-dimensional wave 
(cylindrical wave), but by using the principle of superposition it is 
possible to construct new solutions from solutions of the above type, 
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and thus to investigate the wave equation in three dimensions. The 
theoretical basis of the above method can be found in works by 
S. L. Sobolev and in papers by this author printed in The Works of 
The Seismological Institute at the Academy of Science. Its applications 
to definite problems can be found in works by E. A. Naryshkina 
and S. L. Sobolev. Without going into details which would take us 
outside the scope of this book, we shall describe briefly the application 
of this method to two problems: the diffraction of a two-dimensional 
wave and the reflection of elastic vibrations from a flat object. 


54. The diffraction of a two-dimensional wave. Consider the (z, y)-plane, 
out in the direction of the straight line y = xz, where x > 0. Assume further 
that in the remaining part of the plane where t < 0 we have a two-dimensional 
wave, which is propagated parallel to the X axis with a velocity 1/a, so that 
at the instant when ¢=0, it reaches the end of the cut (the origin). Assume that 
this two-dimensional wave has the following olementary form: 


u= 1when s< +t; u=0whens> =t, (217) 


Behind the frontal of propagation u is constant and equal to 1 and in front of 
the frontal, which has not yet been disturbed, u = 0. 

In the case under consideration the function u satisfies the equation (191) 
when ¢ <0 and it is the homogeneous solution of this equation; it depends only 
on é and ņ and is defined by the conditions 


u = 1 when Ẹ < Ł, u =0 when §>~. (218) 


The frontal of this wave moves with the velocity l/a, which agrees with the 
wave equation (191). 

We shall now investigate the problem of diffraction of the wave (217) at the 
above cut and we shall suppose that after diffraction, i.e. when ¢ > 0, the 
wave will still be represented by a homogeneous solution of the equation (191), 
i.e. by the real part of an analytic function f(z) of the complex variable z, 
as defined by the equation (216). This assumption is quite natural, for the line 
which causes diffraction is a cut which ends at the origin. We take it that on 
both sides of the cut the following condition is satisfied: 


u = 0 (on the cut). (219) 


At the instant when ¢ =0 our two-dimensional wave reaches the out 
after which diffraction takes place. Take any positive time ¢ > 0. Bearing in 
mind that according to the wave-equation (191) the velocity of propagation 
of the disturbance is equal to l/a, we have at the given instant the following 
picture of the disturbances. To begin with, the straight frontal ABCD is torn 
in two by the obstacle through which the frontal has passed. The line of this 
frontal is perpendicular to the X-axis and OB = (l/a) t. We next have a straight 
frontal formed by the wave reflected from OG, according to the usual law, 
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(Fig. 53). This will be the straight line EC, parallel to the X axis. Also tho 

resence of O creates an additional disturbance in the circle, centre the origin 
and radius (1/a)t. It is the main object of this problem to determine the function 
u in this circle. Let us list those values of u, which apply outside the circle. 
In front of the line ABF below the cut OG we evidently have u = 0. Also u = 0 
above this cut and in front of the line CD. Now in the part of the plane bounded 
by the contour ECFE, the falling wave is 
joined by the ref lected wave and from the y 
limiting condition (219) we have again 4 
u = 0. In the part of the plane outside l 
the above circle and behind the frontal l 
of the wave, u = 1 everywhere except ! 
in the above domain ECFE. The circle, 
centre the origin and radius (1/a)t happens 7 
to be the circle (210). In this case, how- 
ever, it is cut along the radius 
are tan (7/&) = a/4. 

According to the equation (216) we 
have on transit to the z-plane, a unit 
circle z <1 cut along the radius 
arg z = 7/4. We know from above that the 
radii of the circle (210) correspond to the 
radii of the unit circle |z| < 1 with the A 
same central angle. Fic. 53 

Bearing in mind the above values of 
u and the limiting conditions and making 
the transition to the z-plane we obtain the following problem: find a function 
f(z), regular in the cut circle |z| < land — 72/4 < argz < 2/4, so that its 
real part should vanish on both edges of the cut, i.e. on the radii: 





E 






arg z = — and argz= i 
8 4 8 4” 
and also on the arcs 


7 32 
get SBR ey 


, and O0<argz< a 
and be equal to unity on the remaining part of the circle | z | = 1. It is not dif- 
ficult to write the solution of this problem in a definite form. 

Rotating the z-plane about the origin by an angle 77/4: 


i 
wW=8 i Z, 
we obtain tho circle | w,| < 1 and 0 < arg w, < 22, which is cut along the 
radius arg w, = 0. By extracting the square root this cut is transformed into 
the interval (—1, +1) of the real axis and the circle is transformed into the 
upper part of the unit circle. Therefore the transformation: 
(mL 
w= yw =e z? 
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transforms our cut circle in the z-plane into an upper semicircle in the w-plane, 
The boundary conditions for the unknown function f(w) will then be that the 
real part of f(w), should be zero in the interval (—1, +1) of the real axis ang 


7 
R[f (c!)] =0 when 0<p<= and ~a<p<z, 


Rif (e!?)] =1 when 2 <p<ym. 


J(w) thus transforms the interval (—1, +1) of the real axis into an interval of 
the imaginary axis and, according to Schwarz’s principle of symmetry, f(w) 
can be analytically continued into the lower part of the unit circle when at 
points w, symmetrical with respect to the real axis, it acquires values sym- 
metrical with respect to the imaginary axis [24]. 

We thus obtain the following equation: 


Rf (e7!*)] = — 2 [F (e'®)]. 


Bearing this in mind we arrive at the following boundary conditions for 
f(z) on the unit circle: 


Rf (e'%)] =0 ~Zeg<Zandia< p<on 

z 7 
R[F] =1 << a (220) 
Rife) = -1 -7 <9- 


To construct the solution of this limiting problem consider the function 


a—w 1 a—w a— w 


t E Raw a 





where a and £ are points on the unit circle, situated at opposite ends of the same 
diameter AB (Fig. 54). Let M be the variable point w. The real part of (221) 





a— w 
arg EET 
represents the angle between the vectors MA and MB, measured from MB. 
The function (221) is single-valued and regular in the circle | w | < 1. When 
w =0 it is equal to z, and has a period 2%. We suppose that in the circle | w| <1, 
it is equal to z and we thus fix a definite branch of the function (221). For this 
choice of branch we have: 


= arg (a — w) — arg (6 — w) 





1 a— w 1 l—a'‘w 
ee paw Trg aa pte 


= 2+ + log (1 —a tw) — Flog (1 — pT w), 
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where we take the principal value of both logarithms, as defined by the usual 
power series. If w lies on the arc APB, then the above angle BMA is equal to 
z|2 and when it lies on the are AQB it is equal to 32/2, i.e. for the given choice 
of the single-valued branch of the function (221) in the circle | w| <1 its real 
part is equal to 2/2 on the are APB and to 32/2 
on the are AQB. 

Let us apply this result to the function: 


78 i 
1 o 8 —w 1 e F—w 
e 8 _w oF —w 
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we can say that the real part of y(w) is equal 

to 2% on the arcs M,M, and M,M,, to z on 

the arc M,M, and to 32 on the arc M,M,,. Bearing this in mind we directly 
obtain the solution of the limiting problem (220) in the following form: 


Jw => y(w) —2. 


Returning to the former variable z we obtain the solution of the diffraction 
problem in the circle 


in the form 


The above considerations have no strict theoretical basis and the concept 
of an elementary two-dimensional wave u which is equal to unity behind the 
frontal and to zero in front of the frontal seems at first to be rather artificial. 
It can, however, be shown that any two-dimensional wave can be represented 
by an integral which contains the elementary two-dimensional wave. The result 
so obtained can therefore be made to include the diffraction of a two-dimensional 
wave of the most general kind by reducing the problem to the case we considered 
above. 

Let us consider the general appearance of a two-dimensional wave which 
moves parallel to the X axis. This wave is given by the function f (t/a — x) 
and we assume that f(t) = 0 when r < 0. The function f (tja — zx) certainly satis- 
fies the equation (191). Above we have considered the elementary case, viz. 
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f(t) = 1 when +> 0 and f(t) = 0 when r < 0. Denote f(t) by u(t) in that 
particular case as we did in formula (217): 


0 whenz <0 


u = 
© l when t > 0. 


(218,) 


Let us now suppose that f(a) is a continuous function with a continuous deriv- 
ative and that this function is equal to zero when t < 0. We can write: 


f(t) = fu (t — 2) F (Add. 
0 


In fact, taking into consideration the definition of u(t) and the condition 
J(0) = 0 we obtain: 


Ju — A) P (4) dà = f F (4) X = f (rt) — F 0) =F (x). 
0 0 


We can therefore write: 


($ee) = fegt- rwan [u(™ —a) f(a) aa. 
0 0 


It can be seen from this formula that the general type of falling two- 
dimensional wave is a sum (an integral, strictly speaking) of elementary fall- 


ing waves 
u (- =a 2 z) yr (a) da. 


If we denote by U(x, y, t) the above result obtained for the diffraction of an 
elementary wave, then in the case of the falling wave f (t/a — x) we have a 
solution of the form: 








V =f U (z,y,t — ah) f’ (a) da. 
0 


We are only considering the result of diffraction with respect to the origin 
and we denote this by U(x, y, t). When t > 0, this takes place in a circle, centre 
the origin and radius (1/a) t, i.e. we suppose that U(x, y, t) = 0 when ¢ < 0 for 
any (z, y) and also that U(x, y, t) = 0 when x? + y? > (1/a”)?? and ¢ >0. Hence 
in the expression for V the integral containing A will, in fact, be propagated 
in the finite interval in which A varies. 

The above method can be used for solving the problem of diffraction of a 
two-dimensional wave falling in any arbitrary direction at any given angle. 


55. The reflection of elastic waves from rectilinear objects. In two-dimensional 
problems in the theory of elasticity the component displacements u and v 
can be expressed by the formulae 


Op oy 2 ges op oy (222) 
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where the function is usually known as the potential of longitudinal waves 
and the function y as the potential of transverse waves. These potentials should 
satisfy wave-equations of the form 


ep _ Fp Oy 
“Oe ar oy? ” 


Oy ey Fy 


az Ox? ay? ” 


o= Vater: *- PF. (295 

where @ is the density of the medium and / and y are Lamé’s elasticity constants. 
. The numbers l/a and 1/5, as we know from the theory of elasticity, give the 
velocity of propagation of the longitudinal and transverse waves and formula 
(222) gives the subdivision of the general agitation into longitudinal and trans- 
verse agitations. 
E We shall also state formulae which express the tension in the elastic body in 
terms of the potential. We shall only consider the vector of tension which acts 
on a surface perpendicular to the Y axis. The components of this vector can 
be expressed by the following formulae: 


¥,=u[2 at aF ee 
-2 =|: 


a? 








(223) 








b? (224) 


where 








(226) 








b2 
¥,~4[(—2) (ar t+ ar) Bx dy 

After these preliminaries let us formulate the ak Let us suppose that at 
the instant when ¢ = 0 an agitation, purely longitudinal in character, is 
propagated from the point z= 0, y = y,; this propagation has a potential 
p, which satisfies the equation (223) and which gives the homogeneous solu- 
tion of the equation with respect to the arguments ¢, x and (y — Y»), i.e. it 
is defined as the real part of the analytic function 


p = R [S (0)], (227) 
in which the complex variable 8 is determined from the equation: 
t — 0z + Ya? — 6 (y — y,) = 0. (228) 


This latter equation differs from the equation (213) only in so far as y 
is replaced by (y — y,). This shows that the potential (227) corresponds to 
a force which at the time ¢ = 0 is concentrated at the point z = 0, y = Yo- 
We shall not explain this here from the point of view of the mechanical charac- 
teristic of the source. 

We assume that the given function (@) in formula (227) is regular in the 
-plane with the cut (—a, +a), except at the point at infinity, and that its 
real part vanishes on the cut. This later circumstance shows that the given 
potential » vanishes on the surface of the conical beam with the vertex of 
angle arc tan l/a at t = 0; z = 0, y = yp. This surface corresponds to the 
frontal of the spreading agitation. We assume, of course, that the potential 
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is equal to zero everywhere outside the conical beam. Let us suppose that 
we are given not the whole plane of the spreading agitation, but only the 
half-plane y > 0, with the centre of agitation x = 0; y = y, >0. The potential 
p fully defines the movement only at the instance when t> ay, When 
t = ay, the frontal of agitation reaches the line y =0 which is the edge of our 
medium, and reflected waves appear; the reflection laws should be obtained 
from the limiting conditions at this edge. We assume that the medium is free 
of tension and in future, when writing the corresponding limiting conditions, 
we shall equate to zero the expression (226) when y = 0. 

As a result of reflection two other potentials must be added to the given poten- 
tial g: one is the reflected longitudinal potential p, and the other is the reflected 
transverse potential y,. We assume that both potentials are expressed as real 
parts of analytic functions of a complex variable 


pı =R [2 (9,)]; pP =R [P (82)]- (229) 


We have to find equations for both complex variables @, and 0,, as well as the 
form of the analytic functions ®,(6,) and ¥,(6,); the latter are obtained from 
the given falling potential p and from the limiting conditions. From [53] 
and also owing to the fact that the wave-equation for the transverse potential 
y contains the constant b instead of a, the above complex variables will be 
found from equations of the type: 


| 


ioe (230) 
t — 0,” + Vb? — 03 y + pz (82) = 0, 


and we must, first of all, select the form of the functions ,(@,) and p,(6,) and 
the signs of the radicals, bearing in mind the fact that the values of radicals 
in cut planes are always determined in the way explained in [53]. 

Consider the conical beam of rays which corresponds to the equation (228), 
with vertex at the point t= x = 0, y =y In this case the difference 
(Y — Ya) replaces the letter y, if we make comparisons with [53]. The plane 
y = y, divides our beam into two parts and the part of the beam where y > Y, 
will never meet the edge y = 0 in the space (S) with the coordinates (t, æ, y). 
The second part of the beam where y < y, will meet this plane, and the points 
of intersection of the straight lines of the beam and the plane will fill a whole 
domain of this plane defined by the inequality (Fig. 55) 


1 
P+ y<Te. (231) 
This follows directly from the fact that the equation of the beam will, in this 
case, have the form 
l 
z? + (Y — Y) <r 
The domain (231) therefore represents the interior of a hyperbola in the y = 0 
plane in the space (S). It follows from [53], that that part of the conical beam 


which intersects the plane y = 0, where y — Y, < 0, corresponds to the upper 
half-plane of the complex variable 0. At the same time y decreases while t 


55] THE REFLECTION OF ELASTIC WAVES FROM REOCTILINEAR OBJECTS 219 


simultaneously increases along every ray. We select in the equations (230) the signs 
of the radicals so that they should be opposite to those in the equation (228); 
the functions p,(6,) and p,(6,) are determined in such a way that the equations 
(232) and (228) should coincide when y = 0. We thus obtain for the new complex 
variables the following equations: 


t — 6,2 — Ya? — 8} (Y + Yo) =9, (232) 
t—6,2— Vb? — 03y — Va? — #2 y, = 0. (233) 


Consider a point M,(t,,z,)in the domain (231) in the plane y = 0, in the space 
(S). This point can be reached by a ray belonging to one half of the beam, which 
corresponds to a definite value 6 = 0’. 
If we substitute the coordinates of the 
point ¢=2,; «=a, and y=0 in the 
equations (232) and (233), we obtain the 
identical value for the complex variables 
6, and 6,. If we now substitute these 
values ô, = 8’ and 6, = 8’ into the 
complete equations (232) and (233), then 
the equations so obtained will determine 
two rays which we shall in future call the 
reflected longitudinal and the reflected 
transverse ray fall this takes place 
in the space (S)]. Notice one important cir- 
cumstance, viz. as a result of the definite 
choice of the signs of radicals in the equa- 
tions (232) and (233) it is evident that 
tand y increase simultaneously along 
the reflected rays, i.e. the reflected rays 
travel into the depth of our half-plane, 
as time goes on or, in other words, the 
reflected waves alter nothing in the picture of disturbance which existed before 
reflection occurred. Let us test this circumstance for the equation (232). By 
comparing it with the equation (228) it can easily be shown that it corresponds 
to a conical beam with vertex at the point t= x = 0, y = — yo, symmetrical with 
the centre of agitation with respect to the y = 0 plane. Bearing in mind the 
fact that the sign of the radical in the equation (232) is different from the sign 
of the radical in the equation (228) we can say that the values of 0 in the upper 
half-plane, which we obtained as a result of reflection, correspond to rays, 
where ¢ > 0 and y + Yy, > 0; also when ¢ increases y increases along the ray. 
An analogous circumstance also applies to rays defined by the equation (233), 
but in this case the beam of rays will no longer be conical. Thus from every 
point M, of the region (231) two different rays will radiate. We are trying to find 
the potentials of the reflected waves in accordance with the formulae (229), 
so that they remain constant along the reflected rays. The form of the 
functions in the formulae (229) remains to be found. As we have already said 
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above, we are considering in this case limiting conditions of the form: 








o Fote) Py Prj 
sa Caa e = 

b? (e+p) , (p+) a (p + fı) ay 
(=-2)[ ae vl 4e ar 2 aeey | =o 





To evaluate the derivatives of the functions ¢, p,, and y,, as determined by the 
formulae (227) and (229) we can use the formulae (200) by substituting l(t), 
m(zt) and (rt) by the corresponding coefficients from the equations (228), 
(232) and (233). Notice also that in the reflected transverse potential y, we must 
replace a by b. When y = 0 our complex variables 9, 8}, 6, coincide and we can 
denote them by the same letter 9. We thus arrive at conditions of the following 
type: 


ap 1 3 —20Va? — 6 [P (0) = (0)] + (b? — 26%) Y (0) |- o] 
(234) 





8’ m 
(b? — 26%) [Ð (6) + 2, a ] — 20 Vb? — 6? 7; (0) 
R a a aS =0, | 


where 
š 8 
Unit ene 
The conditions (234) should be satisfied in the whole domain (231), i.e. in the 
whole upper half-plane 6. 
We obviously obtain the solution of the equations (234) if we determine the 
unknown functions @,(6) and ¥,(0) from the equations: 


— 20 Va? — [P (8) — D, (8)] + (b? — 26) W; (8) =0, 
(b? — 26%) [Ð (8) + S (8)] — 20 Vb? — 6 F; (6) = 0. 
It can be shown that these equations are not only sufficient but are also 


necessary if the conditions (234) are to be satisfied. By solving them we obtain 
expressions for the derivatives of the unknown functions 


©; (8) = _— (20? — bY)? + 467 Va? — EV — Fg, | | 
paa (235) 
1g) = — CP- VF E g 
Y, (0) = FO) D (8), | 
where 
F (0) = (203 — b?)? +. 402 Va? — 6? yb? — 6. (236) 


To obtain the solution of the problem we are only interested in the derivatives 


of the potentials. From formula (222) we obtain the following formulae for 
the displacements: 


i a0 
= R[o (0) 2 +5 (4) SE HP (64) SEI, e 


= |o (0) 5 +; (0) E- "AORA 
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Ifneither the falling, nor the reflected ray passes through the point M(t, x, y) 
then we must cross out the corresponding term in the expressions (237). Notice 
one important circumstance, viz. from the given condition the real part of 
@;(8) is equal to zero when —a < 6 < +a. From the formulae (235) and 
(225) it is clear that the relationship b > a follows directly; it also applies to 
@{(9) and Wi(8), so that the reflected potentials p, and y, are constant on the 
surfaces of the reflected beams of rays and we can assume that they are equal 
to zero on these surfaces and outside the beams. 

If we were to consider the source of transverse vibration instead of the source 
of longitudinal vibration then the picture would be somewhat different. In 
this case we would be given the potential of transverse vibrations in the form 
of the real part of an analytic function 


p= R[F (6)], (238) 


regular in the 6-plane with the cut (—b, +b) and the complex variable 0 is 
determined from the equation 


t — Bx + Vb? — & (y — Y.) =0, (239) 


where the real part y(@) is equal to zero when —b < 6 < +b. We are looking 
for reflected longitudinal and transverse potentials of the form: 


Pı = RP, (0)]; vi = R[F, (8)], (240) 


where 0, and 0, are determined from the equations 


t— 6,2 — Vat — hy — Ve — y = 0, (241) 
t — 0,2 — VE ZO (y + Y) =0. (242) 


Similarly for functions in the expressions (240) we obtain the following 
expression instead of formula (235): 


40 (202 — bP) VEZ | 
Fo W (8), 
— (262 — b?)? + 40? Va? — 6? Yb? — 6? 
F (6) 


#; (6) = 
(243) 


We (0) = P’ (0). 


In this case the cut in the 9-plane, points of which correspond to rays on 
the surface of the conical beam, will be —b < @ < +b. The coefficients of 
y’(8) in both expressions (243) contain the radical ya?— 6? and therefore 
these coefficients, which remain real when —a < 6 < +a, cease to be constant 
when —b < 0 < —a and a < @ < b. At the same time the product of the 


imaginary part of the coefficient and the imaginary part of ¥ (0) gives the real 
part of @)(@) and ¥}(@) which is other than zero when 


—b<6<—a and a<6<b. (244) 


If we substitute these values of @ in the left-hand side of the equation (241) 
then, after the separation of the real and imaginary parts, we have: 


t— 62 — Yo? — 6 y, =0; y=0. 
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i.e. for the reflected longitudinal potential these critical rays, on which the 
potential is other than zero, do not penetrate into the medium but travel in 
the y = 0 plane (Fig. 56). For the reflected transverse potential the reflected 
beam of rays, given by equation (242), will simply be a conical beam with the 
vertex at t = x = 0, y = —y,; along the generating lines of the surface of 
this beam, which correspond to values of @ satisfying the conditions (244), 
the values of the reflected potential will be other than zero. In this case we 
shall have to continue the reflected transverse potential outside the above 


T 
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conical beam by the method described in [53]. This circumstance has a simple 
mechanical meaning, viz. the transverse waves radiating from the source of 
vibration originate longitudinal reflected waves when falling on the edge 
y = 0; these are propagated along the edge faster than the transverse waves 
and they, in their turn, produce a transverse wave, which travels in front of 
the reflected wave and follows the usual laws for transverse waves. 

We have only given here brief indications and not a detailed mechanical 
investigation of the formulae (235) and (243). Note that the denominator of 
F(9), as given by the equation (236), has real zeros @ = +c, which satisfy 
the inequality c > b; the existence of these zeros produce the phenomenon 
known as the phenomenon of surface waves. 


CHAPTER III 


THE APPLICATION 
OF THE THEORY OF RESIDUES, 
INTEGRAL 
AND FRACTIONAL FUNCTIONS 


56. Fresnel’s integral. In [21] we proved the fundamental theorem 
of residues which is the basis of the application of the theory of 
analytic functions to various calculations and analytic representations 
of functions. We will now deal with the problems of evaluating definite 
integrals, integrating linear differential equations, expanding functions 
into infinite series and representing them by contour integrals. 


Let us start with the evaluation of the definite integral [II, 83] 


f sin (z?) dx (1) 
0 


usually known as Fresnel’s integral and met with in problems of light dif- 
fraction. Consider the integral 


fe“ de, (2) 
L 


where J is a closed contour, which consists of the section OA of the real axis, the 
arc AB of a circle centre at O, and radius R = OA and the section BO, and we 
take the angle AOB as equal to x/4. Inside this contour the integrand e~™* has no 
singularities and therefore integral (2) is equal to zero. Divide this integral 
into three parts which correspond to the above three parts of the contour. 
The variable z will be real along OA and we suppose here that z = x, where 
O < x< R. Along BO we have z = ze!”/4; z? = ix? and dz = e!*/4 dz. Finally, 
along AB 


z= Rel? (o<e<4), 
hence z? = R? ef? and dz = iRe'? dy. We thus obtain the following equation 
a 
R iz 0 T 
d etde te 7 dode +f iRe— F (cos 2p + isin 29) + i? ag = 0. (3) 
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We will show that the third integral in the above equation tends to zero ag 
R increases indefinitely. Bearing in mind that the modulus of e", when r is 
purely imaginary, is unity and substituting the integrand by its modulus, we 
obtain the inequality: 


n 


4 
iRe-®* (cos 29 + isin 29) + ag <R f e Rt cos 29 do. 
0 


o, 
na| a 


We will prove that the expression on the right-hand side tends to zero as R — oo, 
Substituting a new variable y = 2p for p and rejecting the constant factor, 
which is of no importance, we obtain: 


2E 
z 
R f eo Rv dy. 
0 


We now divide the interval of integration into two parts (0, a) and (a, 7/2), 
where a is a certain number between 0 and 2/2: 


a n 


z2 a 2 
RÍ eR cos p dy = f Ro“P Y dy + f RoT sY ay, (4) 
a 


In the first of the above integrals we substitute the negative index by its 
greatest value, i.e. by the smallest absolute value, viz. by (— R? cos a). We 
multiply the integrand of the second integral by the fraction sin y/sin a, which 
is always greater than unity in the interval a< y< 2/2. Having thus increased 


the sum (4) we obtain: 
bid 


a 2 : 
f Reca dy 4 SR sin y eTR" cosy dy, 
0 a sina 


and it is sufficient to show that this latter sum tends to zero. Both integrals 
can be fully evaluated and their sum will be 


wl a 


y= 
l TF" cos a 


—R* cos a l —R* cosy PE —R' cosa Ei ; 
oS + Raina [e k = ako +—Rsna 
from which it follows directly that this sum tends to zero as R increases 
indefinitely. We have thus shown that the third term on the left-hand side 
of (3) tends to zero as R — oo. The first term on the left-hand side has the 
limit 


f e™* dz, 
6 


which, as we know from [11, 78], is equal to (1/2) yx. We can therefore say that 
the second term has a definite limit; this gives us 


0 


+ Vat (2 +22) fo- az =0, 
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or, separating the real and imaginary parts under the integral: 


e + iW) | [cos (z?) — isin (2*)] dz = = Ya. 


Equating the real and imaginary parts we obtain Fresnel’s integral: 


œ o 


Í cos (x?) dz = [sin (a?) da = a /z. (5) 
0 


57. Integration of expressions containing trigonometric functions, 
Consider now the integral: 


2a 
i R (cos z, sin x) dx (6) 


where ÈR (cos v, sin z) is a rational function of cos g and sin z. Let 
us substitute the complex variable z = e* for the real variable z. As z 
varies in the interval (0,2x) the complex variable z varies on the 
circumference of the unit circle |z| = 1. Also, from Euler’s formula, 
we know that 

-1 


z+2! 


. z2—2 
COB t = — > 5; sın T =. 


2i o”? 





and therefore dz = (1/iz) dz. Substituting all this in (6) we obtain the 
integral of a rational fraction on the unit circle | z | = 1, which we 
denote by C. 


This integral is equal to the product of 2xi and the sum of residues 
of the integrand at poles inside the unit circle. 


Example 1. Consider the integral 


h dz 
JTF (Q<e< 1). 


Performing the transformations shown above we can obtain it in the form: 


dz 
oes 


or 


2 dz 
Tear 
c 
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The poles of the integrand will be the same as the zeros of the quadratic 

equation 
ext + 2z +e =0, (7) 
in which one of the zeros has a modulus smaller than unity. This zero is deter. 
mined by the formula 
—-l4+yl—2 
Z, = ———___—__ 
E 

where the positive sign of the radical must be taken. The residue of the inte. 
grand can be determined by the rule stated in [21], viz. this residue is equal to the 
quotient obtained by dividing the numerater of the integrand by the derivative 
of the denominator when z = Z,, i.e. in this case the residue is 


1 1 


t= = c, 
ez, + 2 2V¥1l—é 


and we finally obtain the following result: 
2 
Je 
ods oa (8) 
5 1l + £ cos z l—e 


2. Let us also consider the integral 
T dz 
Juria (0 <e<1). 


On performing the same transformations as above we obtain the integral: 


4 z 
ra (ez? + 2z + e)* de 


In this case z = z, will be the only pole inside the unit circle and it will be 
a pole of order two. From [21], to determine the residue r, at this pole we must 
multiply the integrand by (z — z,)?, then take the first derivative of this 
product and put z = z,. Let z = z, be the other zero of equation (7): 

a poe — g 
z= 1-yl—e 
€ 

its modulus being greater than unity. On performing the above operations we 
obtain in this case: 


pe | seo a EH 
~ Le —2z,)* z= T E€ (z — 21)? |z=o , 
and, subsequently, putting z = z, and bearing in mind the expressions for 
Z and z, we obtain the residue: 


l 


"= Fa -Apr 
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The theorem of residues gives us finally: 


dz wf 2a 9 
J (l+ecosz)? (1 — &?)?/2 (9) 


58. Integration of a rational fraction. Consider the integral of a 
rational fraction 


PD) ay (10) 





If this integral is to have a meaning it is necessary and sufficient 
[II, 82] that the polynomial y(x) in the denominator should have no 
real zeros and that its order should be at least two units higher than 
that of the polynomial g(x). If we also consider the function of the 
complex variable 

(2) 
= ver 
then it will have the same property as the product zf(z) in that 
it will tend uniformly to zero as z—» ©, i.e. it will not depend on 
the manner in which z tends to infinity. In other words: for any 
small positive ¢ there exists a positive R, such that | zf(z) | < £ when 
|z| > R, We will show that providing the function f(z) satisfies 
this condition, its integral along any arc of the circle | z | = R tends to 
zero a8 increases indefinitely. 

Lemma. If f(z) is continuous in the neighbourhood of the point at 
infinity u and zf(z)—> 0 uniformly as z— œ, then the integral of 
f(z) along any arc of the circle |z| = R tends to zero as R increases 
indefinitely. 

Writing down the upper bound of the integral in the usual way 
as we did in [4], we have: 


| {ree fer@+az 
I 


i 


i- | 
< max} 2/(z)|- +S, 
nax | zj (e) |: -F 











where s is length of the above arc / which evidently, does not exceed 
2xR, so that finally 


as < 2x max |zf (z) |- 
i 


Bearing in mind that zf(z) tends to zero on the arc as R increases 
indefinitely, we have the direct proof of our lemma. 


228 THE APPLICATION OF THE THEORY OF RESIDUES, FRACTIONAL FUNCTIONS [58 


Let us now return to our example and integrate the rational fraction 
p(z) : p(z) over the contour consisting of the section (— R, +R) of 
the real axis and the semicircle in the upper half-plane, for which the 
above section is the diameter. We can take R so large that all poles 
of the function, f(z), in the upper half-plane will be included in itg 
constructed semicircle. Denoting it by Cp we have: 








R 
[Sart [2E de = oni dr, (11) 
-R Ce 

where Xr denotes the sum of residues of the function f(z) at its 
respective poles in the upper half-plane. As R increases indefinitely, 
the right-hand side of the equation will not alter and the second term 
on the left side will, according to the lemma, tend to zero, so that 


we obtain the limit 
+e 
g (zx) . 
ee) dx = 2ni Dr, 





i.e. integral (10), which is an integral of a rational fraction, is equal 
to the product of 27 i and the sum of the residues of the integrand at 
its respective poles in the upper half-plane. 


Example. Let us consider the integral 
+> 
f dz 
EFI 


In this case the integrand has a single pole z =? of order n in the upper 
half-plane. To determine the residue at this pole we must, according to [21], 
multiply the integrand (z? + 1)" by (z — 1)"; the product thus obtained 
must be differentiated (n — 1)! times with respect to z and it we can then 
put z = í, i.e. the required residue is determined by the formula: 





ee SC ae Co) j _ 1 č Gn eo 
S aI demre FIY |... @—-y a&t i, 
or 
_ (22) (== 1). (onan $2) (2i n(n). On) | 
as (m= 1)! m= a Le ” 


and we finally obtain: 


“7 Qn—2 ax 


ee ee 
J (+1) [ve — A) 22-2 


+2 
(12) 
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59. Certain new types of integrals containing trigonometric func- 
tions. Note that in the deduction of the above rule for evaluating 
infinite integrals we did not use anywhere the fact that the integrand 
f(z) was a rational fraction. It is sufficient for our purpose if the 
function f(z) satisfies the following two conditions: it is regular in 
the upper half-plane and on the real axis, except at a finite number 
of poles, and secondly, as z—> œ in the above domain, 2f(z) > 0 
uniformly. In this case, as before, we obtain equation (11), in which 
the second term on the left-hand side tends to zero, so that taking 
the limit we have: 

R 
lim | {(x)dx = 27i Sr, (13) 
R>œ -R 
where 2 7 is the sum of the residues of f(z) at its poles in the upper 
half-plane. Dividing the interval of integration (—R, +) into two 
parts (— R, 0) and (0, +E) and substituting (—7x) for x in the first 
integral we can, instead of equation (13), write: 


R 
lim J [7 (£) + f (— 2)] da = 2zi Sr 


or 


f [/ (©) + /(—@)] dx = 201 Sr. (14) 


Let us apply this result to the particular case when the inte- 
grand is 
f(2)=F(zje™,  (m>0) (15) 


where the function F(z) satisfies the two conditions above. At the 
same time, as can readily be seen, the function f(z) will also satisfy 
these two conditions. To prove this it is sufficient to show that the 
factor e'” is regular in the whole plane and that it remains bounded 
in the upper half-plane and on the real axis. We must have 


eiz — gim(xt+ly) and | elm? | = e—my (m > 0; y> 0), 


from which it follows directly that | e!’"*| < 1 when z > 0. If F(z) 
satisfies the two conditions above we can write: 


f [F (2) e™ + F (— 2) e-™] dx = 2zi Dr, (16) 
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where Zr is the sum of the residues of the function (15) in the upper 
half-plane. Let us consider two particular cases. To start with we 
suppose that F(z) is an even function, ie. F(—z) = F(z), whence 


J F (2) cos mz dx = xi Sr. (17) 
0 

If, however, F(z) is an odd function, i.e. F(—z) = — F(z) then: 
{ F(z)sin mrdr =z Dr. (18) 
ò 


Example 1. Consider the integral 


cos ME 
{sare (a > 0; m > 0). 


In this case the function 
1 
F (z) = a? F z? 
obviously satisfies the above two conditions and is an even function, so that 
we can apply formula (17). The only pole of the function 


giz 


a? + 22 


1@)= (19) 
in the upper half-plane is a simple pole z = ia. We can determine the residue at 
this pole by the rule which we have used already and which can briefly be formu- 
lated as follows: the numerator, divided by the derivative of the denominator. 
In this ease, the above rule gives us the following expression for the residue of 
the function (19): 
ema 

12a’ 


and we finally obtain: 


oo 


cos mx 1 — 
eae a a 
0 


2. Let us consider the integral 


œ 
x sin mz 


TF a 7: 


In this case formula (18) will be valid and the function 


zelmz 
T= Tae 
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will have a single pole z = ia of order two in the upper half-plane. The residue 
at this pole is determined by the formula 





rm lere] 


which gives us directly the final result: 


2=ia 
or 


—ma 
= — e 
zeta 4a i 





z sin mz am _ 
@ F a dr = -Ja ® ma; (21} 
0 


Note. Generally speaking we have no right to write formula (13) in 
the form 


+e 
f f(x) dx = 2i Sr. (22) 
In fact, the infinite integral 
+a 
f f(x) dz 
is determined as the sum of the limits of the integrals 
R 0 
f f(x) dz and f f(x) dz 
ò -R 


as R tends to (+2). If these limits do not exist separately, but 
the sum of the above integrals tends to a finite limit, i.e. a finite 
limit exists: 
R 
lim { f(x) de, 

RE>+= -R 
then this limit is known as the principal value of the integral in the 
infinite interval and is denoted as follows: 


+o +R 

v. p. | f(z)dr = lim f f(æ)dz. (23} 
=o Ro+o —R 

The integral in formula (13) should be taken in the sense of its principal 

value. But if for any particular reason we know that this integral 

exists as an ordinary indefinite integral, then this should not be 

assumed, for then the principal value of the integral will be the same as 
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the usual indefinite integral. In [26] we defined the principal value 
of an integral in the case when the continuity of f(x) is disrupted at 
any particular point at a finite distance. 


60. Jordan’s lemma. The conditions placed on the function F(z) in 
the above paragraph can be made less restrictive so that formulae 
(17) and (18) hold, by using a lemma which will be of great impor- 
tance in what follows: 

Jorpan’s Lemma. If in the upper half-plane and on the real azis 
F(z) satisfies the condition: F(z) —>0 uniformly as z—> œ, and m 
is a certain positive number, then as R—> + °° 


J F (z)e'™ dz—0, (24) 


where C, is a semicircle in the upper half-plane, centre the origin and 
radius R. 


Introducing the polar coordinates z = Re”, we can rewrite integral 
(24) as follows: 


f F (Ret?) eiMmR(cose + ising) $ Rei? dọ, 
ò 
and therefore, taking into consideration the fact that |ie'"* °5P+1®| —1 
we have 
| f F(z) ei dz| < f |F (Re'*)|e~™®sin? R dg, 
Cr 0 
or 


F (2) is e—™Rsine R do. (25) 





f F(z)e dz| < max 
Cr 


on Cg 





It is given that | F(Re'®)| tends to zero as R — oo uniformly with 
respect to p where 0 < pọ < x and, consequently, it is sufficient to 
prove that, as R— œ, the integral 


f e-mRsine Rdg (26) 
0 


will be bounded. Dividing the interval of integration into two parts: 
(0, x/2) and (x/2, x) and substituting in the second integral the variable 
p by (n — ¢), we obtain integral (26) in the form: 


2 f e ™Rsine Rdg. 


(= 
= nja 
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We will now proceed as we did in [56]. Dividing the interval of 
integration into two parts and increasing the positive integrand, | 
we obtain the inequality: 


a a 


a z 
2 |e- mRsine R dp < 2 [ommna i dp oe 2f e-™Rsina R dø. 
0 0 a 


N 


The last two integrals are in their final form and we obtain the 
following inequality: 


nja 


9 | e- mRsing R dọ < 2 [- a al + 2e—™Rsina R (= — a) : 


m COS a °=0 


ou, 


The second of the above terms tends to zero as R—> œ, and 
the first term tends to the finite limit 2/m cos a so that the whole 
sum remains bounded as R— œ. The same may be said for integral 
(26) from which the result of the lemma is derived. 

By using the lemma we can, for example, prove formula (18), 
when less restrictive requirements are made with respect to the 
function F(z). In fact, we required earlier that in the upper half- 
plane and on the real axis zF(z)—0 as |z |—>œ and this condition 
was necessary for the integral 


f F (2) oz dz 
Cr 


to tend to zero in the upper semicircle as R —> co. The lemma shows 
that it is sufficient for F(z) 0 as z— œœ and therefore it is sufficient. 
to use formula (18) in the assumption. 


Example. Consider the integral 
T sin MT 
| re (a >0; m>0). 

0 


In this case the function 
z 
F(z) = 2? + a 
satisfies all conditions of formula (18) and therefore we need, as before, 
determine only the residue of the function 


z elm 


A oa at 
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at the pole z = ia in the upper half-plane. This will be a pole of order one 
and the corresponding residue is determined by the usual rule: the numerator 
divided by the derivative of the denominator, i.e. 





= 2 =l ema 
sehu a 
and finally 
z sin mz _ 7 -ma 
f apa ge : (27) 


61. Contour integrals of certain functions. From a knowledge of the theory of 
residues it is easy to construct contour integrals for non-continuous functions. 
Consider, for example, the function p(t), which is zero when ¢ < 0, and 
unity when ¢ > 0, i.e. 
0 (t < 0) 





Fie. 57 Fic. 58 


We will show that such a function can be represented by the contour integral 





1 eiZ 
ọ (t) = al 7 dz, (29) 
ur 
in which ¢ appears as a parameter in the integral. The contour of integration 
includes the whole real axis but the origin z = 0 which is a pole of the integrand 
is avoided by the circumference of a small circle, centre the origin in the 
lower half-plane (Fig. 57). Consider the auxiliary contour lę, which consists 
not of the whole real axis but only of its section (—R, +R), surrounds the origin 
and includes the semicircle Cp in the upper half-plane, centre the origin and 
radius R. If ¢ > 0, then Jordan’s lemma can be applied to integral (29), so 
that the integral over the semicircle will tend to zero as FR increases. The 
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integrand has a single pole inside the contour, viz. at the origin z = 0, where 
the residue is unity. Therefore 





1 ellz 
Bai Joe FS! 
lz 
Passing to the limit we obtain 
1 ellz 
sar | —dz=1 (t>0). 
ur 


Let us now suppose that t< 0. Consider the closed contour which consists 
of the above section (— R, +2) of the real axis, surrounds the origin and includes 
the semicircle CR of radius R, not in the upper but in the lower half-plane 
(Fig. 58). Inside this contour our function has no singularities and therefore 
the integral along this contour is zero. 

We will now show that as R increases indefinitely, the integral over the 
lower semicircle will tend to zero. In fact, if we change the variable of integra- 
tion z so that z’ = —z, then the lower semicircle Cp will be transformed into 
the upper semicircle Cp and we have: 


iirz N ait’ 
e e 
f “a= | — de’. 
z z 
Ck Ce 


It is given that ¢ <0, ie. —t> 0, and Jordan’s lemma shows that the 
latter integral does, in fact, tend to zero. Passing to the limit, as before, we get: 








J (= 
>= dz = 0 (t < 0). 
aati J z 


Consider also the integral when t = 0. 
1 1 
ajr (29) 
kea 


If we consider, as before, the section (— R, +R) of the real axis wo have to 
evaluate the increment of log z as it moves along this section and round the 
origin. At the end of the path the real part of log z will be log R and, con- 
sequently, it has received no increment. The imaginary part, which is equal to 
i arg z, must receive an increment zit when surrounding the origin along the 
semicircle, but on other sections of the path it remains unaltered. Thus integral 
(30) is equal to 1/2 along the section (—R, +R). Consequently we should obtain 
the same result in the limit as R — œ, i.e. 


1 1 1 
war [eo y (31) 
kaa 


In this case it was essential that both the upper and lower limits should tend 
to œ and the same absolute values, i.e. integral (31) should be taken in its 
principal value sense in the interval (—œ, +œ) when surrounding z = 0. 
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Integral (29), when ¢ Æ 0, will be convergent in the usual sense of the word 
with respect to infinite limits. In fact, separating the real and imaginary parts 
we obtain 


J ces ao dnd [ == dz (a > 0). 
: ] 








zZ 
a 


We proved the convergence of the second integral in [11, 83]. The convergence 
of the first integral can be proved in exactly the same way. 


Fic. 59 Fic. 60 


Thus, when t#0 integral (29) gives the function (28). When t = 0 the integ- 
ral only has a meaning in the principal value sense and is equal to 1/2. 

Consider now another example where the function is zero everywhere except 
on a certain finite section where it is unity, i.e. 


y(é)=0 when t<a and ¢>b; p(t)=1 when a<t<b. (32) 


It is not difficult to represent the above function as the difference of two func- 
tions of this kind; hence 





y= 


i(b—t)z i (a—t)z 
l [=e l [=e (33) 


2ni z 2ni z 
~r 


Both terms vanish when ¢ > b. In the intervala < ż < b the first term on 
the right-hand side is unity and the second term is zero so that the difference 
is unity. Lastly, when ¢ < a and both these terms are unity, the difference is 
zero and we have, in fact, obtained function (32). The graph of this function 
is shown in Fig. 59. 

Consider now the function which is zero when ż¿ < 0 and which, by starting 
with ¢ = 0, begins to decrease from unity exponentially: 


p(t) =0 (t<0); p ()=e% (t>0,a>0). (34) 
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The graph of this function is illustrated in Fig. 60. It can readily be shown 
that this function can be represented by the contour integral: 


1 wee itz 
pı (i) = f -2 dz, (35) 


2mi | z— ia 





where the real axis is the contour of integration. The proof is exactly the same 
as for formula (29). In this case the residue of the function 


e£ 


z—ia 





at the pole z = ia is equal to e~%. 
Finally let us consider the function which is zero when ¢ <0 and which gives 
the sine curve when ¢ > 0 (Fig. 61). 


yı (t)=0 when ¢<0; (36) 


y, (f) =sinat when t>0 (a being real). 


In the same way as before it can readily be shown that this latter function 
can be represented by the contour integral: 





Y =a a dz], (37) 


~ On z—a 
keg 


where the contour of integration is the real axis, which surrounds the pole 
z =a of the integrand. In this case 
the residue is 


elf 


a = cos at 4- i sin at, 

so that, separating the real and 

imaginary parts, we obtain formula 

(37), where œ is the symbol of the . T 
real part. 

In some cases the above for- 
mulae are written in a different 
way, viz. we integrate not along 
the real but along the imaginary 
axis and the pole is described 
from the right side, i.e. from that side of the imaginary axis near which the 
Teal part of the complex number is positive. To obtain this new contour of 
integration it is sufficient to rotate the plane about the origin through an angle 
zj2 in the counter-clockwise direction, i.e. to replace z by a new variable z’, 
where z’ = iz or z = 2’/i. By introducing this new variable we have in place 
of formula (29) 


Fıc. 61 





1 tz’ 
O= ay |e. (29,) 


? 
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In formula (35) we now obtain the pole ia not on the imaginary axis but on 
the negative part of the real axis and we thus obtain the following expression 
for the function 9,(¢): 

1 tsi tr 
e - 
Pı (9) = se f Sa (35,) 


Similarly, we have the following expression for the function +,(): 


1 el?’ 3 
10 =2|— 92 re] 


The contents of this paragraph are directly connected with Laplace’s trans- 
formation with which we shall deal in Vol IV. 


62. Examples of integrals of many-valued functions. We will now consider 
a few examples where the integrand functions are many-valued functions of 
the complex variable. For the first example consider the integral 


J (—2)°-?Q (2) dz, (38) 

l 
where a is a certain real number and Q(z) is a rational function, which is such 
that z" Q(z) — 0 if either z — 0 or z — œ. The integrand is many-valued so 
that by describing a circuit round z = 0 in the counter-clockwise direction, 
(—z) describes the same circuit and consequently the amplitude of this 
expression acquires the term 22; the expression itself acquires the factor e*/ 
and(—z)*-! becomes (—z)*-! e2(4- Di, i.e. in this case the function acquires 
the factor e*(¢-)*!, which is other than unity, providing a is not an integer. 
The origin is therefore the branch-point of the integrand. To make the func- 
tion single-valued cut along the real axis starting from z = 0. In the cut T- 
plane our function will be single-valued and to determine it fully we have to 
fix the amplitude of (—z) for a point in the T-plane. Let us agree that on the 
upper edge of the cut, where z is positive, the amplitude of the negative number 
(—z) is equal to (— x). Describing a circuit about the origin round a closed 
contour we come from the upper edge of the cut to the lower edge and in 
the course of this the amplitude of (—z) acquires an additional term 2x, so 
that the amplitude of (—z) on the lower edge of the cut will be equal to x. 
Denoting the modulus of z by x we have: 
-in 


(— 2) = ae on the upper edge, 


(— z2) = ze!" on the lower edge 
and consequently 


(— 2)97? = att 7! (@-) on the upper edge, 


: 39 
(—2)*? = 2716!) on the lower edge. (39) 


Let us now select the contour of integration for integral (38). We take for the 
contour of integration the following curve which consists of four parts: the 
section (£, R) of the upper edge of the cut, the circumference Cp, centre the 
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origin and radius R, in the counter-clockwise direction, the section (R, e) of 
the lower edge of the cut and, finally, the circumference C,, centre the origin 
and radius e, in the clockwise direction (Fig. 62). To integrate along the positive 
part of the real axis we assume that the rational fraction Q(z) has no poles there. 
In accordance with the fundamental theorem of residues the integral (38) 
will be equal to the product of 2zi and the sum of the residues of the integrand 
at all poles of the rational fraction Q(z); the latter are also poles of the integrand. 
We are assuming all the time that 
e is taken so small and R so large 
that all the above poles will be 

included in the region bounded by* 
our contour of integration. We will 

now show that the integrals along 

the circles Cp and C, tend to zero 

as R-- œ and e— 0. In fact, 

applying the usual inequality we 

have: 


| f (— 201R (2) dz| < 
Cr 


< 22R.- R°! max | Q(z) | = 
on Cp 
=2nR* max |Q (z) |. 
on Cp 
It is given that 27Q(z)—0 
as |z|-+0o; therefore the above 
expression also tends to zero as R — oo. Similarly, on the circumference 
C, we have the inequality: 





Fie. 62 


| § (— 2)°-7.Q (2) dz | < 27" max |Q (2) |, 
Cc 


E on Cs 


since z? Q(z) 0 as z— 0; therefore the above expression also tends to zero 
as £ — 0. Hence in the limit only integrals along the upper and lower edges 
of the cut remain and the value of the integrand on these cuts is determined 
by formula (39); this gives us: 


R 
lim f [201 e7170- Q (x) — at oi™0-D Q (2) ] da = 27i X r, 
8—0 e 
R> 


where Xr denotes the sum of residues of the function (—z)*-1 Q(z) at all poles 
within a finite distance. 

Bearing in mind that e~!* = e/* — —1, we can rewrite the above formula 
as follows: 


(eit Sa ov) Í x1! Q (x) dx = 271 > r 
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or, (from Euler’s formula): 


| eads = ANG (40) 


sin anz «= 
0 





Formula (40) makes it possible to evaluate many definite integrals in which 
the primitive is not expressed in final form. Let us remind you once again 
of the conditions to which the function Q(z) is subject, for the above formula 
to be valid. The function Q(z) must be a rational fraction with no poles on the 
positive part of the real axis and it must also satisfy the conditions: 


27Q (z) +0 as z>0 and z > œ. 


As a particular example let us consider the integral 





ms go} 
J rte (0<a< 1). (41) 
0 


It can readily be seen that in this case the function 





1 
Q@)=745 
satisfies all the above conditions and has a single pole z = —1. At this pole 
the function 
(— 2)? 
1+2z 


has a residue which is evaluated by the rule: numerator divided by the derivative 
of the denominator, i.e. this residue is 


r=(— 2) AS 


Note that when evaluating the function (—z)*-! at the point z = —1 we 
must bear in mind the definition of many-valued functions which was given 
above, viz. on the upper edge of the cut the amplitude of (—z) is equal to (— x) 
and, consequently, when describing half the circuit round the origin on the 
negative part of the real axis the amplitude of (—z) will be zero. In other words 


r=1. 


We finally obtain the following expression for integral (41) from formula 
(40): 
ar gt} m 
| lace eS sin an ` (42) 








As the second example of an integral of a many-valued function consider the 
integral: 


dz, (43) 
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and suppose that the trinomial A + 2 B/z + C/z* has real coefficients and 
distinct real zeros z = z, and z = z, where 0 < z, < 2. 

We also suppose that A < 0 from which follows directly that the above 
trinomial will be positive when z, < z < Z+». We integrate (43) along the section 
2, < Z < 2, of the real axis on which the radical is taken to be positive. 
The integrand 





\ 
B © _YVA(@e—2)  —2,) 
4 Se 2 (44) 


will have branch-points of order one at the points z, and z,. If we make a cut 
along the section (z,, 2,) of the real axis then the function (44) will be regular 
and single-valued in the cut T-plane [19]. 

Let us suppose that the radical is positive on the lower edge of the cut. To 
reach the upper edge where the radical is negative we have to pass one of the 
branch-points [19]. Let us take our integral along the whole contour of the cut 
in the positive direction, i.e. we take the integral of the function (44) along the 
lower edge from z, to z, and along the upper edge from z, to z,. The first part 
of this integral will give integral (43). When integrating along the upper edge 
the integrand will change its sign but the direction of integration will also be 
reversed so that the value of the integral along the upper and lower edges 
will be the same, i.e. the value of the integral along the whole contour of the 
cut will be twice the value of the integral (43). 

According to Cauchy’s theorem we can, without changing the value of the 
integral, continuously deform our closed contour, providing it does not leave 
the domain in which the function (44) is regular. If} is any closed contour, which 
includes the above cut and the point z = 0, which is a pole of the function 
(44), remains outside J, then it follows from above: 


1 B C 


We will now expand function (44) in the neighbourhood of z = œ and of 
z =0. In the first case we can write: 
1 


Vart tg -rap eit] 


and using Newton’s binomial formula we obtain: 
B C — Bil 
—+ = ——-+...]. 46 
Ja+2244 vaļi +++) (46) 


Let us determine the value of the radical yA in this formula. We use for 
this purpose the left-hand side of formula (44). We know that the radical is posi- 
tive along the lower edge of the section (z,, z2). To reach the section (z,, +o) of 
the real axis the point z =z, must be circumscribed in a counter-clockwise direc- 
tion. As a result the amplitude of (z — z+) is increased by z and the amplitude 
of the expression (44) by 2/2, i.e. instead of zero this amplitude becomes 3/2. In 
other words the function (44) must be considered to be positively imaginary on 
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the section (z}, +2) of the real axis. (By a positively imaginary number we mean 
ai when a > 0.) It follows from (46) that the radical yA is positively imaginary, 
Similarly, to reach the section (0, z,) from the lower edge of the section (z,, z,) 
the point z = z, must be described in the clockwise direction, as a result of 
which the amplitude of the expression (44) will be (— 2/2), i.e. this expression 
will be negatively imaginary on the section (0, z,). 
Expanding the function (44) near z = 0: 
B C ye Az? 
Jeretee-Tb+ e+e): 


2 


role 


or, using the binomial expansion: 


Car 


— Bp T B 
Jat2Z+9— z l¢ qe...) (47) 


and, in agreement with what was said above, yŪ must be negatively imaginary, 
It is given that A < 0 and it follows from z, > z, > 0 that C < 0. 

According to Cauchy’s theorem the integral of the function (44) along a 
large closed contour L near z = co is equal to the sum of integrals along the 
above contour l and along the contour A which surrounds z = 0; every integral 
being taken in the counter-clockwise direction. The integrals along L and 4, are 
equal to the product of 22¢ and the coefficient of z7! in the expansions (46) 
and (47) and consequently: 


B C .[ B — 
J 412+ Eam m (iro), 


hence the formula (45) gives us the final value of our integral (43): 


J= Jezz Srde = ai (E 0): (48) 


63. Integration of a system of linear equations with constant 
coefficients. We will now apply the theory of residues to the integration 
of a system of linear homogeneous equations with constant coefficients. 
Consider such a system: 


zi = ly tı + ajz ta H. - -+ an 

Wy = Ay) Ty + Ay, Ta F- - -+ Aan Ly (49) 

Ea = Any Ly + Ang Ta +... + Ean Xn 
where the a,, are constant coefficients and the x; are derivatives of the 
required function x, with respect to the independent variable t. We 
require the solution of this system in the form: 


T= X Ps (2) ef? (f= 1, 25.05%), (50) 
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where 9,(z) are the required rational functions of z; the symbol 
SST) 
R 


will denote, here and in future, the sum of residues of the function 
f(z) with respect to all singularities within a finite distance. In formulae 
(50) the functions after the symbol of the sum of residues depend 
not only on the complex variable z, with respect to which we are 
calculating the residues, but also on the real parameter t, so that 
the sum of the residues will, generally speaking, also be a function 
of this parameter ¢. Owing to the fact that z and ¢ are not connected 
in any way with each other, we can, when differentiating the function 
(50) with respect to t, differentiate under the symbol of the sum of 
residues, i.e. we obtain one and the same result if we differentiate the 
function 


Ps (2) e° (51) 


with respect to ¢ first and then take the sum of its residues, or if 
we take the sum of residues of the function (51) first and then dif- 
ferentiate with respect to t. Therefore, apart from the formulae (50) 
we also have the following formulae: 


n= & Ps(2) 0 (s=1,2,...,n). (52) 


We substitute all this into our system (49) and collect all terms 
together: 


= [(@11 — 2) p1 (2) + t12 P2 (2) +- - -+ Gin Pn (2)] 7 = 0, 
= [221 Pı (2) + (a22 — 2) Pa (2) +--+ + Gon Pn (2)] e7 = 0, 


These equations will obviously be satisfied if we equate the expres- 
sions in the square brackets to any arbitrary constant, so that we 
get under the symbol of the sum of residues a function in the form 
Ce", which has no singularities at all within a finite distance. Denoting 
these arbitrary constants by —C,, —C,, ..., —C, we obtain a system 
of ordinary algebraic equations of the first order for the determination 
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of p(z): 


(a, — 2) p; (2) + yy Py (2) +- - -+ Gin Pn (2) = — Ch, 
Os, P1 (Z) + (dg, — 2) pa (2) + - - -+ Gyn Pn (2) = — Cz, 


Oni Pı (z2) BE anz P2 (2) +-+ (ann = 2) Pn (2) Ea Ca 


We solve this system by Kramer’s formula: 


A; (z 
g2) = 4E (s=1,2,...,n), (53) 
where 
a1, — Z, Ayo; Qin 
A (2) Q2 Qa — 2, » Azn ; (54) 
Qni» anv ssn? 


and 4,(z) is obtained by changing the elements of the sth column by 
terms (—C;,) in the determinant A(z). Note that the determinant A(z) 
represents the left-hand side of a familiar equation [III,, 17]. The 
expressions obtained in (53) must now be substituted in formula (50). 

Making these substitutions we obtain the solution of our system 


in the form: 


4, 
a ne 





t= > 
R 


where the meanings of A(z) and A,(z) are explained above. 
We will now show that the result obtained satisfies the original 
conditions 





til o7 Ci; t ee Oa aan We a! Che (56) 
We will only test this for xı. We have: 
— yA) 
tı bza = = Ae) ; (57) 


The denominator of the above fraction is given by formula (54) 
and it is evidently a polynomial of the nth order, the last term of 
which is (—1)" z2”. The numerator of the fraction in formula (57) is: 


—Cy, Gy, ---, Bp, 


A,(2)= — C4, Ag. — 2, s+ +, Qgy 
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Multiplying the elements of the first column we obtain a polynomial 
of the (n — 1)th order, the last term of which is (—1)"C,2"-1; we 
can therefore rewrite formula (57) as follows: 

(—1)"C, 27-14... 


ho (ap? 38) 


where the dots indicate terms of the polynomial with lower powers, 
which are of no importance in subsequent calculations. 

We will now establish a certain general rule for the sum of residues 
of a rational fraction. 

LEMMA. The sum of the residues of a rational fraction with reference to 
its poles at a finite distance, is equal to the coefficient of z—1 in the 
expansion of the rational fraction in the neighbourhood of the point at 
infinity. 

In fact, suppose that our rational fraction has the following 
expansion in the neighbourhood of the point at infinity: 

j (2) = bz. (59) 

k 
Consider the integral 
ser Sf (2) dz, 
CR 

where Cp is the circumference of a circle, centre the origin and radius 
R. If È is sufficiently large all the poles of f(z) will lie inside Cp and the 
integral will give the sum of the residues at these poles. Also, if R is suffi- 
ciently large Cp will be near the point at infinity and we can therefore 
apply expansion (59) to solve the integral; it follows directly from 
this that the integral will be equal to b_,, which proves the lemma. 

Note. Earlier in [17] we called the coefficient b_, in the expansion 
(59) with its sign reversed the residue of the function f(z) at the 
point at infinity, ie. this residue is equal to (—b_,). For this reason 
our lemma can be formulated as follows: the sum of the residues of a 
rational fraction at all its poles, including the point at infinity, is equal 
to zero. 

Let us now apply the above lemma to the expression (58). Note 
‘that near the point at infinity the fraction can be expanded as 
follows: 

(= 1)" G,2"77 +... 

C Pz... 
and the above lemma gives us directly z, | ;9 = C,; it can similarly 
be shown that 2, | ;29 =C.. Hence the solution given by formula 


Ci, Bs 
See i oe sess 
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(55) satisfies the original conditions (56), ie. the arbitrary constants 
Cs in the polynomial 4,(z) take the place of the original conditions. 
Therefore our formula (55) gives the general solution of the system. 


Example. Consider the system 


of aad T: + T3 
y= +n 
T5 = T, + 2. 
In this case 
—z, 1, Il 
á (z) = l,—z, 1j, 
l, 1,—z, 
or 


4 (z) = — 2z (~ 1) +2 (z +1)= (2+1) (~ 2 +z +2), 


and for the first of the required functions we obtain the formula: 


05 l, 1 
—C,,—2, 1 
y= + aa Cy 1,— Z, e? 


af @+N)(-# +242)’ 


or, by solving the determinant and cancelling by (1 + 2): 


_ C,(1—2z)—-0C,—-0O, 2 
nede ae pe 
The denominator has zeros z = —1 and z= 2. We will calculate the residues 


at these points by the usual rule: the numerator divided by the derivative of 
the denominator, and we obtain: 


2 I 1 = 1 1 l 
a= (g-ga ZOO + (FAt Zt ZA) 


Notice that in this case the polynomial A(z) has a double zero at z = —1, 
but in spite of this the coefficient of e~! in the expression for z, is not a poly- 
nomial in the ¿th power but simply a constant. 


In those cases when the equations are not homogeneous (compulsory 
vibrations): 
= 4,%,+...t+4,+f,(.) (8s =1,2,...,2), (60) 


where /;(¢) is a given function of ¢t, the required solution should have 
the following form: 


C, (t) Ais weet Cy (t) Ans z 
mee ı (t) sO tot (t) (z) et (61) 
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where A;;(z) is the algebraic complement of the elements of the deter- 
minant A(z), and C,(t) is a required function of ¢ (the variation 
method of arbitrary constants) [II, 25]. Substituting (61) in (60) 
and bearing in mind that when the C, are arbitrary constants the 
formulae (61) give the solution of the homogeneous system, we obtain 
the following equations for the derivatives Cj(t): 


01 (t) Ags (2) +. - -+ On (t) Ans e) o 
a 1S AG =f, (2) 
(s=1,2,...,n). (62) 
We will show that this system can be satisfied, providing: 
Ci (t) =e" fi (t); --- 3 Cn (t) = 0" fn 0- (63) 
In fact, making these substitutions, we get on the left side of (62): 
(t) A -e-+ fn (6) A 
=> fı (6) sO io H (t) Ans (2) (64) 


If ¢#k, then in the algebraic complement A(z) two elements 
situated on the main diagonal of the determinant A(z) will be cancelled, 
viz. (aj; — 2) and (a,, — 2); therefore A;,(z) will be a polynomial of 
the order (n — 2) in z. As a result of the above lemma: 

A : 
Zeo GFR) 
since the expansion of A,,(z) : A(z) near the point at infinity begins 
with the term ajz? and there is therefore no term in 2-1. 

The algebraic complement A(z) will be a polynomial of order (n — 1) 

with the last term (—1)"-1 2"-1 (cf. above) and consequently: 


Aul) _ 
-2 Ae) 
It follows directly from this that the preceding expressions (64) 
are equal to /,(t). The formulae for C(t) give: 





t 
Or (t) = f e7 fy (1) dr (k= 1,2,...,7), 
0 


and we chose the constant of integration so that C,(0) = 0 (purely 
compulsory vibrations). 
Substituting in (61) we finally have: 


t 
eae y [Aa tthe) Am) gene de. (65) 


4 (z) 
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64. The expansion of a fractional function into partial fractions, 

We shall now apply the basic theorem of residues to the expansion 
of a function into an infinite series. Let the function f(z) be uniform 
and homogeneous in the whole plane except at a few isolated points 
which are its poles. Such a function is usually known as a fractional 
or meromorphic function. A rational fraction is one example of a 
fractional function. As the second example take cot z = cos 2/sinz 
which has poles at the points where sin z vanishes. 

This latter meromorphic function has an infinite number of poles. 
Notice that when a meromorphic function has an infinite number of 
poles then in any confined part B of the plane the number of poles 
should, at any rate, be finite. Otherwise we would have in B at 
least one limit-point for these poles, i.e. such a point z = c, that any 
small circle with centre at z = c would contain an infinite number 
of poles of the function f(z). This point z = c would be a singularity 
of f(z) other than a pole, for it follows from the definition of a pole 
[17], that it should be an isolated singularity. But it is given that 
f(z) has no singularities other than poles. Once we have in a confined 
part of the plane a finite number of poles we can number them in 
the order of their non-decreasing moduli, so that denoting the poles 
by a, we have: 


|a| < |a| < ]a| <... 


where |an |—> +œ as n increases indefinitely. At every pole z = a, 
our function will have a definite infinite part, which will be a poly- 
nomial with respect to the argument 1/(z—a,), without the constant 
term [17]. Denote this polynomial by 





ehk) (k=1,2,...). (66) 


We shall now show that by making certain additional assumptions 
the fractional function f(z) can be represented by a simple infinite 
series, the terms of which are expressed by infinite parts (66). Let us 
formulate the condition to which we must subject the function f(z). 
Suppose that a sequence of closed contours C,, which surround the origin 
exists and which are such that every contour C, lies inside the contour 
Cn: Let ln be length of the contour C, and 6, be its shortest distance 
from the origin. We assume that 6, —> ©, i.e. that the contours Cn 
widen indefinitely in all directions as n increases. We also suppose 
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\ 
that the relationship /, : ôn remains bounded as n increases indefinitely, 
i.e. a positive number m exists such that 


da <m. (67) 
n 


If, for example, C, are circles, centres the origin and radii 7,, then 
ln = 227, and ôn = Tn, so that J, : 6,—=272. We now suppose that 
the modulus of our fractional function f(z) remains bounded on all 
contours Cn, in other words, a positive number M exists, such that 
on any contour C,, the inequality given below is satisfied: 


If(2)|<M (on@,). (68) 
Consider the integral: 








1 E) a, 

2ni H2 dz’, (69) 
Ch 

where we integrate in the positive direction and the point z lies 

inside O, and is other than a@,. Consider also the sum of infinite parts 

which refer to poles ax, inside On: 


1 
wn (2) = P (==) (70) 
where (Cn) below the symbol of the sum shows that only poles situated 
inside C, must be added. 

The integrand of (69), which is a function of 2’, has in C, a 
simple pole z’ = z, which is due to the vanishing of the denominator, 
and poles z’ = ap, which are due to infinite parts of f(z’). The residue 
at the pole z’ = z is determined by the rule: the numerator divided 
by the derivative of the denominator: 


fe’) iz) 
e zy |raz 1l 














The residues at the poles z’ = a, will be the same as for the function 





Op (2') 
oe (71) 
In this latter function w,(z’) is a rational fraction in which the 
order of the numerator is lower than the order of the denominator 
and all poles are situated inside C,. We will show that in this case 
the sum of residues of the function (71) at the poles a, will be 


—on,(2)=— S& (==). (72) 


Com) 
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In fact, the function (71) is a rational fraction of z’ in which the 
order of the denominator is at least two units higher than that of 
the numerator, for w,(z’) is already a rational fraction in which the 
order of the denominator is higher than the order of the numerator, 
In the neighbourhood of z’ = œ we therefore have the following 
expansion: 

ny (2’) 


z —z 








and the integral of the function (71) around a circle of a sufficiently 
large radius will be equal to zero, i.e. the sum of residues of the 
function (71) at all its poles within a finite distance, is zero. Its 
residue at the point z’ = z is, obviously, equal to w, (z) and, con- 
sequently, the sum of residues at the remaining poles a, is equal 
to the expression (72). Applying the basic theorem of residues to 
integral [69] we obtain: 


i Je LE) de’ = (2) — 2% (=a): 





Suppose in the above formula that z=0, where the point z=0 
is not a pole of f(z): 


ale unaa] 





Subtracting this equation from the one above we have: 


ar rea Aes ) dz’ = f (2) — f(0) — a [c (=, = za) Ge (- a wa 


We will now show that the integral on the left side of the 
above equation tends to zero as n increases indefinitely. In fact, 
bearing in mind that 

|z |> ô, and |2’ —2|>|2'|—|z|>4,—lal, 


we have from (68) 


J M ae'| < gal 


z’ (z — Ôn (Sn — lz)? 
or from (67) 
(z’) 
ots sdz |< — zl’ 
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from which it follows directly that the integral tends to zero, as 

ôn — œ. Therefore in the limit formula (73) gives 


(2) —f(0)— lim Sjef) -@.(—<]]=0, 


no (Ch) 
or 


f()=f(0)+ lim Sjaal La (mm) 


Noo (Cp) 


As n increases indefinitely, the contour C, will widen indefinitely, 
and more and more new poles a, will find their way within C,, so that 
in the limit we have on the right-hand side of (74) an infinite series; 
hence formula (74) gives f(z) in the form of an infinite series: 


f(z) = f (0) + = [a =z) — G, (- =)]. (75) 


Strictly speaking we should, according to (74), group together all 
terms in the infinite series (75) which refer to poles situated between 
Cn and C,4,. However, if we are convinced that the series (75) is 
convergent without performing this grouping of its terms, then we 
can deal with the infinite series (75) in the usual way. 

If instead of condition (68), which tells us that the modulus of the 
function f(z) is bounded on the contours Cn, we use a wider condition, 
viz. that f(z) does not grow on the contours Cn faster than a certain 
positive power 2”, i.e. on all contours C, the following inequality 
holds: 


lea <M (on@,), 
zP 





then in place of formula (75) we obtain the following expansion formula: 





t (p) 
f (2) =f (0) + Oaa 20a 4 


+ = [G (5 Z z) — yP (2)| ; (76) 


where the symbol P2) denotes the first (p + 1) terms in the expan- 
sion of the function G, [1/(z — a,)] into a McLaurin’s series. 





65. The function cot z. Consider the fractional function 


(77) 





252 THE APPLIOATION OF THE THEORY OF RESIDUES FRACTIONAL FUNCTIONS (65 


From Euler’s formula we have: 


eZ eo 2 


sin z = > 
2i 


and from this it follows directly that the equation sin z = 0 is equivalent to 
e! = 1; this has zeros z = kr (k = 0, +1, +2, ...), i.e. sin z has real zeros only, 
the values of which, which are well known from trigonometry. The function (77) 

will therefore have poles at the points: 


z=0, +m, +27... (78) 


We can show that the modulus of 
the function (77) is bounded in the 
whole plane if we isolate the points 
(78) by small circles 4, of same radius 
o, where ọ is any given positive num- 
ber. Owing to the fact that the func- 
tion (77) has a period z, it is sufficient 
to investigate it in the strip K, boun- 
ded by the straight lines x = 0 and 
x = x (Fig. 63), in which the poles 
z = 0 and z = z are isolated by the 
above circles of radius g with centres 
at the respective points. In any con- 
fined part of the strip K our function 
(77) is continuous and therefore also 
bounded. It remains to be shown that by moving up or down the strip ad infini- 
tum, the modulus of the function (77) remains bounded. Suppose, for example, 
that we move towards infinity up the strip K, i.e. if we assume that z = z + ty, 
then y — co and zv varies in the interval 0 < x < 2. We have: 





Fie. 63 


: ef p ez , eX oT! + ee 
cotz =i- z Zapp tg y. SI 
e? — e7” e% oY — oe * oY 


whence, substituting the modulus of the numerator by the sum of the 
moduli, and the modulus of the denominator by the difference of the moduli, 
we have: 
=y —2y 
maaja a k 

e —e J 1—e 

As y increases indefinitely the right side tends to the limit / and, conse- 
quently, for all sufficiently large y’s we have, for example, the inequality: 


[cotz|< 1.5. 


In exactly the same way we can act in the lower part of the strip K, and our 
proposition is thus proved. 
Notice that the same proof also applies to the fractional function 


1 
sin z ’ 





(19) 
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with poles at the same points and a period of 2%. The modulus of the function 

(79) will be bounded if its poles are isolated by small circles of the same radius, 

which can be as small as we please. 

Let us return to the function (77) and adopt as the contour the circles Cn, 
centres the origin and radii (n + 1/2) z. These circles satisfy the condition (67). 
Also by taking @ sufficiently small (for example, smaller than 7/2), we can 
say that the circles C,, will not pass through the circles 4,, which are isolated 
in the plane; hence as a result of the above proof, the modulus of the function 
(77) will be bounded. The same can evidently be said about the function 


f(@)=cot2—+, (80) 


for z7! tends to zero as z — oo. It can readily be seen that the function (80) 
no longer has a pole at the origin z = 0 and we can therefore apply the expansion 
(75) to this function. We then calculate the infinite parts of the function (77) at 
its poles z = kz. Each of its poles will be a simple zero of sin z and the resi- 
due at this pole will be calculated by the usual formula 


cos zZ 


= =; 
(sin 2)’ |z=kn 


Tk 


Hence the infinite part of the function (77) at the pole z = ka will be 


1 

z— ka 

In particular, at the pole z = 0 the infinite part will be z~! and therefore 

the function (80) will no longer have a pole at z = 0. With regard to the other 

poles z = kz, the infinite part of the function (80) will be the same as for the 

function (77). If we are to apply formula (75) f(0) romains to be calculated. 

Function (80), which is an odd function, can be expanded as follows near 
z=0: 


(œ=0, 41, 42, 332): 


{@D=nZ+ MB H. 
from which it follows directly that f(0) = 0. Formula (75) finally gives 


(eB): ev 


where the accent above the symbol of the sum shows that the term correspond- 
ing to k = 0 is excluded. 

It can readily be proved that the series on the right-hand side will converge 
absolutely and uniformly in any bounded part of the plane providing the first 
few terms with poles in this part of the plane are rejected. In fact, the general 
term of the series will be 


1 to 
cotz =- + Dp 


k=—-o@ 


ee o 
(z — kx) kz’ 
In any bounded part of the plane we have |z| < M; if we assume that the 
absolute value of & is sufficiently large we can write: 


a e 
z (z — Mk-})° 


ee 
(z — kn) kn 





1 
|< 
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The coefficient of 1/k* tends to a finite limit 1/2? as k increases indefinitely, 
and the series 


as we know, is convergent. Consequently [I, 147] the series (81) converges 
absolutely and regularly in any bounded part of the plane. 
If in formula (81) we substitute zz for z, then 


1 to 1 1 
neotm=>+ 3” (rtr) (81,) 


Grouping together in pairs terms which refer to values of k, which have 
opposite signs but the moduli of which are equal, we can rewrite this for- 
mula as follows: 


LoS 2z 
neotnz = moe 2 a on 
In exactly the same way the following formula can be proved 


we t+ SF chta 


sin 72 l 
= g 





Differentiating the uniformly convergent series (81) we also have the formula 


n 1 te l TS 1 
ma at A Ge 2.6 


k=- > k=— 





We recall that the above formulae were deduced by a different method in 
the theory of trigonometric series [II, 145]. 


66. The construction of meromorphic functions. We shall now deal with the 
construction of a meromorphic function when its poles a, and infinite parts 
at these poles are given by 


a (=a) (k=1,2, ...). (82) 





If only a finite number of poles a, (k =1, 2, ..., n) are given, then the function 
£ 1 
ro- Sales) 
Ži 2 ag 


will give the obvious solution of the problem, where the above function is a 
rational fraction. Let us now suppose that we are given an infinite number of 
poles a; and a corresponding number of infinite parts. We saw in [64] that in 
every bounded part of the plane there must only be a limited number of poles 
which can be numbered in the order of non-decreasing moduli, i.e. 


la| <la] <... (lanl > + )- 
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There are no further restrictions as to the position of the poles or the given 
infinite parts. We only suppose that there is no pole at z = 0 among them. 

Every infinite part (82) represents a function which is regular in the circle 
-|z| < |a|, in which it can be expanded into a McLaurin’s series: 





a (= L ) = al) + a2 + a2? +... (2< lapl). (83) 
es 
Take any sequence of positive numbers £y which form a convergent series: 
È r (84) 
k=1 
As a result of the uniform convergence of the series (83) in the circle [13] 
1 
|z| < -lal 


we can take a segment of this series 


ae) =a pazapa h, 








such that 
I 
Jal) ao < ep in the circle |z| < + | axl. (85) 
Z — dy 2 
Construct the series 
> [e (2a) - 4] 
ie — a (2 86) 
g (2) > [% (=z a (2) ( 


and consider any circle Cg, centre the origin and radius R. Since | a, | — + œ 
there exists an N such that R < (1/2) | a, | when k > N, and for these values of k 
the inequality (85) holds in the circle Cp; consequently, as a result of the con- 
vergence of the series (84), series (86) is absolutely and uniformly convergent 
in Cp, providing its first N terms are rejected. These first N terms give poles 
ap in the circle Cp with infinite parts (82). An absolutely and uniformly convergent 
series will give a regular function in Cp. Owing to the fact that the radius R 
is arbitrary we see that the sum (86) solves the problem of constructing a 
meromorphic function from its given poles and infinite parts. Notice that the 
polynomials g,(z) do not add new characteristics. 
If the pole z = 0 is also given and its infinite part is 


1 
a(2) 
then it is sufficient to add this infinite part to the series (86). This solution 
of the problem is due to the Swedish mathematician Mittag-Léffler. 

In [64] we gave a formula for the expansion of a meromorphic function into 
partial fractions, when certain additional assumptions were made. We shall now 
give an analogous formula for the general case. 

Let f(z) be a certain meromorphic function. By using the method given 
above we shall construct the meromorphic function p(z) which has the same poles 
and infinite parts as f(z). This meromorphic function g(z) will be given by a 
formula similar to (86). The difference f(z) — p(z) must be a regular function 
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in the whole plane (except at z = oo). Such a function is called an integral 
function. It is expressed in the whole plane by a McLaurin series. Putting 


Fe) — e (2) =F), 


we obtain the following formula for the meromorphic function: 
I a 1 
f@)=F()+a()+ ¥ [alao], (87) 
k=1 — ak 


where F(z) is a certain integral function. This last formula is of great interest in 
theory though it is more convenient to use the formulae (75) and (76) in particular 
cases. If F(z) is any integral function then (87) gives the general formula for 
all meromorphic functions for which the poles and infinite parts are given. 


67. Integral functions. As we said above an integral function is a 
function which is regular in the whole plane. It is expressed in the plane 
by a McLaurin’s series. If this series is disrupted then the function is 
simply a polynomial. Otherwise the point at infinity will be an essential 
singularity of our function and in this case the function is sometimes 
called an integral transcendent function. The functions e? and sin z 
are examples of integral transcendent functions. In future we shall 
simply use the term “integral function”. 

We know that every polynomial has zeros. An integral function 
must not necessarily have this property. For example e” has no zeros 
at all. We will now construct a general expression for integral 
functions without zeros. Let g(z) be a certain integral function. In this 
case the function 

f(z) = £ (88) 


is an integral function without zeros. Let us show, conversely, that 
every integral function f(z) without zeros is of the form (88), where 
g(z) is a certain integral function, i.e. formula (88), where g(z) is any 
arbitrary integral function, gives the general form of integral functions 
f(z) without zeros. 
When the integral function f(z) has no zeros then the function 
£ (2) 
f @) 
will also be an integral function. When integrating this integral 
function we also obtain an integral function 


gl) = [LE dz = log f (2), 
from which (88) follows directly. 
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Suppose now that the integral function f(z) has a finite number 
of zeros, other than z = 0: 


Z = Gy, Dy, - ++) Om: 


where multiple zeros are counted as many times as there are units 
in their number. The relationship 


fe: 7). 


k=1 


m 
where the symbol J{ denotes a product, which embraces all integral 
k=l 
values of k from 1 to m, is an integral function without zeros, i.e. it 


has the form (88). We therefore have the following expression for 
our function f(z) 


= ef I (a 2 =): (89) 


where g(z) is a certain integral function. 
Let us suppose that the point z = 0 is not a zero of f(z). If this point 
is a zero of order p, then in place of formula (89) we must have 


f(z) = e&@ zP UT (i- =): (90) 


In the most interesting case when f(z) has an infinite number of 
zeros, we can no longer apply formula (90) directly, for on the right-hand 
side we have an infinite product, which may not have any meaning. 
To make this product convergent we have to add to the factors 
(1 — 2/a,) additional exponential factors which do not introduce new 
zeros but make the infinite product convergent. 


Let us investigate this for sin z. Rewrite the formula (81): 
+o 


1 7 
oeng. 2 Gam tT) 

In this case both sides will be regular at the point z = 0 and we can integrate 
the infinite series term by term, from z = 0 to the variable point z. As a resuit 
of integration we have 


sin z [2=2 


lo a flog {z — kn) + el. ie 


z= o pé 





or, taking the principal value of the logarithm in the neighbourhood of the origin 


z 


. +o a 
log 22 y [tog (-%) +% 


k=- 
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Hence, discarding the logarithms, we obtain an expression for sin z in the 

form of an infinite product: 
; + 2\) & 
sinz=2 Jf’ (1-4) (91) 

where the accent above the symbol of the product shows that the factor cor- 
responding to k = 0, has to be excluded. In this case factors of the exponential 
type e/** guarantee the convergence of the infinite product. 

Grouping together in pairs factors corresponding to values of k the moduli 
of which are equal, we have: 





; xa 2? 
ae (l-r) (92) 
Substituting zz for z we can rewrite the formula in the following form 
sin az be z? 
=e (1-z)- (93) 


To give a more detailed explanation of the expansion of an integral function 
into an infinite product we have to explain certain basic facts about infinite 
products. 


68. Infinite products. Consider the infinite product 


TT = 1% ++ (94) 
k=1 
where cą are certain complex numbers, other than zero. The con- 
vergence of the product (94) is analogous with the convergence of a 
series. Let us construct the finite products: 


n 
Pa = [{ n= 1% --- Cn (95) 
k=1 


If, as n increases indefinitely, the product P, tends to a finite 
limit P, which is not zero, then the infinite product (94) is said to 
be convergent and its limit is P. 

If there are zeros among the numbers cp, then the infinite product 
(94) is said to be convergent if, after the exclusion of the zeros, the pro- 
duct remains infinite and convergent in the above sense. In this case 
the value of the infinite product with zeros is taken to be equal 
to zero. The above remark, that the limit P of the product P, should 
not be zero was made so that infinite convergent products should 
have the usual properties of finite products, viz. they should be 
equal to zero only when at least one of the factors is zero. 
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Let us suppose that all of the terms of the product (94) are other 
than zero and construct the infinite series: 


Š loge, (96) 
k=l 


where the value of the logarithm in every term is determined in 
a certain way. The sum of the first n terms of the series (96) will be 


S,= S log cy. (97) 
k=1 


Suppose that for certain values of the logarithms the series (96) 
is convergent, i.e. a limit 9, —> S exists. Formula (95) gives P, = e°”, 
and consequently, there is a limit P, —> ef, other than zero, i.e. it 
follows from the convergence of the series (96) that the product (94) 
will also be convergent. Conversely, let us now suppose that the 
infinite product (94) is convergent, i.e. there is a limit P, —> P, other 
than zero. We determine the values of the logarithms in the series (96) 
in such a way that the right side of formula (97) always contains 
the principal value of the logarithm of the product ¢,c,... €n: 

Sa = log | €363 ... Cp | + targ (C3 C3 -> Ca), 
where 
— T < arg (6,6, ...¢,) S T. 


In thus case S,, will also tend to a definite limit, viz.: 
lim S,, = log | P | + ¿arg P = log P, 


and, consequently, the series (96) will be convergent. 

We are assuming all the time that P is not a real negative number, 
for arg P lies in the interval (— z, +7). When P is a real negative 
number we should select the amplitudes in such a way that arg (c,¢,... 
cn) would be confined to the interval (0,27). The proof would be 
the same as above. 

We thus arrive at the following general proposition: if all the 
numbers cp are other than zero, then for the infinite product (94) to be 
convergent it is necessary and sufficient that the series (96) should be 
convergent when the values of the logarithms are determined in a certain 
way. This infinite product will be equal to 


Paes, (98) 
The general term of the series (96) will be: 
log c, = log | c,| + i arg cy 
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Hence, discarding the logarithms, we obtain an expression for sin z in the 
form of an infinite product: 


z 
snz=2 I” (1-Z) ek, (91) 
where the accent above the symbol of the product shows that the factor cor- 
responding to k = 0, has to be excluded. In this case factors of the exponential 
type e7/** guarantee the convergence of the infinite product. 

Grouping together in pairs factors corresponding to values of & the moduli 
of which are equal, we have: 


22 
sine =2 J] (- ta) (92) 
Substituting zz for z we can rewrite the formula in the following form 
=e (1-4). (93) 


To give a more detailed explanation of the expansion of an integral function 
into an infinite product we have to explain certain basic facts about infinite 
products. 


68. Infinite products. Consider the infinite product 


TD =a. (94) 
k=1 
where cą are certain complex numbers, other than zero. The con- 
vergence of the product (94) is analogous with the convergence of a 
series. Let us construct the finite products: 


n 
Pa = [T= 1 e+ ++ On (95) 
k=1 


If, as n increases indefinitely, the product P, tends to a finite 
limit P, which is not zero, then the infinite product (94) is said to 
be convergent and its limit is P. 

If there are zeros among the numbers cx, then the infinite product 
(94) is said to be convergent if, after the exclusion of the zeros, the pro- 
duct remains infinite and convergent in the above sense. In this case 
the value of the infinite product with zeros is taken to be equal 
to zero. The above remark, that the limit P of the product P, should 
not be zero was made so that infinite convergent products should 
have the usual properties of finite products, viz. they should be 
equal to zero only when at least one of the factors is zero. 
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Let us suppose that all of the terms of the product (94) are other 
than zero and construct the infinite series: 


Ss log cx, (96) 
k=1 


where the value of the logarithm in every term is determined in 
a certain way. The sum of the first n terms of the series (96) will be 


Sa = > logor. (97) 
k=1 


Suppose that for certain values of the logarithms the series (96) 
is convergent, i.e. a limit 9, —> S exists. Formula (95) gives P, = e**, 
and consequently, there is a limit P, —> es, other than zero, i.e. it 
follows from the convergence of the series (96) that the product (94) 
will also be convergent. Conversely, let us now suppose that the 
infinite product (94) is convergent, i.e. there is a limit P, — P, other 
than zero. We determine the values of the logarithms in the series (96) 
in such a way that the right side of formula (97) always contains 
the principal value of the logarithm of the product c,c,... cn: 

Sa = log|c,e. - - - Cn | + barg (C3 C3 -+ + Cn)» 
where 
— N< arg (C103 - -+ Cn) <S T. 


In thus case S, will also tend to a definite limit, viz.: 
lim S,, = log | P | + i arg P = log P, 


and, consequently, the series (96) will be convergent. 

We are assuming all the time that P is not a real negative number, 
for arg P lies in the interval (—z, +2). When P is a real negative 
number we should select the amplitudes in such a way that arg (c,c,... 
Cn) would be confined to the interval (0,27). The proof would be 
the same as above. 

We thus arrive at the following general proposition: if all the 
numbers cy are other than zero, then for the infinite product (94) to be 
convergent it is necessary and sufficient that the series (96) should be 
convergent when the values of the logarithms are determined in a certain 
way. This infinite product will be equal to 


P=es: (98) 
The general term of the series (96) will be: 


log cy = log | c,| + i arg ck 
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and, bearing in mind that the general term of a convergent series 
tends to zero, we should, in any case, have arg cy, —> 0, i.e. the series 
(96) can only be convergent providing that, by starting from a certain 
place, we take the principal values of logarithms. The determination 
of the values of logarithms for a finite number of the first few terms 
can, naturally, have no effect on the convergence of the series and 
will only add 2mzi to the sum of the series, where m is a certain 
integer. This additional term will not alter the value § and, accord- 
ing to the formula (98), it will not affect P. Therefore the determina- 
tion of the values of logarithms in the series (96) is only significant 
in so far that by starting from a certain place which can be chosen 
arbitrarily, only the principal values of logarithms should be taken. 

Let us now consider the infinite product, the terms of which are 
integral functions of z: 


F (2) = [J (2) = u (2) - ty (2)... (99) 
k=1 


We take a circle Cp in the z-plane, centre the origin and radius R. 
Suppose that for any R the terms u,(z), starting with a certain value 
of k, no longer have zeros inside the circle Cp. Let, for example, 
this start with k= k, for the given radius R (this number will, 
generally speaking, depend on R). Consider the infinite series 


S (z2) = > log ug (2), (100) 
k=! 


which can be rewritten as follows: 
ke1 


D 108 u% (2) + > log uz (2). (101) 
k=1 kak 

The terms of this latter sum are regular and single-valued functions 

in the circle Cp, for u,(z) does not vanish in this circle. Assume that 

for a certain set of values of these regular functions log u,(z) the 

latter series will uniformly converge in the circle Cr. Denoting its 

sum by f,,(z), where /, (z) is a certain regular function [12] we have: 


Z i 
II 0) =, TT %(2), 
= k=1 


i.e. in this case (99) will be a regular function in the circle Cp and 
its zeros inside the circle will be determined by the zeros of the terms 
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u,(z), when k < ky. Since R is chosen arbitrarily, we can, in general 
say that if the series (100) converges uniformly in any confined part 
of the plane (when the first few terms are excluded which is unimportant ) 
the infinite product (99) will be convergent in the whole plane; it is an 
integral function and its zeros are fully determined by the factors u,(z). 
Differentiating the uniformly convergent series (100) we obtain: 





S= S uk (2) 





Gm (e) : 
but 
F(z) =e® and F’(z)=S' (z) F(z), 
i.e. 
Fj =Fe St z : (102) 
kz 


This formula shows that when the series (100) is uniformly con- 
vergent, the infinite product (99) can be differentiated as shown 
by (102), which is analogous to the differentiation of a finite product. 


69. The construction of an integral function from its given zeros. 
Using the above considerations we can construct an integral function 
from its given zeros. Notice, first of all, that the zeros of an integral 
function cannot have limit-points at a finite distance. If such a point 
z = were to exist, i.e. if any small circle with the centre at z = c 
contained an infinite number of zeros of an integral function, then 
it would be identically zero [18]. Repeating the same arguments 
as in [64] we can see that, in any case, the zeros a, of the integral 
function can be grouped in the order of their non-decreasing moduli: 


Cee 


where |a@,|— +œ as n— ©. Notice that if a certain number a 
appears q times among the numbers a,, this shows that the corres- 
ponding zero a is a zero of order q. We are also supposing, for the 
moment, that z = 0 does not appear among the given numbers aç. 

We will only consider one particular case which is of great practical 
importance, viz. when a, moves towards infinity so quickly that a 
positive number m exists, such that the series 


<; 


is convergent. We assume that m > 2. 


1 


| ay 





(103) 


\" 
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Let us construct the infinite product: 
ee z) 2+2(2)'+..4+445(2)"" 

F (2) E ( -ž) e% 2 \dk m ak (104) 
and show that it will satisfy all the conditions mentioned in the previous 
section. Consider a certain circle Cp such that starting with a 
certain symbol k = k, the numbers a; will lie outside the circle Cp, 


Then when k> k, the terms of the product (104) will have no zeros 
in the circle Cp and for any z in Cp we will have: 


lZ\<e<1 (k > ko), (105) 


where # is a definite positive number smaller than unity. Consider 
the series (100) in this case: 


2 log| (1 an = Jer * sa tet meas me (108) 


From (105) we can use the expansion of a logarithm into a power 
series and for this determination of the logarithm we obtain the fol- 
lowing formula for the series (106): 


een a 


k=k, s=1 
ZS |- +r -zr A = sak 
ce m \ ay m+1 \a, 


Consider the general term of this series 


l fzr 1 z \mt+l 
4 (2) = — ae (=) ` mF (=) = 
We obviously have: 


1 m+1 


| % (2)| < = 


m l 


t mF 


z 


zZ 
ak 


ak 


a a 














or, from (105) taking (1/m)|z/a,|" outside the brackets and bearing 
in mind that in the circle Cp |z| < R: 


| Vr (2 hesr rO -> 


i.e. 
R" 1 
m(1— 8) Jaf" 
As a result of the convergence of the series (103), the positive num- 
bers on the right-hand side of the above inequality form a convergent 


| % (2)| < 


69] THE CONSTRUCTION OF AN INTEGRAL FUNCTION FROM ITS GIVEN ZEROS 263 


series and, consequently, series (106) will be absolutely and uniformly 
convergent in the circle Cg. We can therefore say that the infinite 
product (104) is an integral function and that its zeros are determined 
from the zeros of the factor (1 — 2z/a,), i.e. the numbers a, are the 
zeros of this integral function. 

If we have any arbitrary function f(z) the zeros of which are a,, 
then the quotient f(z): F(z) will be an integral function without 
zeros, i.e. this quotient will have the form e® and we will have the 
following formula for the integral function f(z): 


fey =e 77 (1-2) ea HG) tm)”, (107) 


a 
k=l k 


where g(2) is a certain integral function. We have so far that the point 
z= 0 is not a zero of the function. If this point is in fact a zero of 
order p, then we should add the factor 2” to the right-hand sides 
of the formulae (104) and (107). 


Let us consider, for example, the function sin z. It has a simple zero 
z = 0 and zeros simple z = kz (k = +1, +2,...). 
In this case we have m = 2, so that the series 
+e 1 


r 


r2 o TenF 


as we have already said above, is convergent. Using formula (107) and adding 
the factor z we have 


z 
sinz =€ z i Q-g)* , 


The integral function g(z) cannot be determined from the above considera- 
tions. The results [67] show that in this case the function is identically zero. 
Note that when m = 1, i.e. the series below is convergent 


DY 
k=1 





we can by using the same arguments as before, write instead of formula (107): 


He = If (1-Z). 


We shall give more examples of the application of formula (104) later; it 
is usually known as the infinite product of Weierstrass. 

It may happen that the numbers a, are such that the series (103) will be 
divergent for any positive m. This will happen if we suppose, for example, 
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that a, = log (k + 1) (k = 1,2,...). In fact a series with the general term 
[log (k + 1)]’™ will be divergent for any positive m, so that the sum of its 
first few terms is greater than 

k 


[log (k +1)]™ ’ 


and this latter expression can easily be shown to grow indefinitely with k by 
applying, for instance, l’Hépital’s rule [I, 66]. If the series (103) is divergent 
for any positive m we can construct the infinite product: 


U (2 = =] %0 | (108) 
ak 
k=1 
where 
z3 ze 
EE 


m 
2a ™, ay k 





Qe) = + 


and m, depends on k. Repeating the above inequalities we can see that the 
infinite product (108) will be convergent providing that the series given below 
is convergent for any R > 0 

bed R \m+1 

2 (te) 


kar \ 1% | 


For this purpose it is sufficient to take m, = k — 1. In fact, applying Cauchy’s 
analysis [I, 121] to the series 
œw R k 
2 (TaT) 


1 axl 
we obtain 
k 


Vea) = Ta 

—|] =-— - 0, 

| a | | a | 

i.e. the series does, in fact, converge. It can be shown that the series will be 


convergent providing mą is so chosen that the inequality m, + 1> log k 
holds. 


70. Integrals which depend on parameters. In future we shall have 
to determine functions in the form of integrals which depend on 
parameters. We have already met these functions in [61]. We have 
also considered this problem for real variables and determined condi- 
tions for such a function to have a derivative and when differentiation 
under the integral is possible [I], 84]. 

We shall now consider an analogous process for complex variables. 

THEOREM. Let f(t, z) be a continuous function of two variables t and z, 
where z belongs to the closed domain B with contour l and t to a finite 
interval a < t < b of the real axis. Also f(t, z) is a regular function of 
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z in the closed domain B for any t in the above interval. In this case the 
function w(z) given by the inequality: 


b 
œ (z) = f f (t,2) de, (109) 


is a regular function in B; when evaluating its derivative we can 
differentiate under the integral, i.e. 


b 
w’ (2) = [%2 dt. (109,) 


According to Cauchy’s formula we can write: 


f(t 2) =, £2 a 
i 





2ni z’ —z 


where z lies inside B and ¢ is any point in the interval a <i < b. 
Consequently: 
b 
1 t, 2” 
o(d) = [z Hez?) az) at. 
a I 
When integrating a continuous function we can change the order 
of integration [II, 78 and 97]: 
f(t, 2’) dt 
1 , 
0 (2) = a7 | ag 
i 
This formula gives w(z) in the form of Cauchy’s integral and, con- 
sequently, «(z) is a regular function in B; its derivative is determined 
by the formula [8]: 


Rtg 





b 
ff (t2’) de 


270 (z’ — z)* 
I 


w (z) = dz’. 


Changing the order of integration we can write: 


wt) =| [aby [Lee ae, 


Pmi } (Z —2) 
I 





According to Cauchy’s formula, the expression in the square 
brackets gives the derivative Əf(t, z)/dz, the above formula is the same 
as formula (109,) and the theorem is thus proved. Notice that we 
could have assumed that ¢ varies not within a finite interval (a, b) 
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of the real axis but along any finite curve. This would not have altered 
the proof of the theorem. Notice also that in the above proof the 
integral 


b 
$ f@2’)de, 


which appears in the numerator of Cauchy’s integral for œ(z), is a 
regular function of z onl. This is directly due to the fact that f(t, z) 
is given as a continuous function of its two arguments [II, 80]. 

Let us now consider indefinite integrals. To prove the theorem for 
this case it is sufficient to add the condition that the integral (109) 
must be convergent. To be more specific, we will consider the integral 
in the infinite interval (a, +), but the proof is equally valid for 
other kinds of indefinite integrals. 

THEOREM. Let f(t, z) be a continuous function of two variables, where 
z belongs to the closed domain B and t > a. Also f(t, z) is a regular function 
in the closed domain B for any t > a and the integral 


{ f (t, z) dé 


is uniformly convergent with domain to z in the closed domain B. Then 
w (2) = f f (t, z) dé (110) 
a 


is a regular function of z in B and 
w (2) = [HER at. 
a 


Construct the sequence of functions 


ay 
wn (2) = f f(t,2) dt, 


where an is any sequence of numbers greater than a, which tends to 
(+œ). It follows from the theorem we have just proved that œn(2) 


is a regular function in B and 
an 


, of (t, 
w, (2) = [a dt. 
a 
It follows from the condition of uniform convergence of the integral 
(110) that œn(z) tends uniformly to the function w(z) as given by 
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the formula (110) and, according to Weierstrass’s theorem, this 
function w(z) is a regular function in B; also w,(z) > (2), i.e. 


7 Of (t, z) 
lim | Jz dt = w’ (z) 
when a, tends to (+œ) in any manner. It follows from this that 
w (z) = foe dt, 
a 
where the integral on the right-hand side must have a meaning. The 
theorem is thus fully proved. 

In this proof of the theorem we could have assumed that integration 
with respect to ¢ takes place along a certain infinite contour C. Such 
an indefinite integral must be taken as the limit of integrals along 
finite contours which form part of the contour C. This theorem 
applies, word for word, to indefinite integrals in which the integrand 
f(t, 2) becomes infinite, for example, when ¢ approaches a. 

Notice, finally, that the following rule which gives the sufficient 
condition for the integral to be absolutely and uniformly convergent 
applies [II, 84]: if we integrate with respect to ¢ along the real axis 
and if, when t >a and z belongs to the closed domain B, the inequ- 
ality | f(t, z) | < g(t) is valid, when the integral 


fp (ae 


is convergent, then the integral (110) will converge absolutely and 
uniformly. Absolute convergence is determined in exactly the same 
way as for the real f(t, 2). 


71. Euler’s integral of the second class. Consider the function given 
by Euler’s integral of the second class: 


F(z) =Sete#dt, (111) 
ò 
where #-! = e@-)'08! and the real value of the logarithm of the 


positive number ¢ is taken. We write the above integral as the sum 
of two integrals: 


1 æ 
D(z) = fete-tde + f e~t dt. (112) 
0 I 
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Consider, first of all, the second term on the right-hand side: 


o (2) = f orm dt. (113) 


When ¢ > 1 the integrand: 


ent #-1 = e—t+G@—l) logt (1 14) 


is a continuous function of ¢ and z for any z and ¢ > 1, and it is an 
integral function of z for any ¢ > 1. Suppose that z belongs to a 
certain confined domain B of the z plane and that z = z + ty. In the 
closed domain B the abscissa has its greatest value which we denote 
by zo. Bearing in mind that log t > 0 whent > 1 and that the modulus 
of the exponential function 2% with a purely imaginary index is 
unity, we obtain for z in B: 


| et g-t | as l e—t+(x—1) log t+iy log t| < e—tt(xo—1) log? — e— {%o-1 i 


The integral 
fe~ ¢*o—1 dt 
i 


is convergent [II, 82], and consequently the integral (113) is 

uniformly convergent with respect to z in B. Bearing in mind the 

second theorem of the previous paragraph and our complete freedom 

in choosing B we can say that w(z), as given by formula (113), is an 

integral function which can be differentiated under the integral. 
Consider now the first term of the formula (112): 


g (z2) = fete dt. (115) 
6 


In this case the continuity of the integrand (114) may be disrupted 
when ¢ = 0, for logt, when ¢ = 0, becomes (—°). As before, the 
modulus of the function (114) will be: 


et xl, 


If x > 1 when ¢ = 0, then the continuity of the integrand will not 
be disrupted and, applying the first theorem of the preceding section, 
we can see that the function (115) will be regular when z > 1, i.e. 
when it lies to the right of the line x = 1. We shall now prove that 
it will also be regular when it lies to the right of the imaginary axis. 
In fact, take any finite domain B to the right of the imaginary axis. 
Let z, be the smallest abscissa of points of the closed domain B. 
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Since the closed domain lies to the right of the imaginary axis 
zı > 0. bearing in mind that logit <0, when ¢ < 1, we obtain: 


| e` vi | < et Pal, 


if z lies in B. But when z, > 0 the integral 
1 
fect 1-1 dt 
0 


is convergent and, consequently, as before, the function (115) is 
regular to the right of the imaginary axis and can be differentiated 
under the integral. It follows from all that was said above that 
formula (111) determines a regular function T(z) to the right of the 
imaginary axis. 

We shall now analytically continue the function to the left of the 
imaginary axis and show that T(z) is a meromorphic function with 
simple poles at the points 

z=0,—1l,—2,... (116) 
Owing to the fact that the second term on the right-hand side of the 
formula (112) is an integral function, we have to deal with the 
function (115). 

Along the finite interval 0 < ¢ < 1 the function e~ can be expanded 
into a uniformly convergent series: 


t i 
eC = > (- iy ’ 
n=0 
where, as always, we take 0! = 1. Multiplying by ¢7~* and integrating 
by parts along the interval (0, 1) we obtain: 
! hte 


fran e 


nl t=0° 
0 





We suppose that z lies to the right of the imaginary axis and, 
consequently, the real axis (n + z) is positive and ¿"+7 = 0 when 


t = 0, ie. 
1 


prag SD, 
fe (7 dt= = rt 
We thus obtain the following expression for T(z) to the right of the 
imaginary axis: 


GaP TAA 
r= 3S zat fe dt. (117) 
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Owing to the presence of n! in the denominator, the infinite sum 
on the right-hand side will be absolutely and uniformly convergent in 
any bounded part of the plane, providing the first few terms, with poles 
at the points (116) are rejected. This sum will, consequently, give a 
meromorphic function with simple poles (116) where the residue at 
the pole z= —n is (—1)"/n!. The second term on the right-hand side is, 
as we have said already, an integral function. The right-hand side of 
formula (117) thus gives the analytic continuation of the function T(z) 
in the whole plane of the complex variable z, which formula (111) only 
defines to the right of the imaginary axis; I'(z) appears to be a mero- 
morphic function with simple poles (116) and with a residue (—1)"{n! 
at the pole z = —n. The values of Iz), when the argument is a 
positive integer, can readily be obtained. Assume that z =n + 1, 
where n is a positive integer. We obtain in this case [II, 81]: 


P(n+1) = fortede =nl 
ò 


and 


(1) = fertdt=1. 
0 


Hence values of T(z), when z is a positive integer, give the factorials 
of integers: 


PQ) =1; T(n+1)=a! (n=1,2,8,...). (118) 


We shall now derive the fundamental properties of the function 
T(z). Assuming that z > 0 and integrating by parts we have: 


PS ck Sh ae r_at? T atzi 
PEDESE tdt =[ Og 258 #-1 de, 


PF (z+1) =z (2). (119) 


We have proved this equality only for the right side of the real axis. 
However, if two analytic functions coincide on a certain line, then 
they coincide everywhere [18] and, consequently, we can take it 
that the formula (119) is established for all values of z. Let n be a 
certain positive integer. Applying formula (119) several times we 
obtain a more general formula which is valid for all complex 2z’s: 


P(iztn)=(e+n—1)(e+n-—2)...(24+])) 2f (z). (120) 
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Let us now suppose that z lies within the section (0, 1) of the real 
axis, and return to the fundamental formula (111); we replace the 
variable of the integration t by u, where t = u?. We thus obtain 
the following results: 


T(z) = 2 f et u7 du. 
ò 


Substituting 1 — 2 for z we can write: 


ao 
r(1—2) =2fe =? yl—2z dy, 
ò 


Hence, by multiplying these equations together, we obtain: 
Trz) Tr (1—z =a fe -urm ( y- ! du dv. (121) 


The integral on the right-hand side can be treated as a double 
integral in the plane (u, v), where the domain of integration is the 
first quadrant, i.e. that part of the plane where u > 0 and v > 0. 
We now introduce polar coordinates in place of u and v: 

u=ecosy; v=esing. 

Formula (121) can be rewritten in the form: 


T(z) (1—2z)=4 f f e-@ cot?! pode dg, 


Ou nya 


O, 


where we integrate with respect to ọ from 0 to +œ and with respect 
to p from 0 to 2/2, i.e. 


z Š 
Fari-z= 4f cot ?7— p dọ fem" o do. 
9 0 


It can easily be seen that 


[ted = g. 
ò 
and consequently 


2 
T(z) T (1 — z2) = 2 f cot- p de. 
0 
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We now replace » by a new variable, according to the formula 





— dr 
= t ` d => a 
g =arc cot Vz; do TET 
The above result can, in this case, be rewritten as follows: 
tal 
rera -— 2) = Zax. 
ò 


But, as we know from [62], the integral on the right-hand side is 
equal to zj/sinzz, and consequently we obtain the following formula: 


F(a r(1— 2)= 





sin nz ` (122) 

We have proved this formula only for the section (0, 1) of the rea 
axis. But, as before, using the process of analytic continuation, 
we can show that it is valid for all z’s. 

Formula (120) enables us to transform the evaluation of T(z) for 
all real values of z to values of T(z) on the section (0,1). Formula 
(122) makes it possible to transfer the section (0,1) to the section 
(0, 1/2). Assuming z = 1/2 in the formula (122) we obtain: 


r{(5) aes = |x. (123) 


72, Euler’s integral of the first class. Euler’s integral of the first 
class is an integral of the following form: 


B (p,q) =i xP- (1 — x) da. (124) 


As in the case of the integral (111) we suppose that the real parts 
of p and q are greater than zero and also that: 


Pt (l — x)i = e(P—1) log x+(q—1) log ax), 


where real values of the logarithms are taken. 
Replacing x by a new variable ¢, according to the formula t = 1 — x 


we obtain in place of (124): 
1 


B (p.49) = 1 emt (1 — tP- dt, 


i.e. 


B (p, 9) = B (4, p). (125) 
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We will introduce yet another formula which explains the funda- 
mental property of the function B(p, q). Integrating by parts we can 


write: 
1 


1 
x æ (1 — z) ]*=1 q = 
P—l(] — g)! a2) n +] xP (] — 1 
|a= —2)¢de [ > i+ 4 (1 — z) dz. 
0 o 
As a result of the assumptions wə made with regard to p and q we 
can say that the term outside the integral is zero and that the above 
formula gives us the following property of the function B(p, q): 


B(pg+1)=4 Bp +1,9). (126) 


We will now establish the connection between the function B(p, q) 
and the function (111). Applying the same transformation as in the 
previous section we can represent the product I(p) F(q) in the 
form: 


T (p) P(g) = at fF ereateen u?P—! y°4—] du dv 
ò ò 


and introducing polar coordinates we obtain 


kid 


æ 2 
T (p) T (g) = 4 f e 0+0- do f cos?—! g sin™—! pdg. 
ò ò 


Replacing ọ by a new variable ¢ according to the formula 9 = Yt, 
we can write 


f e—e p2(P+)—-1 do = = fet pet+q-1 dt — ST (p +4). 
ò ò 


and consequently: 


a 


2 
T (p) T (q) = 2I (p + 9) f cos’?! g sin% o do. 
0 


If pọ is now replaced by a new variable of integration 2 where 
xz = cos? g, then the above relationship gives 


1 
P(p) P(g) =T (p +g) f 24 (1 — 2) de, 
ò 


and this gives a formula where B(p, q) is expressed as a function 
of T(2): 


rr 
B (p, 9) = Te. (127) 
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73. The infinite product of the function [I (z). Let us return 
to the fundamental definition of the function T(z) as given by the 
formula (111) and assume, for the sake of simplicity, that z > 0. 
The factor e~' is, as we already know, the limit as n->oo of the 
expression [I, 38] 

Ee E E 4y 
e Slim (1 +) ; 
Replacing the interval (0, -+°°) by the finite section (0, n) we obtain 
the integral: 
n 
t\n z 
P, (2) =f(1 —<) -1 dt. (128) 
ð 

It is to be expected that as n increases indefinitely the integral 
will tend to an integral which appears on the right-hand side of 
formula (111). At the end of tbis section we shall prove this theorem 
in detail but for the moment we shall use its results. 

Replacing ¢ by a new variable t where t= nt. we can rewrite 
(128) in the form: 


1 
P, (2) = 7 f (1 — 1)" 1dr. (129) 
0 


We now suppose that n tends to +œ by taking positive integral 
values. Integrating by parts we obtain: 


1 
=1 n 


1 
f (1 — t) r7! dt = [= (1 — a + T fa — t)i rdt, 
0 0 
or, bearing in mind that the term outside the integral vanishes 
(z > 0): 
1 1 i 
f (1 — 1)” t7! dr = 2fa — ty t? dr = amla — t)” tdrt, 
ð 0 0 
Similarly, continuing to integrate by parts we obtain 
1 


1 
jo — t)” t! dt = ZETI) (1—1) rti dr, 


and, in general, we obtain the following expression for the integral 
(129) 


1 
2 a z-ld-_. 1-2...” 2 
wale tdt = ere y. efn 
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As n increases indefinitely the limit of this expression will be 
T(z), i.e. 


i 1-2...” z 
fig = era er (130) 
or 


1 : 1)... 
eT 
To alter the above expression slightly we multiply and divide it 
bye*t+1/?+...+1/") Having done this we can rewrite formula (131) 


as follows: 


1,1 ï 
1+5+2+...4+=— log 
Fe =i K 2 3 n Ee fe, 
1,1 1 
z+2 z+n re 
Peg oe Rae S 
or 
1 (1+4+5+...+}-1ogn)z n l z\ Z 
= = limje` ? 3 n zI[\1 t rje *. (132) 
T pee f 


As the integer n increases indefinitely the above finite product 
becomes an infinite product 


= Z \e2a = 
IT (t+ %)e"= (133) 
k=i 
The above infinite product is constructed in exactly the same way 
as Weierstrass’s infinite product [69] with in this case a, = —k and 
the series 


a 


converging when m=2. Hence on the right side of (132) the last 
factor tends to a definite limit (133). We will now show that the 
variable 


wmn=1 +4 +4 +.. $5 logn (134) 


also tends to a definite limit. To prove this it is sufficient to show 
that the variable 


Malt ptat o +p 8n =u, — h (135) 


has a definite limit. The variable uw, will obviously have the samt 
limit. Consider the branch of the hyperbola y = l/z in the firse 
quadrant. The number 1/k will be the ordinate of this branch when 
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x = k. Evidently log n is equal to the surface area bounded by our 
hyperbola, the OX axis and the ordinates z = 1 and z =n and 
the sum 


dtd tet ety 
represents the sum of the surface areas of outgoing rectangles with 
unit bases on the X axis (Fig. 64). It follows directly that the difference 
(135) increases together with n. On the other hand this difference 
must be less than the difference of the surface areas of the 
outgoing and incoming rectangles 
J and this latter difference is equal 
to (1 — ln). Hence v, will be 
an increasing bounded variable 
and, consequently, it has a limit. 
This limit C is usually known 
as Euler’s constant. It is equal, 
with an accuracy to the seventh 

decimal place, to 


C = 0.5772157... (136) 


Formula (132) finally gives us 
the limit 


1 zaoa ky E 
rg- aI! + ye . (137) 


On the right-hand side of the above formula is an integral function 
of z with simple zeros z = 0, —1, —2,... We established formula 
(137) only for the positive part of the real axis. As a result of the 
fundamental principle of analytic continuation we can say that it 
is valid for all values of z and we thus see that the function 1/I°(z) 
is an integral function and formula (137) represents it in the form of 
an infinite product. 

We have thus proved that 1/I(z) is an integral function and it 
follows directly that the function T(z) does not vanish anywhere, 
i.e. it has no zeros at all. 

Using the infinite product (137) we can easily prove the formula 
(122) in [71]. In fact, formula (137) gives us directly 





Fie. 64 


1 a 22 
T@res. T 2 IT (1 = 5) , 
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or, from (93) in [67]: 
1 = zsin nz 
T@r(-2 a 


Also formula (119) gives us the following if in it we replace z by 


(—2): a 
Teja- oS. 


Substituting this expression for I’(—z) in the above formula we 


F(z) (1 —2) =>. 





obtain formula (122): 


We now have to show that the integral (128) tends to the integral (111) as 
n increases indefinitely; it is sufficient if we prove this when z > 0. Let us 


first of all, find upper and lower bounds for the difference 
or) 

aj: 
It can readily be shown that the function 

pa e? (2 = =) 
n 


is a primitive for the function 
vlv 
Jas 


and consequently: 


AW ; 
1 —et(1 ~<) —{e (2 —-— 
n n 
0 
If 0 <£ <n, then the integrand is positive and therefore the same may be 
said about the left-hand side. Replacing under the integral e° by ef and 


n-1 
v v 
) — dv. 
n 


(1 — vojn)" ! by unity we obtain: 
a 2 
o<1—e(1— =) < of 
n 2n 


or 

n 2 
o<et—(1-<) Ze. 
n 2n 


(138) 


Construct the difference: 
n œw 
T (2) — Pa (2) = ffe x (2 = + Jea + fotata. 
n : n (139) 
n 


As n increases indefinitely the second integral on the right-hand side tends 


to zero because the integral 
Set? a 
0 
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converges. It remains to be shown that the first integra] will also tend to zero 
as n— œ. Fix n = n, so that 
a —t,z-1 Eg 
Je Uv dt < 7’ 


no 


where e is any arbitrarily chosen small whole number. 
We can write: 


[e = (1 z H dt = 
e — (2 — a) jea + {fet = (2 — +)’ y dt 


fle 


ome y 


and from (138): 


n no n 
n 
0 < ffe — (2 = =) |e dt < gr fena + fo~ t?—} dt, 
0 0 Tio 


where in the second integral on the right-hand side we have replaced the differ- 
ence by a single minuend. The integrand in this integral is positive so that, 
extending the interval of integration we obtain: 


n fo Ca 
n 
0< ffe = ę = =| | -dt <- fana + [ete dt. 
ò n 2n a : 


No 


When n is large the first term is less than </2, so that for all sufficiently large 
n’s: 
n 


n 
0< ffe = (2 = =) Jeter <E, 
. n 


0 


i.e. owing to the arbitrarily small < in formula (139) the first term will also tend 
to zero, i.e. in fact: 
n 


T (2) = lim (1 = yen dt. (140) 


Moe. 


Notice some other consequences of the formulae we have proved. 
Taking the logarithmic derivative of both sides of formula (137) we 
obtain: 


d 1 = 1 
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Differentiating both sides: 
d? = 1 
Using formula (130) we shall prove the so called doubling formula: 
2-1 P (2) r (z + 3) = VaT (22). (143) 


Expressing the functions I(z) and T(z + 1/2) by formula (130) and 
the function (2z) by the formula, derived from formula (130) by 
replacing n by 2n, we obtain: 


QI P (2) r (- + z) 
T (22) = 


1 
= lim 222—1 (nl)? 2z (22 + 1)...(22 + 2n) ttt 


n= co ant z (z +5) (z+ 1) (2+ )--e+m(e+2+5) : (2n)% 








or 
z—1 1 
rer (e+) Cim 2 im OO aaa 
T (2z) nao 2nl¥n n+» 22+ 2n+1` 
now : sa sL 
lim son pl T’ 


and we can see that the left-hand side of formula (144) is independent 
of z. Assuming z = 1/2 we obtain: 


IP) rfe + 2 
eee 


and from this follows formula (143). In exactly the same way as 
above the following, more general formula, can be proved: 


r@r(z+2)re +2). S r(e+75 j= 


m 





1 
= (27) À m3 ™ P (mz). (145) 


74. The representation of ['(z) by a contour integral. We will now 
give an expression for Jz) in the form of a contour integral which 
holds for all values of z. If z lies to the right of the imaginary axis 
then 


I (2) = fete. (146) 
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Consider the integrand 
e7ft2-1 = et e(@—Diogt (147) 


which is a function of the complex variable ¢. This function has a 
branch-point at t = 0. Make a cut in the ¢-plane along the positive 
part of the real axis ¢. In the cut plane function (147) will be single- 
valued; we have assumed that log tis real on the upper edge of the cut, 
i.e. we have assumed that arg t = 0 

y on this edge. Instead of integrating 

along the upper edge of the real 

axis, consider a new contour of 

integration l, illustrated in Fig. 

65. This contour starts at +2, 

surrounds the origin and returns 


EREA to +œ. We know from Cauchy’s 
x theorem that we can, without 
cig changing the value of the integral 
fe~ r- dt (148) 

l 


(f=) = e(7—1)logt) 
Fic. 65 . : 
deform the contour lin any arbit- 


rary manner providing the singu- 
larity =0 is not altered and both ends of the contour remain at +. 
We shall now explain the connection between the integral (148) 
and the function T(z); we will suppose that z lies to the right of the 
imaginary axis. By deforming the contour l we can obtain a path of 
integration which consists of the following three parts: (1) the section 
(+ °°, £) of the upper edge of the cut; (2) the circle A, centre the 
origin and radius £ and (3) the section (e, +°°) of the lower edge 
of the cut. On the upper edge, log? of the integrand (147) is real. 
In transit to the lower edge log t acquires the term 2zi, for on the 
jower edge the integrand will be: 

e@—l2al e—!+@-)) log A 


where log ż is real, as before. We thus have: 
f e— #-t dt = f e~ 2-1 dt + e0- 27i f e~t i-l dt + 
i > 


t 4 fetr-idt, (149) 
Ay 


where e is a certain given positive number. We will show that as 
€ — 0 the integral over the circle 4, tends to zero. In fact on this 
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circle the modulus of the factor e~' is bounded independently of z 


and the hound of the factor ¢7~! can be calculated 


|g! | = e&—1) log |¢|—-yargé — g¥—1 eTy aret 


i.e. it will be infinitely small if z > 1, or it will tend to infinity of 
the order l/e!'7*. Bearing in mind that we are given that z>0 
and that the length of the path of integration is 27e we can readily 
see that the above integral does, in fact, tend to zero. Hence formula 
(149) gives us the limit 


(e#*! — 1) (efe-tdt = f et#-1 de 
ò i 


or, remembering the definition of T(z): 


f et#-ldt = (e227! 215 (z). (150) 
L 


The above formula can also be written as follows: 


1 =tj2— 

Tasa tz dt. (151) 
The contour 7 does not pass through the origin and therefore we do 
not have to consider only those values of z which lie to the right of 
the imaginary axis. In the same way as for integral (113) in [71] 
we can show that integral (148) represents an integral function of z. 
We proved formula (150) only for values of z which lie to the right 
of the imaginary axis, but as a result of analytic continuation it will 
also hold in the whole z plane. Formula (151) represents a mero- 
morphic function in the form of a quotient of two integral functions. 
The denominator (e7?™! — 1) vanishes for all positive and negative 
integral values of z. Whole negative values of z and z=0 give the 
polarity of T(2). If z is a positive integral number then the integrand 
(147) will be a single-valued and regular function of ¢ in the whole 
plane (i.e. it is an integral function of t), and, according to Cauchy’s 
theorem, its integral along the closed contour l will be equal to zero, 
i.e. when z is a whole positive number the numerator and denominator 
on the right-hand side of formula (151) vanish and therefore these 
values will not be poles of the function T(z). 

Let us replace z by (1 — z) in formula (150): 


f e~t dt = (e= — 1) r(1—2). (152) 
L 
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Replace ¢ by a new variable of integration t, assuming that 
al 


t=e t= —t: 
f e~ idi = — f et (e"it) 7 dt = — e~*! f e't-?drt, (153) 
i v t 


where l’ is the contour illustrated in Fig. 66. The t-plane is obtained 

from the ¢-plane by rotation about the origin through an angle (— 2). 

The cut along the positive part of the 

real axis in the t-plane is transformed 

T into a cut along the negative part of the 

Fic. 66 real axis in the t-plane, where the lower 

edge of the new cut corresponds to the 

upper edge of the former cut. On this 

lower edge of the new cut we take arg (e” t)=0, ie. arg tT = — z. 

Substituting the expression (153) in formula (152) and multiplying 
both sides of the equation by (—e™), we have: 


f et dr = (ei — e~™) r (1 — 2) 
i 


or 
f e't? dr = 2i sin nz l' {1 — 2), 
È 


whence, using formula (122) we obtain the expression T(z)-! in the 
form of the contour integral: 


1 1 
T(@) 2m 


fe tdr. (154) 


7 


75. Stirling’s formula. In this section we shall give an approximate expres- 
sion for log I(z) when z assumes large positive values. As a preliminary we 
shall prove a formula which establishes the connection between the sum of 
equidistant values of a certain function and the integral of this function. 

Let f(x) be a function which is determined when z > 0 and which has a 
continuous derivative. Denoting positive integral numbers by n and k, where 
k <n we can write: 


f(n) — f (k) = S F (x) dz 
k 


and summing with respect to k from k = 0 to k = n we have: 


(nt f(y—S k= 5 Ff (wae. (155) 
k=0 k=-0k 
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In the expanded form the right-hand side can be written as follows: 


n n [u n n 
> {re dz = f ¥ (z)de+ ff (a)dz+ f P (z)dr +... + 
0 1 2 


k=g 


n n 
+S f (2) de+ ff (ade, 
n—1 n 

where the last term on the right-hand side is obviously equal to zero. If m is a 
certain positive integral number less than n, then when integrating the 
above sum in the interval (m, m + 1) it will be repeated (m + 1) times and 
we can write formula (155) in the form: 


(n+1)/(n)— 2 1(k) = f {[2] + 1} (2) ae, (156) 
=0 o 


where by [x] we denote the integral part of the positive number zv, so that 
[xz] = m in the interval (m, m + 1) and [m] = m. Let us now introduce the 
function 
P (x) = [r] — 7, 

which represents minus the fractional part of the number x. If we add unity 
to x then [x] and z increase by unity and P(x) remains unaltered, i.e. P(x) 
has a period of unity. The function P(x) is determined when z > 0, 
but from the law of periodicity when the period is unity, we can natur- 
ally extend its definition to include also negative values of z. We know 
from [II, 142] that the value of the integral of P(x) along any interval of unit 
length does not depend on the position of this interval. This value gives the so 
called mean-value of our periodic function. In the interval (0,1) we have 
P(x) = —z and the mean-value of P(x) is: 


1 1 i 
[ P@ar=-— frar = sda 
0 ò 


Let us construct a new function with a unit period 


P, (2) =[2] 24+, (157) 
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the mean-value of which is zero. The graph of P(x) is illustrated in Fig. 67. 
Let us replace [x] in the integrand of formula (156) by its expression from 
formula (157): 


mtd- Sim=[fe+strclr~@de. as 
k=0 A 
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We evidently have: 
(iy (2) dx = + [f (n) — 40] 
J2 2 
Qo 


and, integrating by parts, we have: 


$ xf (£) dz = nf (n) — $ f (x) de. 
0 


0 
Substituting this in formula (158) we obtain: 


Zia fiadat O- Pde, (ass) 


k=0 


which establishes the connection between the sum of the equidistant values 
f(k) of the function f(x) and the integral of this function. 
Let us choose the function f(z) as follows: 


f(x) = log (z + 2), 
where z is a certain positive number and the values of the logarithm are real. 


Substituting into formula (159) we obtain: 


È og @ +4) = (2 +n +5) oe +m —( — 5) 8z- n- f Pi®) ao, 
0 


Put z = 1 in this formula and subtract term by term the new formula thus 
obtained from the one above. Also subtract (z — 1) log n from both sides of 
this equation. We then have: 








1 
38 5 ti — (z — 1) log n = (2 — 1) log (1+ =) +5 log (1 + r) + 


Pr ©) P, (x) 


+0 +n) log (1 +4 Lan F- 6 -a) mee [24 dz + [tye 


As n tends to infinity the first two terms on the right-hand side tend to zero 
and the third term has the limit (I, 38]: 








lim (1 + n) log ( 





—1 i z= OaE z-1 _ 
Ta) = Him og (1 +4) = loge* *=z—1. 


We can therefore write: 


f z(z+1) (z +n) n = 
dim tog [= EA al 
 P, (2) Pile) 


saa a oe a Ape 


0 
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or [73]: 
log re) = (2 - 5) loge —2 41 — [Pyar ( Fxe on (160) 

Now consider the function: 
Q(x) = fp, (x) dx. (161) 


Owing to the fact that the mean-value of P,(z) is zero, the function Q(z) is 
a continuous periodic function with a unit period and Q(0) = 0. The modulus 
of this function is thus bounded. If 0 < x < 1 then [2] = 0 and formula (157) 
gives: 


x 
‘(1 T T 
Q()=((¢-«)ae=-F-F (0<2<l). 
0 
It follows directly from this that 
1 
0<Q(a)<z- (162) 
Integrating by parts we obtain: 


F Pu -j2 E) ag 
ESE 


0 











Q(z) 77° _ f _Q(2) 
w [S27 fe pe, am 


=I @ +a)? 
0 
where the term outside the integra] vanishes when x = œ. 
These considerations show us, by the way, that the above integrals have a 
meaning (cf. II, 83]. Replacing x by a new variable of integration t where 
x = zt we obtain: 





Pia) 1 Q(t) 
leas wet ae ie 
0 
Also from (162): 
Pia Q(t) 1 DE S 
Jerat <ijee<e jir a 
0 








This shows that the integral (164) tends to zero as the positive number z 
increases indefinitely; moreover the product of this integral and z is bounded. 
This is usually written as follows: 


Ese 08) 
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Formula (160) can also be written in the form: 


log I'(e) = (2-5) loge -2 +0 +0 (4). (165) 
or 
1 
log P(e) = (2 — 5) gz -2 +0 + owt), (166) 
where 
1 
lo |< (167) 
and C denotes the constant: 
Sri f Pt) 
C=1 Í ree. 


Let us now determine the value of this constant. For this purpose we shall 
use the so called Wallis formula which expresses 2/2 as the limit of a certain 


fraction: 
n . 22.47... (2n — 2)? -2n 
= = lim 


2 noo 1.32... (2n ` (168) 


We will prove this theorem at the end of this section so as not to interrupt the 
continuity of presentation. 
Formula (168) can be rewritten in the form: 


1 1 
= 2n- = 
nia 2 2(nt)%n 2 
2 iaa (Qn)! á 


from where, by taking logarithms and remembering that m! = I(m + 1) for 
whole positive values of m we obtain: 


lim [2 log T (n + 1) — log T (2n + 1) + (2n — 2) log 2 — zen] = log |. 
li Gak] 


Using formula (165) we can rewrite this equation in the form: 
lim [(en+ 1) log (n + 1) — (2n +5) log (2n +1) —1404 
flv 
l 1 a 
+ (20 — 3) log 2 — z'en] = tog | 3 3 
or 
lim {on [log (n + 1) + log 2 — log (2n + 1)] + 
n= œw 
1 1 1 EJ 
+ [log (n + 1) — z log (2n + 1) — zga] +0 — 1 — log 2} = log | 5, 


or 


i 1O" 1, (n+l? a | /z 
tim flog (1 + zra) + ylog ot to - 1 — glo =le |z 
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The first term in the figured brackets tends to log e(= 1) and the second 
to (— 1/2 log 2) so that we obtain the equation 


1 1 n 
l1— > log2+C—1 ~ Flog? = og $, 


whence C =log /2z. Substituting this into formula (165) we obtain Stirling’s 
formula: 


log T (z) = log Y2a + G -4) log z — z + w (2), (169) 
or, rejecting the logarithms: 


r (z) = VIa 2 e™?e (2), (170) 


where the factor e(z) = e®™ tends to zero as z increases indefinitely. If z is 
equal to a whole positive number m, then multiplying both sides of the equation 
by m we obtain: 


ml = Yam (æ (171) 


where €m — l as m increases. 

We already know that the function T(z) has no zeros and that log I(z) is 
a regular single-valued function in the z plane cut along the negative part of the 
real axis. If this cut were to be isolated by a sector, apex the origin, which can 
be as small as we please, then formula (169) can be applied to the remainder of 
the plane. The proof is exactly the same as the proof of formula (169) when 
z > 0. In this case we should take those values of log z and log T(z) in the above 
cut plane which are real when z > 0. 

Wautuis’s FormoLa. We shall now prove Wallis’s formula which we used 
above. We obtained the following formula in [I, 100]: 


(2k — 1) (2k —3)...8-1 x 
2k (2k —2)...4-2 ` 2?’ 


fd 

2 

f sin?“ z dr = 
0 


Qk (2k — 2)...4+2 


«okt = 
Madea TOR CT CT een | eo 





Oni 


Bearing in mind that as n increases the value of sin” x decreases we can 
write: 


cia 


2 
sin**1 zdz < fsin* edz < f sin*—' zdz, 
0 


omnia 
Omnia 


i.e. 
2k (2k — 2)...4-2 (2k — 1). (2k — 3)...3-1 x 
@k-+1)-(Qk—1)...6-3~ 2k. (2k —2)...4-2 2 
(2k — 2) (2k —4)...4-2 
(2k — 1) (2k —3)...6-3” 
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whence, replacing k by n: 





z2 2 4 4 2n 2n 
271 3'35 0 2m—i Intl’ 
n 2 2 4 4 2n — 2 an — 2 2n 
2133 5 0 m3 m l mi 


Putting 
we can write 


As n— +o the fraction on the left-hand side tends to unity and con- 
sequently 
: Gd 
lim P, = 7’ 
which gives Wallis’s formula. 


76. Euler’s summation formula. Let us return to formula (159). Integrating 
the last integral on the right-hand side by parts several times over, we can write 
it in an expanded form. By using formula (161) we determined the function 
Q(z) with a unit period which was such that Q’(z) = P(x). If we add a constant 
term to Q(z) we can make the mean-value of this function, and of the function 
P (x), zero. Changing the sign of the function obtained we get the function 
P(x) with a unit period and mean-value zero, so that P(x) = —P,(x). We 
know that P,(z) = —z + 1/2 where 0 <x < 1, so that 


+4 
Pig) Ss == 4-6 (0<2<l), 
2 2 
and determining C from the condition 
1 
f P, (x) dz = 0, 
0 


we finally obtain 
z es 1 
P) => ta (0O<z<1). 

In this case P,(0) = P,(1) = 1/12, and by periodic repetition P,(x) gives a 
continuous periodic function; hence the above formula holds in the whole 
closed interval 0 < x < 1. Furthermore we can similarly determine the function 
P(x) with a unit period and mean-value zero, so that P3(x) = P,(x). We obtain 
the following expression for this function in the main interval (0, 1): 

x3 r? x 
P@= 3 Tt 
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Continuing this further we can construct the functions P(x) with unit periods 
and mean-values equal to zero so that 


Pym (£) = — Pom- (£); Poms: (£) = Pom (2)- (172) 


All these periodic functions can be expanded into Fourier series, in which the 
constant terms will be zero, since the mean-values of the functions are zero. 
Figure 67 shows that P,(x) is an odd function. Determining its Fourier coef- 
ficients by the usual Fourier rule we obtain: 


> sin 2nAT , 
na 


P, (2) = i 
n= 


Similarly we have for the next function P(x): 


2, cos nar 
P, (2) = 2 Inn 


Notice that the above series can be obtained directly from the series P,(x) 
by integration and change of sign; this corresponds to the relationship 
P3(z) = —P,(z). The series for P,(z) is uniformly convergent for all real values 
of z. Bearing in mind the relationship (172) we can also obtain the Fourier 
series for the succeeding functions P,(x) by successive integration; the 
constant terms of the Fourier series must be assumed to be zero. 

We thus have: 


= cos 2nnx = sin nar x 
Pom (2) = 2, Q2m—1 2m „2m s Pema (2) = 2 gem penti q2m+1 (173) 








n 


These formulae, by the way, give us: 


ba E 


zm (0) = g2m—1 52m 2m 


> Poma (0) = 0 


For future convenience we write: 


TP Soo (174) 


Pom (0) = in ami 


F 


where B,, are the so called Bernoulli numbers. 
Let us return to formula (159). Integrating by parts and remembering that 


Pam (0) = Pam (2) = a ; Panes (0) = Pam: (n) = 0, 
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we obtain: 


n n 
— Í P, (2) ¥ (2) dz = f P3 (2) f’ (z) dz = 
0 0 


=F o-r on- frares- 


n 
= FU (n) — P (0) — | Pi (0 f (0) ds = 
0 


n 
= Fre) a f (0)] +fP, (x) (2 (z) de = 
0 
n 


=g -r 0 — [Pier @) ae = 
0 


n 
=- U my = F 0) =F my — 17 0) + [ Pa (a) 1 a da, 
0 
continuing this further we obtain Euler’s summation formula: 
Z i(k) = fre dx + [FO +f (m)] +2 [7 e — r ©] — E e o — 


-POH o H Dr em [E+ (ny — +D Oy] + 


(2m -+ 2)! 


+ D" f Pama (2) 7+ (2) de. (175) 
0 


In these evaluations we have naturally assumed that when x > 0, f(r) has 
continuous derivatives up to the (2m + 3)th order inclusively. 

The last term on the right-hand side gives the final term of Euler’s formula. 
Formula (174) shows clearly that the numbers B, grow quickly as n increases 
and the infinite series, which corresponds to Euler’s formula, is usually divergent. 
Nevertheless, it is still sometimes convenient to use formula (175) for the approxi- 
mate evaluation of the sum on the left-hand side of the formula. 

Rewrite formula (160) replacing C by the expression we obtained above: 


log I" (z) = og + çes- + [Ef PAP ap, 


Integrating the above integral by parts, as before, and remembering formula 
(174) and also that P,(x) remains bounded for all real values of x we have, 
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when z > 0: 
Ee 1 B, 1 B, 1 
log (2) = log V27 + (2 — 5) loge 2+ 7 aga ee eg 
B, 1 mai Bn 1 
.— —... —1 — A . —___. 
t6 25 a (2m —1)2m 22-1 i 


p l Pima (2) 
—1 1 2 1 2m+1 
+ (— D" (2m) J ney ae 


In exactly the same way as in the previous paragraph we oan show that the 
last integral multiplied by z2*"+! remains bounded as z + +o, i.e. 


(Feet) a of 1 
J (z + 2241 gemth | 


and the above formula can be rewritten in the form 


= 1 B 1 B. 1 
log I" (2) = log V3z + (2 — x) bee -24+ Pe Sat at eee 
Z Ba 1 1 
a (Qm—1)2m zM Oe p 


If we reject the last term and write the corresponding infinite series then this 
series will be divergent for all values of z. If, however, we fix m then the last 
term, as z— -œ, will be an infinitesimally small quantity of a higher 
power, viz. of the order 1/z?"+!, than the power of the remaining terms, which 
are of the order 1/z2"~1. 

Formula (176), like formula (169), holds in the z plane from which an arbi- 
trarily small but fixed sector is cut out, the bisector of which is directed along 
the negative part of the real axis. If z is positive then the last term can be 
approximated to with greater accuracy and the formula given below holds: 





_ 1 B, 1 B, 1 
log P(e) = log Vz + (2 - =) loge -2+ 75 = ae gtt 
PED o a a eea L (176,) 


(2m—1)2m 27-2 (2m + 1)(2m +2) 2742” 


where 0 < @,, < 1. We shall not prove this formula here. 


77. Bernoulli numbers. Let us define the Bernoulli numbers by the equations: 


oml 21 


Bn = g2m—1 „em (177) 








2m 
na, 7 


We shall show, for the moment, that these numbers can be defined in an 
elementary way and that they are all rational numbers. 
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Write out the expansion of cot z into partial fractions [65]: 


cotz = 4 5 (e +7): 


k=-—o@ 


or 


1 = 2z 
cote = g t È ATE’ 


or, changing to exponential functions according to Euler’s formula: 


. e po 1 © 22 
SoD _* ————_ * 
e” — 97 z fey 2 — kn? 


Let as suppose that z = u/2?: 














ete 2 2 S u 
u Harte Akep u’ 
erno 2 
i.e. 
ett] _ 2 
u ‘2 2 m2 2’ 
e — l1 k=l ae 
or 
2 2 hed u 
peo ed : . 
e—1 i as En 4k? a? + u? 


The formula above may be rewritten in the form: 


u u = 1 





et — 1 2 Pa Ak? 2? + u? 
We can write: 
u? 2 u? \P 
ee a a Ea i CIE). 
4k? n? + u? 2 ua) (jul < 2k) 


Substituting into formula (178) we obtain: 


u 


e— 1 a Ht A Pag aa) |: 





Applying the lemma from the theorem of Weierstrass about the addition of 
power series [14] we can represent the right-hand side in the form of a series 
in whole positive powers of u where |u| < 27 








ye of ARO! asi A N , 
e" —1 2 (27)? (27) (271) 
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where we have assumed for briefness that: 
1 1 
Be oe ge see 


Remembering formula (177) we can write: 


u om 


(179) 
e—1 








u © 
E pene — 1)"-! B i 
zra. ) mami 


The function on the left-hand side has singularities in the neighbourhood of the 
origin: u = +?2xi, so that the above power series has a circle of convergence 
Į u| < 27. Dividing u by the series 


u 


u = = 
T 


u? us 
tar eg u 
we can obtain the successive Bernoulli numbers B,,,. Below we give the first 
few of these numbers: 


1 


1 5 
; Bem ay Bm agi B= Ges Pe amo 


1l 
30 
78. Method of the steepest descent. In the following few sections we shall 
explain a method of approximate evaluation of definite contour integrals. 
As a preliminary let us explain certain problems connected with the variation of 
the real and imaginary parts of a regular function. Suppose that we are given 
the following function in a domain B: 


{ 2) =u (x,y) + v(x, y) i. 


At every point of Bat which the derivative f’(z)is not zero there will be a direction 
l along which u(x, y) changes most rapidly. This direction / is given by the direc- 
tion of the vector grad u(x, y) and the derivative, taken in this direction (and in 
the opposite direction), has the greatest absolute value. This derivative of 
u(x, y) in the direction n, perpendicular to J, must be zero [II, 108]. The 
plane of the directions n is defined by lines at the level u(x, y) = const. and 
the orthogonal plane J by the family of trajectories which are perpendicular to 
the level lines, i.e. by a family v(x, y) = const [29]. We can therefore say that 
at every point where f’(z) is not zero u(x, y) varies most steeply along the line 
v(x, y) = const. Notice that in this case 0u/dl along the above line is not zero. 
If it should happen that at a certain point not only du/dn but also du/dl is zero 
then at this point the derivative of u in any direction would be zero and it 
would follow that the derivative f’(z) at this point would also vanish. 

Let us now investigate the position of our line in the neighbourhood of the 
point z, at which f’(z,) = 0. In this neighbourhood we have: 


f (2) — Í (20) = (2 — Zo)? [bo + b1 (2 — 20) + --- J (Pp > 2; bo #0). (180) 


Putting ; 
bp =r,e"; z—zy= ge (ro # 0) (181) 
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and equating the real and imaginary parts of the difference f(z) — f(z) to 
zero, we obtain the following equations for the lines u(x, y) = const. and v(x, y)= 
= const. in the neighbourhood of z,: 


®, (e, w) = 7, cos (By + pw) + re cos [8, + (p +1) @] + 
+ 72,9? cos [8, + (p+ 2)o] +... 50, (182) 


®, (e, w) = ry sin (8, + pw) + 7,¢ sin [A + (p+ 1) w] + 
+ rag’ sin [Bp + (p + 2)0] +... = 0. (183) 


Consider the equation (182). When g = 0 we obtain: 


cos (By + pw) = 0, 
i.e. 
8, -+ pw =(2m+1) 5, 


where m is any integer. Assuming m = 0, 1, ..., 2p — 1, we obtain all the dif- 
ferent solutions of the equation (182) with respect to w when @ = 0: 
2m+1 


=h z i 
sc aaa a t ap 7 (m=0,1,2,..., 2p 1). (184) 


It is not difficult to see that 


əð, 
dw |e=0, o=am 


#0, 


and, consequently, it follows from the theorem of undefined functions [I, 159] 
that equation (182) has 2p solutions for w which are continuous with respect 
to e and which tend to œm when ge = 0, i.e. equation (182) corresponds to 
2p lines, which radiate from the point z,_ and which have at that point tangents 
with amplitudes wm. But @m+p = wm + 7 and we can have p lines which pass 
through the point z, and have definite tangents at that point. These lines will 
divide the neighbourhood of the point z, into 2p curvilinear sectors with equal 
angles 2/p at the apex. Inside these sectors, in the neighbourhood of z,, we have 
alternatively (e, w) < 0 and @,(e, œw) > 0, viz. 


when Š tma <f, + po< Z +m+l)a: 


<0, if m is even. 


©, (0, 
1 (@, o) ia if m is odd. 


This is directly due to the fact that the sign on the left-hand side of equation 
(182) for the given œw, which is other than (184), and for @ sufficiently close 
to zero, is determined by the sign of the first term. 

Similarly equation (183) determines p lines which pass through the point 
Zo, where the tangents to these lines serve as bisectors of the angles defined by 
the tangents to the lines (182). 
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The point z, we shall call a saddle-point, the sectors ®,(9, œw) < 0 negative 
and the sectors 2,(9, w) > 0 positive sectors. 
Let us now consider an integral of the following type: 


In = Í (2 — 20)" F (2) [p (2)]" dz = f (z —z,)°-1 F (z)e%® dz, (185) 
I I 


where F(z), p(z) and f(z) = log p(z) are regular at the point z,; F(z,) and p(z,) are 
not zero, and n is the greatest positive number. Suppose that the contour 
l originates at the saddle-point z, and ends at a certain point z, and that it 
lines in the negative sector. When |e | = ee» it has its maximum at 
the point z, and for larger ns this maximum is abrupt. It is therefore to be 
expected that the principal value of integral (185) is due to integration along 
the contour J near the point z, and it is convenient to select this section to be 
along the line v(x, y) = const. along which u(x, y) has its steepest descent. Instead 
of taking the line itself we can take a small section of the tangent to this line. 
We must remember, that the contour can be deformed in accordance with 
Cauchy’s theorem. Thus integral (185) can be broken up into two terms: an 
integral along the small section J’ near the point z, and an integral along the 
remaining part of the section 1” up to the point z,. The upper bound of the 
integral along J” is found from its modulus, and the integral along l’, from 
which the principal part of JI, is obtained, is evaluated approximately, and the 
inequality of error should be given. The integral along I’ is usually evaluated 
approximately by expanding the integrated into a Taylor’s series and finding 
the upper bound of the last term of this series. In the following sectino we 
shall apply the above system to the evaluation of an integral and, restricting 
ourselves to relatively approximate upper bounds, we shall isolate the principal 
part of I„ whilst for the remainder we shall obtain an inequality of a certain 
order with respect to a small quantity I/n. 

Let us now make certain general remarks with reference to the evalution 
of integrals of the type (185). The contour J can pass through the saddle-point 
and from one negative sector into another. In this case, as before, the principal 
part of I„ will be determined by the integral over the small section near the 
point Z, and the contour must either pass along the line v(x, y) = const. or along 
the tangent to this line. If the contour / lies in the positive sector, then the 
main part of J, will be obtained by integration over the small section near 
the point z,, and this contour should pass along the line of the steepest descent 
of u(x, y) [the line v(z, y) = const]. If the integrand is many-valued then 
by integrating along the lines of the steepest descent we must bear in 
mind any cuts made because of the many-valuedness of the function and a 
section of the path of integration should be directed along these cuts; in making 
cuts we must take into account the above general concept of stationary points 
and the steepest descent of u(x, y). If, there are several saddle-points in the 
domain through which the contour l passes, then a comparison of the modulus 
of the integrand domain at these saddle-points should be made and the path of 
integration should be selected with these general considerations in mind. 
We shall explain this by a number of examples. Let us now try to evaluate 
the integral along the contour / in the negative sector and, for the moment, we are 
only interested in low orders like that of the small quantity 1/n. Without loss 
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of generality we can assume that z, = 0. Also, denoting f(z) by the form 
Sf) =f.) + Lf@) — f(z.)] and taking e/@ outside the integral we can 
assume f(z,) = 0, i.e. p(z)) = 1. 


79. Isolation of the principal part of an integral. Let us now consider the 
integral 
Z, Z, 
= f 2171 F (2) [ ọ (2) de = f 227? F (2) eV dz, (186) 
o 0 
where the path of integration goes from the saddle-point z = 0 to the point 
z, in the negative sector with m even (m = 2l). We suppose that the func- 
tions F(z) and g(z) are regular in a certain domain in which the path of 
integration lies. Suppose that near the point z = 0 


F iz) = ay faye fag? +...5 f(z) = log p (2) = 2P (by + be + bz? +...), (187) 


where a, and b, are not zero. If the integral is to exist at the lower limit z = 0 
we must assume that the real part of the number a, which we denote by R(a), 
is positive. According to Cauchy’s theorem [5] we can deform the path of 
integration in the neighbourhood of the origin and direct it from z = 0 along 
the tangent to the line of steepest descent, i.e. along the bisector of the above 
sector which corresponds to m = 2l, to the point z = ẹ,e'®6 and from there 
to the point z =z,. Along the second part of the path, max | p(z) | < l — n, 
where 7 is a certain positive number which depends on the choice of e, In 
future we shall select 9, independently of n, for along the second section of 
the path the modulus of the integral (186) will not exceed the product M(1 — 7)", 
where M is a certain constant, which is independent of n, so that 
one 

In= $ 227 F(z) p(e)"dz +0[(1— n)", (188) 

o 

where by 0{(1 — 7)"] we denote a number which tends to zero as n increases 
or, more accurately, it is such that the quotient obtained by dividing it by 
(1 — 7)" remains bounded as n — +æ. In future we shall denote by the 
symbol O(a,) a number which is such that the quotient obtained by dividing 
this number by a, remains bounded as n — -++co. The amplitude w; of the 
bisector of the sector with the number m = 2} is expressed by the formula: 


ut, 


, 


gs -f ae (189) 


Let a be a number which is less ee E radius of convergence of the series 


(187). We select, in any case, 0, < a. The series >> b,” and the differentiated 
v=0 
series 5 vbyz’-! have the same radii of convergence as the second of the 
. val 
series (187). 
Applying the inequality to every modulus of the coefficients of the power 


series [14] we can write 
rae Le eee (190) 
o” uo“ (u = I, 2,3,... 
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where M is a constant. For further evaluations we shall introduce a new con- 
cept. 
We shall say that the power series 5 gy 2” (or a corresponding function) 
v=0 
is dominating a power series (or function) X h,z”, providing the g, are 
v=0 


positive numbers and | h, | < g, In this case we obviously have the inequality 


she 


v=o 


< S|)" 


v=90 








and we are naturally assuming that the series converge. 
Let us write the product F(z) p(z)” in the form: 


F (2) p (2)" = (ag Haz +...) CPH) — 
= ao? 4 eT (ay tee Dies) eP Oztóa t.. d a]. (191) 
The difference in the square brackets can be expanded into a power series 
without a constant term: 
y (2) = (a, + az +...) ORM) _ a = ez tez?+... (192) 


Bearing in mind that e* can be expanded into a power series with positive 
coefficients we obtain a dominating series for the series (192), if we substitute 
the series in the index of e and in the factor in front of e by the dominating series 


(w+ m2 +M +...)o oT atr at) y, 
or 


M (2 z =)" e MnP toe(1- 3) yM (1 = ao a 1}, (193) 


a 


and in this last series there will also be no constant term. Denoting, for the sake 
of briefness nz? = z’, we can write the dominating series (or, still better) the 
dominating function in the form: 


m=? ar (l + Mee + Mz’) (=) + 
TOL a | 


On taking (1 + Mz’) outside the bracket we can write the dominating function 
for (192) in the form: 


arunas hah G (4480 AEE} 


and, finally, decreasing the denominators, we obtain the dominating function: 


amas pa Gr E E)E 0) T 


, z z —1—Mz' 
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We thus have the inequality: 


Iz] |z [)—1—MaleP 
Iv @< A+ Malz P) ml (i — 2h) 1 


= (195) 


According to formula (191) integral (188) can be broken up into two integrals; 


ial eel 
In=a | eo? det f 27e y (2) dz + O[(1 — n") 
0 0 





z= el ) , 
nT, 
where, from (189): 
nz’ = — Ba 
0 
We obtain: 
In = An + B,+0O[(1—7)"], (196) 
where 
1 13. “7 goa 
F p ap nee 
Aram ef et (=) ao | e™ e dt, 
0 
(197) 
a nro} a 
Ros elt (= P | oP yp (z2) dt. 
n p NTa . 
0 


Taking into account the fact that |z| = (¢/nr,)'/P, we obtain from (195): 
Mt 


wens (1422) Ee m: 


o | nr, 





We took @, < and therefore along the path of integration we have 
| z| = (t/nr,)'/P < 0, <o so that, replacing |z| by the greater quantity g, 


we have: 
PaaS 
Mt),,1)]/ t eo) 
Ce Vag -§) 


Bearing in mind that for q > 0 and a complex y we have |g |” = gF”, where 
R(y) is the real part of y, we obtain the following inequality for B,: 


(2 = L)? R(a)+1 
pope A (>) Pox 


o Nr, 


at 
ro 


M 
Bales 


nrg _ MER(@)+1 _ 


x fetQ—2) ro P a(i SE) ae. 


(d 
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If we also subject 9, to the following condition apart from the condition 9, < a 
M 


a=o(1— 2)" >], 
o 


we can take a fixed @,, which satisfies both these conditions. In the last integral 
the integrand will contain a factor a`! and we can integrate to (+o) 
The integral will be convergent and the value of the integral of a positive func- 
tion will increase owing to the extension of the interval of integration. The 
integral will no longer depend on n and we obtain the inequality: 
R(a)+1 
1 P 
l Bal <M, (=) , 


where M, is a certain constant which does not depend on n, i.e. 


i R(a)+1 
P 
Pie B | 
The quantity O[(1 — 7)"] having been divided by (1 — 7)" remains bounded 


as n — +c. It remains the more bounded for being divided by (1/n)'%@+u/p, 
for the ratio (1 — 7)": (1/n)R@*DIP —> 0 as n > œ, i.e. 


R(a)+1 
B,-+0[a— nf] =0|(2) |. 


n 








and formula (196) can be rewritten in the form: 


| +o)” | (198) 


n 





Let us now consider A,. We can write: 


p nro nr 
ATOR 
or have [71]: 
a 
ao iw’a{ 1 \P a) 
A, = 22. oie (=) r(=) Cn, (199) 
1 p nT pity? 
where 
a œw 
C=- 2 eie (EN | t dé 
P nr 
Aryeh 
and consequently: 
R(a) œ 
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For large positive values of ¢ the function 


Ra) 


e't P 


decreases and therefore, isolating the factor ¢~? under the integral and replacing 
the remainder of the integrand by its value at the lower limit of 
integration we can say that for large n the value of the integral is less than: 


Rt) r R(a) 
bi f Si L eara (nrf) P . 


em Foe (nra) P rE 
nro 
This gives us the inequality for C,: 
|On | < M267, 
where the constant M, does not depend on n, i.e. 
On = O (0 ™™ o8) , 


Bearing in mind that, as n increases, the exponential function e™™° of decreases 
faster than any negative power of n we can write: 


asle llea] 


The formulae (198) and (199) give us finally: 








. 


a R(a)+1 
noe GrG 7b em 


In this formula the principal term is of order (1/n)*)/P and the last term is 
of a smaller order still. 

If more accurate inequalities are required several more terms can be isolated 
from J, in the order of increasing powers of (1/n). This brings us to the fol- 
lowing general formula which we do not intend to prove here: 





oj atv R(a)t+m 
a 1)? 1) ? 
nag a re | om 
In this formula 
, z Iv a+y 
a, orien 5er (EE ta) 
s 2 (— ba)“ P 


Iv» o = 4, and g,„ are coefficients of z” in the expansion: 


l 
motaz 4+...) (bz + bz? +..." 


We shall consider the simplest path of integration from the point z = 0 to the 
point z = z,; at the beginning of the path, i.e. at the point z = 0 the modulus of 
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ọ(z) has its greatest value. Consider now the integral: 


Ze 
In = | 2°?" F (2) p (2)" dz, (202) 

Z 
where z, and z, lie in sectors where | p(z) | < 1. The path takes us from z, to 
z = 0, surrounds this point along the arc of a small circle, centre at z = 0 and 
proceeds to z = z,. If R(a) > 0 then, as the radius of the above circle tends 
to zero, the integral along the aro of the circle will also tend to zero and we can 
simply integrate from z = z, to z = 0 along the sector with the number m =2l,; 
and from z = 0 to z = 2? along the sector with the number m = 2/? we thus obtain 


In aa Ini > In 





where I, ;, and Z,,;, are integrals of the former kind over contours which lie 
in the above sectors. Hence: 
a (a)+1 
z a 1 YP. jute P - 
noa p etiaro] a 
where 
E gee 


P P 


It can be shown that formula (203) is valid also when R(a) < 0. 
Example. Consider 


Pint+l=sSe“*2"de. 
0 


On substituting x = ny we obtain: 


raD Fo yn 
n = fwo ¥) dy. 
0 


The function yo`? has a maximum when y = 1. Substituting y = 1 +2: 


erat) = {ta +2) e*]" dz 


mitt 


Divide the interval of integration into two parts: (—1, +1) and (+1, +æ). 
For the second interval we have: 


S [L +2) e™F dz = f [0 + z) 677]? (1 + 2) e7? dz < 
1 2 


<S (1+2)etde= (2) fas 42) 67*de, 


1 i 
for, when z > 1 


-z 2 
(l+z)e => 
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Therefore 


fia +z) e77]" dz = O (51. (204) 
The integral ' 


1 
f [0 +2)e77]" dz (205) 
-1 


has the form we considered above, but in this case 
a,=1; a@=1; F(z) =1 and log¢(z) = log (1 +2) —z, 


from which it follows that p=2 and b,= 1/2, i.e. r= 1/2. It can also be 
seen that œw; = 2 and w, = 0. We finally have from (203): 


Prm+D 12er) 4 gid ae 
nti -air atea eG) 


or, taking into account that (2/e)" decreases more rapidly than 1/n and that 
T(1/2)=y7, we obtain: 


e“rin+1) Va 1 
Srat) YA oft), 
ht = E + (=) 
or 
Pin 1) = nr (n) = VIa" è ae +n0 (2)| = 
n+! Ln 1 
= Yan" "2e [2 +0( 7]. 
yn 
or 


P(n)= VIa" 2 e7" [2 +0 Falk 
n 


The last term 0(1//7) should, in fact, be 0(1/7). 

To obtain this result the integral (205) must be divided in two, viz. from 
z = 0 to z = l and from z = —1 to z = 0, and formula (201) should be applied 
to each of these integrals when m = 2. At the same time terms corresponding 
to v = l in these integrals will cancel each other and we shall obtain the same 
principal term and last term 0(1/n). 

All the details of the above method, the proof of the general formula (201) 
and examples can be found in Perron’s paper “Ueber die ndherungsweise 
Berechnung von Funktionen grosser Zahlen” (News of the Bavarian Academy, 
1917). 

One of the first works in this field was a work by P. A. Nekrasov. 
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80. Examples. 1. Consider the integral 





1 
2 
1 
= (28-24) 2 
I f Tr” dz, (206) 


where a is a small positive number and n is a large positive number. The 
function f(z) = z? — z? has its maximum when z = 0 and the real axis is the 
line of the steepest descent of v(x, y) = 0. 

Bearing this in mind let us represent J in the form: 


2 





1 
= E-a) 2 
A | spare" ne aerials (207) 
1 
2 


where 
=f 
2 


or | ae 


Noting that z? — z? < —z? when z < 0 we obtain: 


ae (—2") dz. 





Ye 
la 
! 
bo le 


lo | < ————— 








= fe ede = me | ot) ae — 


1 
Jos +4 a) r+ + a.) 





Replacing z—1/2 by (—1) and introducing a new variable of integration 
t = —(z + 1/2) we obtain: 


n n 


n 
4 = e 4 2e 4 
lol <<= fe nt dt = 





— < (208) 


| l l n 
(or ages 2 
a? + 1 0 n| fa ry 


To evaluate the first term on the right-hand side of formula (207) we suppose 
that 67° = 1 + A, where 
ey 


A= ep Ae +. 





hence 


14] <n (1 + HRÈ ERPE... 4+)<njzpenizr, (209) 
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We obtain: 
2 1 1 
2 2 ` 2 A ma 
I nt ez ot 
(-2) dz = 3 
| ire. dz |ie aJa (210) 
-l -1 _i 
2 2 2 
Also 
1 
2 nz? +o nat 
e~ e— 
|a e | tto (211) 
1 -% 
T3 
where 
loi] < 2 T fe-maz 
a? + — 
| Taa 
and 


| enn az = a | gone 2) (+ 2) dz, 
> 


ea lm % 


or, replacing z + 1/2 by unity: 





= nh D _1 n 
fe-m az <e f e = ae =m; 
n 
1 1 
2 2 
whence, finally, 
n 
Ta in 
anje 2 <5 4, (212) 
2 — 
nlf + 4 


Consider the first term on the right-hand side of formula (211). Separating 
the real and imaginary parts of the integrand and noting that the integral 
of the real part is zero since it is odd, we obtain: 


+a +o 
e712? .f eS? 
| Se--- faye (B =a Yn). 


On assuming that 6? = y and differentiating the integral 
+o k 
ey? 
I= | apr 


with respect to the parameter y we obtain: 


aI (y) _ a 
aqy T10- yz 
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On integrating this equation, bearing in mind that I(y)=0 when y= +>, 
we obtain: 


I (6?) = 2 Vn 08? f e—¥ dr, 
8 


and, finally, 
+o i 7 
e7: ee i an —xî? r 
Í pig e-i fe dz. (213) 
= ayn 


The integral on the right-hand side (the incomplete Laplace integral) is 
tabulated. 
We come lastly to the upper bound of the second term on the right-hand side 
of formula (120). We shall carry out this investigation in two different ways. 
On recalling (209) and the fact that |z|?< |z|*/2 when |z| <1/2 we 
obtain 


Ta 
| 4|e-"* < njz[se 2, 


whence 
1 
do—™? az 
f z+ ae 


a2 
2 


ag -13 ae < Z fae 
0 


Sna 
T PEAN (214) 


an 





oia 


On the other hand, taking into account the inequality: 
|z] 1 


z+ ia ard VizF+a < Vivace 





when pees 
2 








we obtain 
1 1 
a 2 w% 
de~e? i; |z |3 — -z2 Qn f zn x 
—dz|<n 2 < ———_ | ræ 2? derz, 
J z+ia J [2+ 2a} V1 + 4a? 5 
1 1 
“a Ta 
whence 
1 
a de-n yin 
| T a| eet (214,) 
z +a Yn 


Tho principal part of (213) is of the order l/a y7; if a is not a small number then, 
using formulae (211), (212), (213) and (214), we can write: 


bo lee 


dz = —i2¥xeon [ edz +o’, (215) 
ayn 


em? 


z+ 





I 
o p 
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where 


„26 a 4 
lv < 7e Em (216) 
When a takes small positive values we can write: 
6 -3 Vn 
, =e 4.0. 216 
[o j< pe + Vn (216,) 


2. When considering the asymptotic representation of Hankel’s functions 
we find if necessary to evaluate approximately the integral 


—a +e 
I= | O dz, (217) 
—a—E 
in which 
f (z) = sinh z — éz, (218) 


where the parameter é > 1 and n» is a large positive number. 

a in (217) is the positive zero of the equation f’(z) = 0, i.e. cosh a = £, 

The number «> 0 we shall consider right from the beginning to be less 
than unity and later on we shall subject it to even more restrictive conditions, 

It can readily be shown that the path of integration in (217) coincides with 
the major part of the line of steepest descent of the integrand. For this reason 
the evaluation of the integral involves the rational transformation of the inte- 
grand and the evaluation of elementary integrals. 

We shall consider two methods by means of which integral (217) can be eval- 
uated. In the first method our main object will be to find the principal term 
and to obtain a relatively simple assessment of error. In doing this we shall 
disregard certain essential properties of the integrand. 

In the second method we shall take these properties into consideration and 
consequently the result obtained will be more accurate. 

First method. Expand the function (128) into a power series in where 
xz =z +a. We obtain 





sinha , , cosha sinh a 
ra =t a-a #4 8 a A (219) 
or 
fe) =f(—a)~ E eR, (220) 


where R satisfies the following inequality: 











2 cosh a 1 1 cosh a 
IRIS sinh a l(a +a te) < akal”! (221) 
if |w| <1. 
We represent the integrand (217) in the following form: 
sinh a 
(222) 


eO — oo) < 2 ATE aD, 
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where 





as Rx 1. (223) 
If we use the inequality 
ley—1] <|y]el! 


and take (221) into account then we obtain for 6, the following simple inequ- 
ality: 








h at pya 
lô |< "es Sire ? ; (224) 
Substituting (222) in (217) we obtain: 
G nbe a -e n Sinha, 
I= to f e 2 *dz4- ( ôe 2 as| (225) 
—€é =g 
Subject € and 7 to the following two conditions: 
qo ee ey (228) 
and 
cosh a 
sinh a E< 1. (226,) 


In a more accurate method of finding the upper bound the condition (226) 
is preserved but condition (226,) is replaced by a stricter condition. 

If condition (226,) is satisfied then when |x| < €, R satisfies the inequality 
| R| < 1/2 and from (224): 


sinhe 
2 


sinha , 


x 
< tobe epe TO o qej<e (224) 








x 
ô, e 








If condition (226) is satisfied then the integrand in (225) becomes exceedingly 
small near the ends of the interval of integration. For this reason the transi- 
tion to an infinite interval of integration has no essential influence on the 
result. Carrying out the necessary calculations we have 








r oy iy ponha on 
2 — 2 of ED 7 
fe dz = f e dz + A, it (227) 
ae 2a 
where 
fa -nhe a 
A,=—2 f 2 * dr, 
E 
and 
æ nshan 
j4 l= 2e fo" 2 da, 
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whence, taking into account that x? — e? > (x — e)? when x > e 


2 nsinha Sy 


=N SE p 
| 4, | < 2e i e Nay | se (228) 
0 


Further, on taking into account (224,) we find: 


n5! a a sinha 














Jae e 2 sar < Boosh | me Ay dz, 
whence 
inka 
x 2 cosha Qn 
2 aS Se 
Í 5,0 dz | < asinha n sinha (229) 


Using formulae (225), (227), (228) and (229) we obtain the following expres- 
sion for the required integral: 





— e"f(—a) 
I=e a —— (1+), (230) 
where 
-Nn , 2 cosha | Qn 
elses zsinha f nsinha ` (231) 


If conditions (226) and (226,) are satisfied then | w | is found to be appreciably 
less than unity. 

The above method of evaluation is very rough but it is also very simple as 
far as calculations are concerned. The disadvantage of this method lies in the 
fact that it does not take into account the change of sign in the expansion 
(219) and the presence of odd powers in this expansion. 

We shall now remove these disadvantages. 

Second method. Write the expansion (219) in the form: 








fe) = {(—a) — Sat R, Ry (232) 
where 
cosh a z? gi 
R= attrait) 
sinh a zi 
R=- # (+ stjert) (232,) 


To start with suppose that in integral (217) e is only subject to the condition 
0 < e< 1. But even so we can say that R, and R, differ very little from the 
first terms of their respective expansions. Substitute the value of the integrand 


ai 








inh 
eV@) = ofa) a xa e77 (: ETA +" 2! At aes ] 
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in integral (217). Owing to the fact that R, is odd we obtain: 
als 4 
= e- af x: ? @ TAR, (2 +7 mi +r Hi + = .) dz. (233) 


Consider the expression: 


eT rRe ( 


ee 


=(1- 7 +23 - ey +H +SF+.. ). (234) 


Select the positive € in such a way that the inequalities given below should 
be satisfied simultancously: 

















e<l; *R?<5; nR, <1. (235) 

Using formula (232,) we can see that these inequalities will be satisfied providing 
1 

e<l and e< r) . (235,) 


If this is so then the terms of the series with alternate signs 




















R3 
S, =1— a + ml 
will rapidly decrease. Hence 
S,=1—nR,+4,, (236) 
where 
2734 
O0<a,< we : 
We find from (232,): 
sinh a sinh a ar x i 
l—nRk,=1l-—n a at nw (test get:-:): 
Comparing this with (236) we obtain: 
S,=l—n” sahe zi + ò, (237) 
where 
n sinh a , 2 | 
[ôL] = a — -gr a (l+ggt--)| 


which is, in any case, smaller than the greater of the two quantities: 


56 n sinh a band (s n?sinh? a 
55 6! 53) 2 + {41)? 
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It can be shown that the latter quantity gives the greater of the errors shown 
below. We can therefore take it that 


30)? n? sinh? a 
[ô |< (5) ane xs, (238) 


For the second series, from (234): 


8,=1+7, at + ee 








we have: 
2 p2 
8,=14+ 7 a, (236,) 
where 
6 ni Ri 
ie ae eee 


We find from (232,): 


n? cosh? a 


x? 2 
pric a ratito) = 
a1 4 tert), 


where 
a? T? Ti 
Z u a 
It is evident that r < (42/41) (x?/4.5) and 


2 2 4 2 
opret. T (5) x lk gz 


Zi ‘10 (Hi) eo 10° 10° 


We therefore obtain: 





n?R? n? cosh? 
S,=1+ tta =l ae tt oe (237,) 
where 6, > 0 and 
ôs =a, + (2r + re) SOSTRE po < 
20) ini cosh! a 11 n?cosh?’a 
(is) 5-641 tiot 20-67 7 C38) 


Bearing in mind the inequalities (235) and multiplying expressions (237) 
and (237,) together we obtain for (232) the following formula: 


sinh a n? cosh? a. 


-nR S, = 
Se Oa Leaps 


at +ò, (239) 


where 
16|<5/6,| +6, (239,) 
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and | 6, | and | 6, | satisfy the inequalities (238) and (238,). Let us now substi- 
tute (239) in (233). We have: 


= aa 








+e 
r= vo f (1-7 nSnhe ipn cosh? a as) s" 


2.6? “da +A, +a, 


(240) 


—o 


where 
= sinha 2 cosh? a Sy inne a 
4,=2{ (1-2 Ti spn 7.6? 2) e 2 dz, 
S (241) 











sinha , 


dz. | 





4,=2 for’ 


The integrals in (240) have to be evaluated and the error (241) must be assessed. 
Subject the numbers n and e which satisfy (235,) to yet another most important 
condition: 


riB aL Nal. (242) 


When this is done the assessment of error is obtained in an elementary form and 
this gives us the formulae: 


1 5 
2 T -N 3N? cosh? a 
|4| < (ose ;] 9 [i + mps]. (243) 
z(1 cosh? a cosh‘ a 
14, | < val Jar) (z+ 25 sinhřa + EEr) (243,) 


where we assume in (243) that N > 8. 
Evaluating the fundamental integral in (240) we arrive at the following 
final formula: 


1 
— anf(—a) 2 2 = zl a 5 cosh? =) 1 ‘ 
f=. va(;, Ff 1 ee | a te) (244) 





nsinha 8 3 sinh? a 
where 
‘i 5 
e` N2cosh? a 2 271 cosh? a cosh! a 
, Mes cde rte cooper 4! 
Soe (+5, Se) wamba) (9? Seana! Seis Bankia) (248) 


We obtained (244) and (235) on the assumption that the conditions (242) and 
(243,) are satisfied. Suppose in what follows that 


1 
_(¢ 1 
> (; cosh -) ' (246) 
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We find 
3 N’ cosh? a 
and 
5 
2 2 
N?2 cosh? a 3 (247,) 


6n sinh? a YN 


It can be seen from (245) that if we take N = 8 then the terms in the second 
line of (254) will take values which exceed the value of the term containing the 
factor e7”. 

Therefore, if we agree to take N > 8 the formula giving the error can be 
rewritten in a simpler form: 





8 © 25sinh?a  8sinht a 


This inequality will be valid providing that N > 8 and this can be written 
as follows: 


}o1<2{ (248) 


2 2/1 cosh? a cosh‘ a 
n sinh -) 


2 
n` sinha > 2 cosh? a 


y18 
or 
2 = 
n3 sinh a > 3 cosh3 a. (249) 


In the chapter devoted to Bessel functions we shall make use of the results 
obtained above but substitute 


cosh a = Pana n=2, 


where p is a symbol and z is the argument of Bessel’s function. 
In this case z sinh a = yp? — z? and the condition (249) acquires the form: 
2 


Vor— > api. (249) 


If we take into account the fact that that p > yp? — z? then it becomes evident 
thet condition (249,) can be satisfied only when p > po, where py = 3p’, i.e. 
Po = 27. When making more accurate calculations this borderline can be 
somewhat lowered. 


CHAPTER IV 


FUNCTIONS OF SEVERAL VARIABLES 
AND MATRIX FUNCTIONS 


81. Regular functions of several variables. The theory of analytic 
functions of several variables is similar in its fundamental concepts 
to the theory of functions of a single variable. However, when developed 
further it has several characteristic differences. We shall only deal 
with fundamental concepts of this theory and consider power series 
of several variables in greater detail. To simplify arguments we shall 
take two independent variables. The definitions and proofs will also 
be valid for a greater number of variables. 

Let z, and z, be two complex variables and 


Í (2, 22) (1) 


be a function of these variables. Let us suppose that the variable 2, 
varies in a certain domain B, and the variable z, in a certain domain 
B,. If, at the same time, function (1) is a single-valued and continuous 
function of its two arguments and, if for any arbitrary values of the 
variables in the above domains, the relationships 
fat Azı, 22) — Í (Zv 22) and Í (21, Z2 + 422) — Í (Zu 22) 
Az, Az, 

tend to a definite limit as the complex increments 42, and 42, 
tend to zero, then function (1) is said to be regular or holomorphic 
as 2, and z, vary in the domains B, and B,. The limits of the above 
functions give the individual derivatives of function (1) with respect to 
the variables z, and 2,: 

Of (21 22) Of (Zr, Z2) 

az and az . 

82. The double integral and Cauchy’s formula. Let J, and 1, be two 


contours which lie in the domains B, and B, respectively. We construct 
a double integral which is obtained by the successive evaluation of 
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The variables z, and z, appear under the integral as parameters. 
Differentiating with respect to these parameters we can see that our 
function /(2,, 2,) has derivatives of all orders and we obtain expressions 
for these derivatives in the form of double integrals: 





PHAS (ey %)_ Patty, (fa 22) 
wey e | @oapiet cae (3) 
4 L 


As for functions of one complex variable the principle of the 
modulus follows from Cauchy’s formula: if the function /(z,, 2.) is 
regular in the closed domains B, and B, and | f(z}, z2) | < M, when 
z; belongs to l and z; belongs to l, then | f(z,,2,)| < M when 2, 
belongs to the closed domain B, and 2z, to the closed domain B,. 

The theorem of Weierstrass is proved in exactly the same way as 
for functions of one complex variable: if the terms of the series 


D Pr (21 22) 
k=1 
are regular functions in the closed domains B, and B, and the series 
converges uniformly in these domains, then the sum of the series is 
a regular function in the above domains and the series can be differenti- 
ated term by term with respect to z, and z, as often as we please, 
providing z lies inside B, and z, inside B}. 
The series remains uniformly convergent in any closed domains B; 
and Bz, which lie inside B, and B,. 
All the above statements can be extended to include functions of 
several independent variables. Below we shall only consider power 
series. 


83. Power series. A power series of two independent variables z, and 
Za with centres at b, and b, can be written as follows: 


> Z tp (2 — 51)? (2, — b9)% (4) 
p=0 q=0 
where the variables of summation p and q are independent of each 
other; they take all positive integral values, starting with zero. Series 
(4) is a double series. 
We dealt with such series earlier in [I, 142] when the terms of the 
series were real. 
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Let us suppose that the series, constructed from the moduli of the 
terms of the series 


> >| 49! |% — b [|z — bl. (5) 
p=0 q= 
converges. 


In such a case, as we know from [11], the series, constructed from 
real and imaginary parts of series (4) will be absolutely convergent 
and the sums of these double series with real terms will not depend 
on the order of summation. Consequently in this case, i.e. when 
series (5) converges, series (4) will also converge and its sum will be 
fully determined for any order of summation. In future we shall only 
consider the case when series (5) converges, i.e. when series (4) con- 
verges absolutely. 

Abel’s theorem can readily be established in the same way as in [13]. 
Suppose that the series (4) is absolutely convergent when z; = a, 
and 2, = œ. It follows directly that the moduli of the terms of this 
series remain bounded for the above values of the independent vari- 
ables, i.e. a number M exists such that for any arbitrary numbers p 
and g the inequality holds: 

, |@pq {la — b, P | a2 — b2 |1 < M 
i.e. 


M 
lanl < fa = Pla Oe 6) 
Consider now two circles K, and K, of the variables z, and 2,: 
jz — b< la — bil; |&—b|<ja,—2]. (7) 
The first of these circles includes points z, which are nearer to b, 
than to a, and the second includes points z, which are nearer to b, 
than to œ. 
Take a certain point z, in the circle K, and a certain point z, in 
the circle K,, i.e. 
lz — bl = 9 | a, — b| and |z; — b2 | = 92| az — 2], 
where 0 < q, and q, < 1. At the same time, using (6), we obtain the 
following inequality for the moduli of the terms of series (4): 
pa | |21 — b1 |P | 22 — bz |1 < Maigh. (8) 
It can readily be seen that the double series with positive terms 


S S Mga 


p=0q=0 


ja 
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will be convergent. In fact this series is obtained by multiplying two 
series with positive terms [I, 138]: 


M(+ga+ä+...) and (l+9+4+.---), 
and its sum is 
ee 
(1 — g) (1 — 2)” 


Hence in the case under consideration, series (5) will be convergent 
and series (4) absolutely convergent. It also follows from the ine- 
quality (8) that series (4) will be uniformly convergent in the circles 
Ki and K, with centres at b, and b, and radii 9, and @,, which are 
less than the radii of K, and K,. In this proof we did not use the 
absolute convergence of series (4) when z, = a, and Z, = 4a,, but we 
used the inequality 


| nq (a, E b,)? (az — ba)" | < M ’ 


i.e. we used the fact that the terms of this series are bounded when 
2, = a, and 2 = ay. 

We thus arrive at the following conclusion: if the moduli of all terms 
of series (4) are bounded when z, = a, and z, = a, by one and the same 
number, then series (4) will be absolutely convergent inside the circles 
(7) and uniformly convergent inside the circles: 


|z — |< (1 — £)|a — b|; |22 — ba | <(1 — €) | az — bz], 


where « is any small fixed positive number. 

Notice that if, when 2, = a, and z, = a, series (4) converges (not 
necessarily absolutely) for any arbitrary order of summation, then 
its terms tend to zero as they move away from the origin; hence 
their moduli are bounded by one and the same number and 
inside the circles (7) the series will be absolutely convergent. 

What was said above brings us to the concept of the radius of 
convergence of series (4) in exactly the same way as in [13]. 

In this case there exist two positive numbers R, and R, which 
show that series (4) converges absolutely when |z — b |< Æ 
and |z, — b, | < E, and that it diverges when |z; — b, | > R, and 
| 22 — ba | > Ra Notice that in this case, the region of absolute con- 
vergence of series (4) is simultaneously determined by two radii of 
convergence R, and #, and these radii, generally speaking, cannot 
be determined separately, for the value of one depends on the other. 
If R, is made smaller then it is very probable that R, can be made 
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bigger. In other words in this case we can speak only of combined 
radii of convergence R, and R, or, which comes to the same thing, of 
combined circles of convergence. Consider, for example, the power series 








œ eo l 
S Sra t (9) 
Series (5) will become 
eve ! 
2 SeH 2 |2 |? |221. (10) 
p=0q=0 


Group together all terms of this series in which the sum p + g is 
equal to a given number s. According to the binomial theorem the 
sum of these terms will be 


(lal + [22[)% 
and series (10) can be rewritten in the form 


D> (la) +12!) 


s=0 


from which follows directly that it will converge when, and only 
when |2,| + [2,|< 1. Hence for series (9) the combined radii 
of convergence are determined by the equation R, + R, = 1. If we 
take, for example, R, = 0, where 0<9@< 1, we shall have 
R,=1— 9. 

Consider as a second example the series 


Š $44 
p=0q=0 

It can readily be seen that here the necessary and sufficient con- 
dition for convergence is expressed by the inequalities | z, | < 1 and 
|2,| < 1, ie. in this case R, = 1 and R, = 1 and the radii of con- 
vergence are determined separately. 

Consider series (4). As a result of uniform convergence and the 
theorem of Weierstrass the sum of series (4) inside the combined 
circles of convergence is a regular function f(z}, 2.) of two variables. 
As in [13], we can differentiate series (4) with respect to both variables 
as often as we please inside the circles of convergence. This dif- 
ferentiation does not alter the circles of convergence. 
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Differentiating several times and assuming subsequently that 
z, = b, and 2, = b, we obtain, as in [14], the following expressions 
for the coefficients of the terms of the series: 


l BPH (zi, Za) 
Pa pig! @2P 829 |za=b; a=b, (11) 








i.e. series (4) is the Taylor’s series for the function /(2,, 2,). 

If R, and R, are the combined radii of convergence of series (4), 
then this series will be absolutely and uniformly convergent when 
|z — b | < R — e and |z; — ba | < R, — «, where £ is any small 
positive fixed number. At the same time, from (3) and (11), we have 
the following inequality for the coefficients of the series: 

Ital < P T uy 
where M is a positive constant, the value of which must depend 
on the choice of e. 

Substituting the coefficients a), in series (4) by positive numbers 
which exceed the moduli | apq |, we obtain a power series 





(z, — bP (z2 — b)! (Ri = FR, — £; Ry = R — £), (13) 


usually known as dominating or major for series (4). It can readily 
be seen that the sum of series (13) is equal to 


fy. zabh zb) 14 
(1 — = jO- = s) (14) 
and this latter function is known as the dominating function of series (4). 
Coefficients in the expansion of powers of (z, — b,) and (Z — b,) are 
positive and greater than the moduli of the coefficients of apq. 
The result [14] can readily be generalized to include two variables. 
Let f(z 2.) be a function, regular in the circles |z, — b, | < Æ; and 
| 2, — b | < R, with centres at b, and b, and let J, and J, be the 
circumferences of these circles. On fixing any two points z, and 2, 
inside the above circles we can obtain Cauchy’s formula 


f (21,23 ) r 
f (2, 2) = -zafe Acerca — 2z,) Ea i (15) 


Consider the rational Rdlion 


a ers 
(2; — 21) (Z; — 22) i 
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As in [14] we can expand it into a series of powers of the dif- 
ferences (z, — b) and (z, — bə) 





1 -$| $ _a ab be) 
(z1 — 21) a-a aa (z AE Zbit 


this converges uniformly with respect to 2; and z}, providing these 
points lie on the circumferences 1, and l. Substituting this expression 
in formula (15) and integrating term by term, we can obtain our 
function /(2,, 2.) in the above circles in the form of a power series 


Í (Zo 22) = > | Š an P (z, — b)9. (16) 


p=0q 


The coefficients of this series are determined by the formulae 
as pent) T zm 


sA er f A Z) 
~ p!g!  @zp azg 





(17) 


Thus any function f(2,, Za) which is regular inside two circles can be 
expanded inside these circles into a power series. As in [14] it can 
readily be seen that this expansion is unique, for the coefficients 
must be determined by formula (11). 

In series (4) we can group together terms which are equal with 
respect to the differences (z, — bı) and (z, — b), i.e. we can write 
series (4) in the form 


> > tyh — b)’ (22 — b), (18) 


s=0 pt+q=s 


Z=b; %=by ` 


where the inside finite sum includes those values of p and g the sum 
of which is s. Formula (18) gives the function /(z,,2z,) inside the 
circles of convergence in the form homogeneous polynomials with 
respect to (z; — b) and (z, — b). Suppose now, conversely, that 
series (18) is given in the form of homogeneous polynomials and 
that it converges uniformly in certain circles |z; — b, | < R, and 
| Z3 — ba | < R, According to the theorem of Weierstrass the sum 
of this series will be a regular function of /(z,,2,) in these circles. 

We can also differentiate our series (18) as often as we please 
with respect to both variables. Differentiating and assuming sub- 
sequently that z, = b, and z= b, we obtain formula (11) for the 
coefficients apg, i.e. these coefficients will be the coefficients of 
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the Taylor’s series for the function /(2,, 2,) and we can rewrite series (18) 
in the form of the double series (4); this series will converge absolutely 
and uniformly inside the above circles. We can therefore say that 
if a series given by homogeneous polynomials converges uniformly 
inside certain circles then this series can be simply rewritten in the 
form of a double series, which is the usual power series and which 
converges absolutely inside the above circles. 

If we separate the real and imaginary parts of z, = 2, + iy, and 
2, = T, + iy, then in a four dimensional space with coordinates (21, Y, 
Yq, Yı) the region of uniform convergence of series (18) given by 
homogeneous polynomials, can be wider than that for series (4). 

In example (9) series (18) has the form: 


> (41 + 22)* 
s=0 

and the domain of its uniform convergence is given by the inequality 
lja +%|<1, 


(£1 + 23)? + (yi +H)? <1. (19) 


For series (9) itself we must have R, + R,=1; its domain of 
convergence is determined by the inequality: 


l4|/+la/<1, 
Le: Vat t yi + Vet, 
or 
t+ yi tat yt 2 Vri t wilt yi< i. (20) 


The inequality (19) determines a wider domain than (20), i.e. if the 
numbers x, and y, satisfy (20) they will also satisfy (19) and vice 
versa. In fact, from the inequality 


(£123 + YY)? < (x3 + yi) (23 + ¥}) 


it follows directly that the left-hand side of inequality (19) is less 
than or equal to the left-hand side of inequality (20). 

All the above arguments can be extended to include n variables, 
when the domain of absolute and uniform convergence of the series 
will be a set of n circles. 
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84. Analytic continuation. A function of two variables f(z., Zə), 
determined by a power series (4) inside the circles of convergence, 
can be regular in a wider domain; as for a function of a single 
variable the question of analytic continuation of this function arises. 
Here, as in the case of a single variable [18], the fundamental 
proposition that if two functions are regular in certain domains, 
they coincide in these domains, if at any two points z; = b, and 
Za = b, in these domains, the values of the above functions and of 
all their derivatives are the same. 

Let us now consider once again the function /(z,, 2.) which is given 
by a power series. Let 2, =c, and z, =c, be two points belonging to 
the circles of convergence. Using series (4) we can determine the 
values of the derivatives 

PH y (2,22) 
3z? Oz¥ 











2y=C,; %=Cs 


and construct the Taylor’s series for the function /(z,, 2,) in integral 
powers of the differences (z, — c,) and (z, — ¢,) 


Š Stn 2 — C4)? (2, — c3)" - (21) 

p=0q~=0 
It can readily be shown that such a reconstruction of the power 
series is equivalent to making the following assumptions in series (4): 


= [(z, — c) + (¢, —2)]?, 
= [(% — ¢2) + (cz — 5,)]*- 


We expand the brackets using Newton’s binomial theorem and group 
together terms with the same powers of (z, — ¢,) and (z, — ¢,). Series 
(21) will certainly converge and its sum inside the circles with 
centres at c, and c, which belong to the circles of convergence 
of series (4), will be /(z,,2,). It may happen, however, that these 
new circles fall outside the old circles of convergence. In that case 
we obtain our function /(z,, 2.) in a wider domain, i.e. we extend the 
domain in which our regular function can exist. Applying the above 
process of analytic continuation by means of circles several times we 
can, in certain cases, extend the domain in which our regular 
function can exist; the whole set of values which we obtain in this 
process will give us the analytic function obtained from its element 
as given by series (4). We shall not consider here in greater detail 
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analytic continuation with regard to singularities. All that has been 
said holds for any number of independent variables. Notice that the 
paths L, and L,, along which z, and z, vary in the course of the analytic 
continuation of f(z,, 2,), do not determine the result of this continua- 
tion. It is important to know exactly the way in which z, and z, 
move with respect to each other along L, and L£,. This is all we are 
going to say about the general theory of functions of several complex 
variables. At present this branch of the theory of functions has 
developed widely. A more detailed description of fundamental facts 
in this field can be found in the Course of Mathematical Analysis by 
Hurse. There is also a special book by B. A. Fuchs The Theory of 
Analytical Functions of Several Complex Variables (1948), where 
extensive bibliographical references are given. 


85. Matrix functions. Preliminary propositions. We shall now 
consider the case when the argument of the function consists of 
one or several matrices; we shall start with a single matrix. Earlier 
in [III,,44] we considered the simplest cases, viz. the polynomial 
and the rational function of one matrix. Before going on to consider 
more complicated functions we shall establish some fundamental 
propositions. In future we shall denote by n the order of the matrix. 

Suppose that we are given an infinite sequence of matrices 


bine. Omen 


We say that the limit of this sequence is the matrix X if for any 
arbitrary values of the symbols ¿ and k: 


Tim { Xmbix = {X}ix , (22) 
i.e. the elements of the matrix X „m have as their limits the correspond- 
ing elements of the matrix X. At the same time we shall always 
assume that the matrices under consideration are of the same order. 
We shall now introduce certain new symbols which will be useful 
in future. The symbol || a || will denote a matrix, all elements of 
which are equal to the number a. The symbol | X | will denote a 
matrix the elements of which are equal to the moduli of the elements 
of the matrix X, i.e. 


{1X [hie =1{ X Jacl (23) 
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If a certain matrix Y has positive elements which are greater than 
the elements of the matrix | X |, we shall write this down in the form 
of an inequality 

|X|<Y. 

In other words, this inequality is equivalent to the following system 

of n? inequalities: 


{X la] < {F} (2, k=1, year n). 
Consider the infinite series the terms of which are the matrices: 
Z4+2,+... 


This series is said to be convergent if the sum of its first n terms 
(matrices) tends to a definite limiting matrix Z. Such a matrix is the 
sum of the series 


Z=2Z,+2Z,4+... (24) 
This equation (24) is evidently equivalent to the following n? 
equations: 


{Zhi = {Zihin + {Za} + --- (i, k=1, 2,..., n). (25) 


Let us suppose that in the neighbourhood of the matrix A lie 
all the matrices X which satisfy the condition 


|X—4|<llell, (26) 


where ọ is a given positive number. The inequality (26) is equivalent 
to the following n? inequalities: 


{X — A}al < e. 


Of fundamental importance in the determination of functions of 
matrices in future will be power series of these matrices and we shall 
now consider these series. 


86. Power series of one matrix. A power series of a single matrix 


has the form: 
a,+a,(X —a)+a,(X—a)?4+..., (27) 


where a; and a are given numbers. To simplify our notation we shall 
assume in future that a = 0. Instead of series (27) we shall then have 
a series 


aota X a, X+... (28) 
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In accordance with the multiplication law of matrices we have: 


{X= S {X} {X} 


s=1 
and, in general 
a = pa ha {Zaa = LX Vinca {X} im 
where the summation includes all symbols j independently, from 1 to 
n. Hence the elements of the matrix given by the sum of the series 
(28) can be expressed by the series 


mðn t Sam > {Z} {X} (reo (29) 


m=1 Jv peee jm—i 


where ô; denotes a number determined by the formula 
2: | 0 when i # k 
ik = 


(30) 
l when? =k. 


The last circumstance is directly due to the fact that the constant 
term of series (28) is the number a,, i.e. itis a diagonal matrix, all diag- 
onal elements of which are equal toa,. Formula (29) shows that series 
(28) is equivalent to n? power series of a special kind with n? variables 
{X}%. Notice that when m=1 the terms of the sum in formula (29) 
have the form a, {X},, and the inside sum disappears. 

Consider now the problem of the convergence of series (28). We shall 
consider, first of all, its absolute convergence, i.e. together with series 
(28) we shall also consider the series 


la| + lall X| + lel.. (31) 


or its corresponding n? series 


[40 [Sue + | On| : 2, (IX ff 1X I haa ++ (1X Jie (32) 
m= today eee Jma 
If these series converge then series (29) will converge all the more, 
i.e. the convergence of series (31) guarantees the convergence of 
series (28) and in this case series (28) will be absolutely convergent. 
In agreement with the definition of the matrix | X | we have: 


{|X| ja =H X Jie 
i.e. expression (32) is obtained from (29) by replacing all numbers 
by their moduli. 
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We shall now explain the sufficient condition for absolute con- 
vergence of series (28). Construct a power series for the complex 
variable 


a +a,z2+a,22+..., (33) 
and let the radius of convergence of this series be equal to ng, where 
n is the order of our matrix and ọ is a positive number. We know 
from [14] that we have in this case the following inequality for the 


coefficients of series (33): 
M 


lam) < Tag =a’ 


(34) 


where ¢ is any small fixed positive number and M is a positive 
number which depends on the choice of e. Let us now take the matrix 
|| b ||, where b is a certain number, and determine its positive integral 
powers 


{ib |2 bic = bb + bb +... + bb = nbe, ible = || nb? ||, 


and generally 
be = || a= |. (35) 


Let us now suppose that b = 9, > 0 and take a certain matrix 
X which satisfies the condition | X | < || o, ||. In this case we obviously 


have: 
|X|" < le, |7, ie. |X |" < || n"e]. 


As a result of the inequality (34) 


M 
| aml |X| < = 





a 
È — 3) 


If o < o, then by taking e ny small we have 


0< <l, 





= = E 

and in this case series (31) will be convergent and series (28) will be 
absolutely convergent. If the radius of convergence of series (33) 
is infinite then it is said that the sum of this series is an integral 
function of z. It follows from what was said above that in this case 
series (28) will also be absolutely convergent for any matrix X. 
We thus obtain the following theorem. 

THEOREM. If the radius of convergence of series (33) is equal to no, 
then series (28) will be absolutely convergent for all matrices situated 
in the neighbourhood of the origin. 


[X|<|lell- (36) 
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If series (33) determines an integral function, then series (28) will 
be absolutely convergent for all matrices. 

When considering the absolute convergency of series (28) in the 
domain (36) we can say that the sum of this series f(X) will be a 
regular function in the above domain. 

Consider, for example, the exponential function of the matrix: 


oX 1p 4st... (37,) 


The corresponding power series (33) has an infinite radius of con- 
vergence and, consequently, series (37,) will be absolutely convergent 
for any matrix X, or, as is generally said, it will be an integral function 
of this matrix. 

Consider also the exponential function for any base 


aX = eXtra — 1 4 XE | aes er (37,) 
where log a is a certain fixed value of the logarithm of the complex 
number a. Function (37,) is also an integral function of the matrix X. 
We shall now explain the uniqueness of an expansion into a power 
series. Suppose that we are given two power series 

> a,X™ and 5 bma ™, 

m=0 m=0 
each one of which is absolutely convergent in the neighbourhood of 
(36); we also suppose that in this neighbourhood the sums of the 
series coincide, i.e. 


Š a,X" = Š aX". 
m=0 m=0 


We shall now prove that in this case the coefficients ap must 
coincide with the coefficients am. Notice that condition (36) is also 
satisfied by the diagonal matrices 


X=2=([2,2,..., 2], 
in which |z| < o. Hence the above assumption gives: 


am” = Y am?” (z| < e)- 
m=0 m=0 
We know that the expansion of a function of a complex variable 
into a power series is unique in any particular circle and, consequently, 
an = am. We thus obtain the following theorem. 
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Uniqueness THEOREM. If two power series, which are absolutely 
convergent in a certain neighbourhood (36), have in this neighbourhood 
the same sum, then all coefficients of these two series will be the same. 

If we use the self-explanatory formula 


(SX 8-1) = SX*S-1, 


then for the function f(X), given by the power series (28) or (27) 
we have, as in [III,, 44], the equation: 


f(SXS") = Sf (X) S~. 


87. Multiplication of power series. Conversion of power series. 
Suppose that we are given two power series 


hi (X) = Sa,X™ and f,(X)= X bnX", 


which are absolutely convergent in the neighbourhood (36). We can 
construct a new matrix, which is obtained by multiplying their sums 


Y =f (X) (2). 


The elements of this matrix will be determined by the formulae: 


{Y ja = > {fe (X)}is {fs (A) swe (38) 
where ; 
{hf (X)} x = 8 55 oi Èn 2 {X} 5; {Xhan AASE {X} a 


{fe (X)}is as bis + È bn > {Xhin {X} ian frig {X} mas 


Jir +2 Jne 


Owing to the absolute convergence of the above two series we 
can multiply them term by term, so that for elements of the matrix Y 
we have, from (38): 


{Y Yin = Qoboðik + > (Abn + abm + coe 
m=1 


see $ Ambo) 2 (Xi; {Xna seers {X} maid 
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and the matrix itself may be written in the form: 


Y = abon + Y (aobm + ibm- + +--+ + ambo) X™- 
m=1 
It follows from this that absolutely convergent power series of matrices 
can be multiplied like the power series of numerical variables and the 
product does not depend on the relative position of factors. 
We shall now construct a function which is the inverse of the given 
function f(X), determined by a certain power series 


Y =/(X)=4a,+4,X +a,X?+..., (39) 


and we assume that in this series the coefficient a, is not zero. 
Consider the power series of the usual complex variable 


w = y + 4,2 +a,27+... (40) 


We know that there is only one power series which satisfies the 


condition a, # 0: 
2=c¢,(w—a)+¢,(w—a)?+... (41) 


which determines the inverse function of function (40) in a certain 
neighbourhood | w— ao | < no. If we substitute series (41) in the 
right-hand side of formula (40) we obtain: 


G æ 2 
w=a+a, > cu (w — ay) + a| Š ce (w — a| Feas 
k=1 k=1 


if we now raise the series to their corresponding powers according to 
the multiplication law for series, and isolate similar terms by grouping 
together terms with equal powers of (w— ao), we arrive at the identity 
w = w. If in all the above calculations we replace z by the matrix 
X and w by the matrix Y, then all calculations involving power series 
of matrices in powers of the differences (Y — a) will be the same as 
those in operations with power series of numerical variables (w — a,) 
and, consequently, the results will be the same, i.e. when a, Æ 0 the 
power series (39), which is determined in the neighbourhood X = 0, 
permits a unique conversion of the kind 

X= $ (Y —a,)4, (42) 

k=l 

and this latter series will be absolutely convergent in the neighbourhood 


| ¥ —a,|<|lell- (43) 
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This neighbourhood must be determined by the radius of conver- 
gence of series (41). 

The coincidence of the above formal operations between power series 
containing (Y — a)“ and power series containing (w — ao)“, is due 
to the fact that the above matrix series contains numerical elements 
and one power matrix Y — a,. In fact numbers can be commuted in 
any matrix and powers of one and the same matrix can also be com- 
muted. This gives us the above coincidence of formal operations. For 
example, for any whole positive k we can apply to the term 


(Y — a)" 
Newton’s binomial expansion. But, in general, this formula can no 
longer be applied to the term 
(U, + U,)*, 


where U, and U, are different matrices. 
We shall apply the above remarks to the series 


w=6ë=1 +4 +E +... 


The inversion of this series gives log w and gives us, as we know, 
the power series 
w—l (w—1} 


log w = log [1 + (w — 1)]= i =a te’ 


which converges in the circle |w — 1| < 1. 
Thus the inversion of the exponential function 


zga xX, x 
Y=e S14) tat. 
enables us to determine the logarithm of the matrix in the form of 


the power series 


Y—-1 (Y-I? 


log Y = —— FO eee (44) 





which converges absolutely in the region 
iy —1| <||—|. (45) 
The equation of the matrix 


eX — Y (46) 
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with respect to X has an infinite number of solutions for a given Y. 
Series (44) gives one of the solutions of this equation, viz. it gives that 
solution which is a regular function of Y in the neighbourhood of a 
unitary matrix and becomes a zero matrix when Y = 1. The problem 
of the remaining solutions of the equation, both in the neighbourhood 
of a unitary matrix and outside that neighbourhood is connected 
with the analytic continuation of series (44) or, which comes to the 
same thing, with the analytic continuation of n? power series, to which 
series (44) is equivalent. We shall deal with this problem later. 

Let us now determine the power function of a matrix. It can be 
determined by means of the logarithm of a matrix as follows: 


X° = eE x. (47) 
If we have a numerical variable z 
gt — ealog z 
then substituting a logz in the expansion of the exponential function 


alogz , a? log?z 


alogz __ eee a 
e =1+ i t-a Te 
and substituting 





žl z—1)? (g—1)3 


log z = log [1 + (z — 1)] io a ee ec 





we obtain a power series in the form: 
a a(a—1l 
s= [1+ (2—DJt=14+ 2 @—1) 42S Yep +..., 
which converges when |z — 1 | < 1. Bearing in mind the coincidence 
of formal operations in power series with one matrix described above 
we obtain: 
a(a—1) 


(X12 +..., (48) 


Xo = etl@X 147 (K-11) + 
and this expansion will be absolutely convergent in the region 


|x-11< |=. (49) 


88. Further investigations of convergence. We have already 
mentioned above that the power series (28) is equivalent to the n? series 
(29) of the variables {X},,: consider the inner sum of series (29): 


È {E]n {E]n {E jee (50) 


Ju -ojm 
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Grouping together similar terms in the above sum we can obtain 
series (29) in the form of the usual power series of n? variables {X}jx. 
If we replace all terms in the sum (50) by their moduli and the numbers 
am by | dm |, then this is evidently equivalent to substituting all terms 
by their moduli in the above power series. It follows that if the series 
(29) are converted into the usual power series of the variables {X }ix then 
the absolute convergence of these series is equivalent to the absolute con- 
vergence of series (32), ie. it is equivalent to the absolute convergence 
of series (28). 

In general, the convergence of series (28) in the widest sense of this 
word implies the existence of a limit in the form of a succession of 
matrices 


a+ 5 AmA” (51) 
m=1 


where / increases indefinitely. The addition of a term m = l + 1l to the 
sum (51) is equivalent to adding to the sums 


l 
adrt > as D> {Zahn {X bet (52) 
m=1 ty ep En 
(i, k=1, 2,..., n) 
a homogeneous polynomial with respect to {X},,: 


f+, ee { x Min { x Jah Tae {x Vink (53) 


of the power (l + 1). 

Hence the convergence of series (28) in the above sense is equi- 
valent to the convergence of the n? series (29) in which all terms of the 
type (53) are collected together. We shall consider, first of all, the con- 
vergence of series (28)in a special domain, determined by the inequality 


|X|< A, (54) 


where A is a given matrix with positive elements. The inequality (54) 
is equivalent to n? inequalities 


l{ Xhial< {A hie (55) 


which determine n? concentric circles with centre the origin, for the 
complex variables {X}. We can therefore assume that series (28) 
converges in the domain (54). Let 6 be any positive number less 
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than unity. It is given that series (28) will converge when X = 04A, 
ie. n? equations of the type will converge 


Aix ER D Oram > { A jnd A Ja va { A Jinak : 
m=1 Ju o> jm 
The latter series can be regarded as power series of 0 and we can 
therefore say that their convergence will be absolute, i.e. the following 
series will also converge: 


| @o5ix | + = jam) S {A}in{A}an--- {4 pie 
m= Ji -Jma 

all terms of which are positive. We thus see that the series (29) will be 
absolutely convergent for the matrix 0A. They will be all the more 
convergent for all matrices which satisfy the condition | X | < 04A. 
Remembering that we can choose 0 as near to unity as we like, we can 
say that the series (29) will be absolutely convergent for all matrices 
in the domain (54). At the same time the series (28) will also be abso- 
lutely convergent. We thus have the following theorem. 

THEOREM. If series (28) converges in a domain of the type (54) then 
it will converge absolutely in this domain or, in other words, the n? power 
series (29) will converge absolutely in the concentric circles (55). 

Until now we investigated the convergence of a power series in 
special domains which were determined by the inequality (54) or by the 
inequality (36), which is a particular case of inequality (54). We shall 
now consider the general case of convergence of a power series and 
assume that the matrix X can be converted into the purely diagonal 
form as we did for unitary matrices and also for matrices, all 
the characteristic zeros of which were different. Our condition may also 
be formulated as follows: we shall only consider matrices with simple 
elements. Such matrices can be written in the form [IIJ,, 27]: 


peed) | fray Pemeraray Os 857, (56) 


where S is a certain matrix the determinant of which is not zero and 
A, are the characteristic zeros of the matrix X. To simplify notation we 
shall introduce symbols for segments of the series: 


I I 
fy (X) =% + D an”; fil?) =A + > am”, 
m=1 m=1 


and the sums of the series we shall denote, as before, by 


f(X) and f(z). 
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Substituting expressions (56) in f(X) we have [II], 44]: 


Li 
A(X) =a, 4+ 8 (3S aml, 47,- am) 8 
mel 
or 


f(X) = 8 [Fi (4); fia), «++ 5 (An) 87. (57) 
If all characteristic zeros A, lie inside the circle of convergence of 
series (33) then expression (57) will have a definite limit, viz. 


F(X) = 8 [F (2), f a), --- F (2n)] 575 (58) 


and, consequently, the series (28) will converge. Let us now suppose 
that at least one of the characteristic zeros A, lies outside the circle 
of convergence of series (33) and we will show that (57) cannot tend 
to a definite limit. In fact, we can rewrite equation (57) in the follow- 
ing form: 

[fi (4), fi (e)s +++ Fi An] = S7 A (X) S- 


If f,(X) tends to a limit, then the left-hand side of the above equation 
would also have a limit, i.e. all elements of the diagonal matrix on the 
left would have a definite limit. However, this cannot be so for the 
element /,(A,), since A, lies outside the circle of convergence of the 
series (33). We thus obtain the following theorem. 

THEOREM. The power series (28) converges if all the characteristic 
zeros of the matrix X lie inside the circle of convergence of the series 
(33) and it diverges if at least one of these zeros lies outside the above 
circle. 

We proved this theorem when the matrix X had simple elements, 
i.e. when it was given in the form (56). The proof can be extended to 
include the general case but we do not intend to do this here. 

Let us now consider the general case of absolute convergence, i.e. 
the convergence of the series (31). 

Bearing in mind that a power series of the usual complex variable 
is absolutely convergent inside its circle of convergence we can say 
that the radius of convergence of the series 


wo 
> |@m|2" 
m=0 


will coincide with the radius of convergence of the series (33). Applying 
the theorem which we have just proved to the series (31) we obtain 
the following theorem for absolute convergence. 
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THEOREM. The series (28) will converge absolutely if all characteristic 
zeros of the matrix | X | lie inside the circle of convergence of the series (33) 
and it will not converge absolutely when at least one of these characteristic 
zeros lies outside the above circle. 

It follows from what was said at the beginning of this paragraph 
that the absolute convergence of the series (28) implies that this series 
will also be convergent in the general sense. Using this circumstance 
it can readily be shown that the maximum modulus of the character- 
istic zeros of the matrix | X | is not less than the maximum modulus 
of the characteristic zeros of the matrix X. In fact, let 0, be the 
maximum modulus of the characteristic zeros of the matrix | X | and 
0, be have a similar meaning X. If we suppose that p, > œ, we will 
show that this brings us to a contradiction. Select in series (33) the 
coefficients am in such a way that this series has a radius of con- 
vergence equal to ọ, where ọ satisfies the condition e,> e> a. 
Such will be, for example, the power series obtained by expanding 


the fraction 
pa ame 
j Oaa 
g 

As a result of the above theorems series (31) will, in this case, con- 
verge and series (28) diverge; this contradicts the fact that absolute 
convergence also implies ordinary convergence. 

Let us turn to formula (58). It shows that when the matrix X has 
characteristic zeros A, and all its elements are simple then the matrix 
f(X), determined by a convergent power series, will have character- 
istic zeros f(A;) and its elements will also be simple. This property, 
with a certain clause, can be extended to include elements which are 
not simple, viz. the following proposition holds: if the elements of the 


matrix X are 
(A—A,)¥1, (A—A,)?2,..., (A—A,)Ps, 


then the elements of the matrix f(X), given by a power series, will be 


[A — f (a,)} [4 — f (a,)]P, sae [A — f (As) ]?*, 
providing the derivatives f’(A,,) do not vanish. Formula (58) may also be 
used for the analytic continuation of the function f(X), when given 
by a power series. Suppose that this series converges absolutely in a 
domain of the type (54); take a certain matrix X,in this domain, and 
continuously vary the elements of this matrix by a definite law. The 
characteristic zeros A; will vary continuously at the same time. 
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Suppose that the elements of the matrix S which appears in formula 
(56), are doing likewise. The analytic continuation of the matrix f(X) 
thus involves, according to formula (58), the analytic continuation 
of the function f(A) of one complex variable. 

The analytic continuation described above is very inconvenient 
owing to the fact that formula (58) contains the matrix S, which has 
no definite connection with the given matrix X. In fact we already 
saw on the example of Hermitian matrices that the matrix S can be 
selected in different ways. In certain cases the continuation described 
above will not coincide with the analytic continuation of n? series (29). 
Below we shall explain in greater detail the problem of analytic con- 
tinuation for which we shall use a new important formula. To derive 
some auxiliary propositions for the proof of this formula we have to 
deal first with some simple formulae connected with interpolation. 


89. Interpolation polynomials. The fundamental and simplest 
problem of interpolation consists of the following: we are required to 
construct a polynomial expression with a power not higher than 
(n — 1), which would take given values at n points in the plane of the 
complex variable. Suppose that at the points z, (k = 1, 2, ..., n) it 
takes the value wy. Notice, first of all, that there can only be one such 
polynomial. In fact, we know [I, 185] that two polynomials with powers 
not higher than (n — 1) are identical if their values at n different 
points coincide. The solution of the problem of interpolation can be 
given by the following simple formula: 


n PIRA pre S — oe E 
=2 a=) Sa se ee al (59) 


Pra ( Zk — 21) (Zk — Z2) - «+ (Zk —Zk-1) (Zk — Zeer) + (Z — Zn) 


It can be seen directly that the expression on the right-hand side 
is a polynomial of z with a power not higher than (n — 1). If we 
put, for example, z = 2,, then on the right-hand side all terms, except 
the first, vanish and the fraction in the first term will obviously be 
unity, ie. P,_,(z,) = w, and, similarly, P,_-,(z,) = Wp- 

If f(z) is a regular function in a certain domain and the points 2, 
belong to this domain then the formula 





k — 21) oe + (Zk — Zk-1) (Z — Zeri) «++ (Zk — Zn) 


Pa (3) = > an — 21) ~.. (Z — 2k-1) (Z — Zk -1) <- - (Z — Zn) Fei) (60) 
k= 


gives that unique polynomial with a power not higher than (n — 1), 
the values of which at points z, coincide with values of the function 
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f(z). This polynomial is usually known as Lagrange’s interpolation 
polynomial for points z, and formula (60) is known as Lagrange’s 
interpolation formula. 

The general polynomial of order (n — 1) 


GQotaz+...+a,,277 


has n parameters as. In Lagrange’s formula these parameters are 
determined from n conditions, viz. from the conditions that at the 
points zx the values of the polynomial should be equal to /(z,). Let us 
now formulate the problem in a more general way. Suppose again that 
f(z) is regular in a certain domain and that we are given j points 2, Zz, 
..-,2jinside this domain; we are required to construct a polynomial 
of order not higher than (n — 1), the values of which at the points 
zę must coincide with the values of all its derivatives up to the degree 
(py — 1), with analogous values for the function f(z), i.e. in this case 
we have for the polynomial P(z) the following condition 


P (24) =f (24); 0-03 PlPe-) (z) = PD (z) (R= 1, 2,..., 9); 


where we assume that p, + p, +... + p; =n, so that the total 
number of conditions will again be equal to n. It can readily be shown, 
as above, that such a polynomial must be unique. In fact, if there 
were two such polynomials, then their difference would be a poly- 
nomial of order not higher than (n — 1) and z zeros of multipli- 
city Pr, i.e. we would find that this polynomial with a power not higher 
than (n — 1) would have n zeros. Hence even with this new wider 
formulation the interpolation problem can only have one solution. 
We shall give the method by which the required interpolation poly- 
nomial can be constructed. Construct for this purpose the polynomial 
of degree n: 


p(2) = (e — 2)” (2-2)... (2 — 2) 


and the function 





pe =t. (61) 


This latter function has poles at points z, of order not greater 
than px. The sum of the infinite parts of this function with respect 
to the above poles can be represented by a certain fraction in which 
the degree of the numerator is lower than the degree of the denomi- 
nator and where the denominator has the form 


(z — z)” (z — 2)" <.. (Z— z, 
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where the integers q, are not greater than the integers px. Multiplying 
the numerator and denominator by one and the same factor we 
can reduce the above sum of the infinite parts of the function 9(z) 
to the form: 


Pa (2) 
plz)” 

where P,,_,(z) is a certain polynomial of degree not higher than (n — 1). 
After this formula (61) can be rewritten in the form: 

(2) — Pa (2) 

pe) pe +?) 
where c(z) is a certain function which is regular in the whole domain, 
including the points z,. Rewrite the above formula as follows: 


F (2) = Pa (2) + P (2) © (2). (62) 


The second term on the right-hand side in the neighbourhood of the 
point z, can be written as a product of (z — ?*z,) and a certain function 
which is regular at the point z% i.e. the second term on the right-hand 
side vanishes together with the derivatives at the point z, up to the 
order (p — 1). Thus at these points the value of the polynomial 
P,-,(z) and the derivatives up to the order (py — 1) coincide with the 
corresponding values of the function f(z), i.e. the polynomial P,_,(z) 
is the required interpolation polynomial. In future we shall sometimes 
denote it by A(z, Z}, ...,2,). If all values z, are different then this is 
simply Lagrange’s polynomial. If, however, there are equal values 
among the values z,, e.g. if a certain number zę appears p;, times then 
at the point 2, the values of the polynomial and its derivatives up 
to the order (p — 1) coincide with the corresponding values of the 
function f(z). When n = 2 and 2, ¥ 2, we have 


Z—- z—2Z 


h (2; Z 23) = z = f(z) + z= z, Í (22), 








and when 2, = 2, 





h(2; 2, 2) =f (21) +5 If (z1). 


90. Cayley’s identity and Sylvester’s formula. Let X be a certain 
matrix and 


D(X —Al) =0 (63) 
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be its characteristic equation where D(Y) denotes the determinant of 
the matrix Y. Denote the zeros of this equation by A,, Ap, ..., An. The 
left-hand side can be written in the form 


(— UPAR aah" -o aA + ae) =(— 1)" (A), (64) 


where the a, are simply expressed by elements of the matrix X or 
by zeros of the equation (63). Thus, for example 


a= — (A tA +... H An); aa = Ada AAR +... ALAR: 

The expressions a, are examples of a numerical function or of a 
matrix, i.e. they represent a function which takes a numerical value 
for the given matrix X. We have already considered such functions 
[II],, 27]. Let us recall that (—1)"a, is the determinant of the 
matrix and q; is the trace of the matrix equal to the sum of its diagonal 
elements. 

Cayley’s identity consists of the following: if in the polynomial 
pA) = an + ay Ant + ... + an we replace the letter A by the matrix 
X, then we obtain a zero matrix as the result, i.e. the following iden- 
tity holds: 

y(X) = X"+a,X"+...4+4,=0. (65) 

Let us suppose that the characteristic roots 4, are different or, more 
generally, that the matrix X can be represented in the form: 


X= [à a,.--, 4] 972. 


At the same time, as we saw in [III,, 44] we have: 


Y (X) = 8 [v (Ay), Y a) e vn] S- 
But the zeros A, are zeros of the polynomial »(z) and therefore: 
p(X) =S[0, 0,..., 0] S7. 


In the centre stands a diagonal matrix in which all elements on the 
main diagonal are zeros. Such a matrix consists of zeros throughout 
and, in general, the right-hand side of the above equation is also a 
matrix which consists of zeros, i.e. formula (65) does, in fact, apply. 
It is not difficult to extend the proof of this identity to include the 
general case when, by using the method of limit transition, we con- 
sider, to start with, matrices with different characteristic zeros. 

Consider now a certain function f(X) which is determined in the 


domain 
|X|<A (66) 
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by an absolutely convergent power series 
f(X) =a +a X +a,X24+... (67) 
Take a certain matrix X belonging to (66) and assume that the 
characteristic zeros A, are different. We now suppose that in the iden- 
tity (62) 
P (2) = (z — 1) (2 — 2a) --- (Z — 2a) = Y (2). 
We then have the identity 


f (2) = Pr- (2) + 9 (2) œ (2), (68) 


where P,,_,(z) is Lagrange’s interpolation polynomial for the points A,. 
Formula (68) obviously remains an identity if we replace the variable 
z by the matrix X, for in the product on the right-hand side there is 
only one matrix X, the powers of which commute and therefore a 
product can be constructed in the same way as before when z is 
replaced by the matrix X. In this case the polynomial y(X) coincides 
with the polynomial (65) and from Cayley’s identity we have 


(X) = Pa (X). 
In the expanded form we have in the domain (66) for any matrix X 
with different characteristic zeros: 


n (X = Dac (X — åka) (X — ikna) -.. (X — 2 


a) 
[2 Gad Ge aay A 


Formula (69), which is known Sylvester's formula gives the infinite 
series (67) in the form of a polynomial matrix and the infinite power 
series enter the formula through the expressions /(A,), which are ordi- 
nary power series of the complex variable. 

If among the characteristic zeros A, of the matrix X there are similar 
values then we shall have on the right-hand side of formula (69) 
not Lagrange’s polynomial but the more general interpolation poly- 
nomial which we mentioned in the previous section; we have a 
similar representation for series (67) in the form of a polynomial of 
the matrix 

F(X) =h (X; Ay Ag +s An) (70) 


For a matrix of the second order this gives us, when 4A, # A,: 
xX—A xX—A 
f(X) =F fy) +5" Aa (71) 

and when À = 4,: 
F(X) =F (A) + (X — å) f (4). (72) 
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Thus, for example, for an exponential matrix of the second order, 
when A, # 4,, we have: 


x—A xX —A 
>, Grae 2 aî l al 
Or a, ei + Eh eż. (73) 





Note that the general formula (70) which should be applied when 
there are similar zeros among the zeros Ax, can be obtained from 
formula (69) by the method of limit transitions, when certain groups 
of zeros Àx tend to a common value. 


91. Analytic continuation. Formula (67) which determines a regular 
function f(X) in the domain (66) is equivalent to the n? power series 
(29) which are absolutely convergent in the concentric circles: 


IX jal < {A ja- 

By performing analytic continuation of these n? power series we 
determine the matrix f(X)in a wider domainand the whole set of matrices 
obtained as a result of this analytic continuation will determine the analytic 
function f(X) as given by its original element, viz. by series (67) in domain 
(66). Consider Sylvester’s formula. When the elements of the matrix X 
vary according to a definite law, its characteristic zeros Ay will also vary 
continuously in a definite manner and, according to (69), the analytic 
continuation of the function f(X) will, in fact, involve the analytic con- 
tinuation of the function f(z) of one complex variable. If in the course 
of this analytic continuation some of the zeros A, coincide then instead 
of formula (69) we must turn to formula (70). If the function of the 
complex variable f(z) remains single-valued after analytic continuation 
then the only difficulty caused by using Sylvester’s formula for analytic 
continuation is due to those matrices X, the characteristic zeros of 
which contain values of å which are singularities of the function f(z). 
Thus, for example, on analytic continuation of the function which is 
determined in the neighbourhood of zero by the series 


f(X)=14+X4+ X24 ..., 

those matrices will be singularities, the characteristic zeros of which 
include at least one which is equal to unity. It can be proved that in 
the case under consideration the analytic continuation by Sylvester’s 
formula is fully equivalent to the analytic continuation of the above 
n? power series and that it gives all values of the analytic function. 

Let us now consider the case when f(z) is an analytic function which 
becomes many-valued in the course of its analytic continuation. In 
this case the function f(z), as we saw above, can be single-valued not in 
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the ordinary plane of the complex variable but on a certain Riemann 
surface R with several sheets; this shows that our functions are many- 
valued. When the elements of the matrix X vary continuously its 
characteristic zeros will do likewise on the above Riemann surface R. 
If we are determining the values of our analytic functions f(X) for 
a certain particular value of the matrix X, then we must know not 
only the matrix X, but also the process of analytic continuation 
of the function f(X) which produced this matrix X, by starting with 
a certain matrix in the domain (66), in which the function was given 
by series (67). In other words, we must know not only the matrix X, 
but also the path of the analytic continuation which produces this 
matrix. Let us suppose that this path was such that Sylvester’s formula 
was used throughout the analytic continuation, but that when X tends 
to X,) two characteristic zeros 4, and A, tend to coincide, i.e. they tend 
to one and the same complex value å, although they lie on different 
sheets of the Riemann surface R. In the limit, the characteristic 
zeros À, and A, of the matrix X, coincide, but the function f(z) 
in the neighbourhood of this common value A, will be determined by 
two different Taylor’s series, since the corresponding points lie on diffe- 
rent sheets of the Riemann surface R. In general in the limit although 
A, = 4, we have f(A,) 4 f(A,). In this case the Lagrange-Sylvester 
formula is devoid of any meaning and we assume that the matrix X, 
along the above path of analytic continuation is a singularity of the 
function f(X). It may, of course, sometimes happen that f(A,) = f(A.) 
in the limit and the difference becomes apparent only in certain deriv- 
atives, i.e. for a certain s we have {(A,) = /(A,), although A, = 4. 
In this case by moving the characteristic zero away from the common 
value 2, by as little as we please, we can obtain such a value å, on 
different sheets, for which /(A,) # f(A,) although A, = 2g; we assume, 
as before, that the matrix X, is a singularity of the analytic func- 
tion f(X). Hence in the case of a many-valued function certain matri- 
ces must be added to singular matrices of the analytic function f(X) 
which are determined by those paths of analytic continuation, in which 
similar characteristic zeros of the matrix X correspond to different ana- 
lytic elements of the function f(z). 

We will not explain in greater detail the above characteristics of a 
many-valued analytic function /(X). Let us investigate only one simple 
special case. Consider the matrix 


X=S[dy, Ay. +5 A] SA, 
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where S is a definite matrix, the determinant of which is not zero and 
whose zeros A, are different. We suppose that this matrix lies in the 
domain (66) where our function f(X) is determined by series (67). We 
shall now continuously vary the matrix X by a definite law, viz. when 
fixing S the zeros A, will vary in such a way that they will always be 
different and will never coincide with the singularities of the function 
f(z); also, in the limit, all zeros A, will tend to the common value 4,, 
but will lie on different sheets of the Riemann surface R of the function 
f(z). Suppose, for simplicity, that on these sheets the values of the 
function f(z) at the point A, differ in pairs. At the limit we have the 
matrix 
Xo = S [2n Aq, -G 20] 57 = Ay, 


i.e. simply the zero A,. The values of the function are determined in 
the original domain (66) by the formula 


S [F (Ay), F(a) +++ F (An) 87. (74) 


The problem involves the analytic continuation of /(A,) for a fixed S. 
In this case we obtain a definite limit for the function, which must 
be equal to: 


S [Hy Ma -o Ha] Se (75) 


where ug denotes the value of the analytic function /(A,) on that sheet 
of the Riemann surface on which the zero A, lies. Notice that the final 
result (75) depends on the choice of the matrix S. By changing the 
elements of the matrix S as little as we please we also change the 
final result (75), which can be readily shown by bearing in mind that 
Hi # pk When i # k. The fixing of the matrix g involves the choice 
of a definite law of variation of the matrix X in the course of analytic 
continuation. In doing this we obtain a definite limit for the function 
f(X) at the singularity X = X,. By slightly altering the elements of S 
we arrive at a different limit. It also follows from this that series (29) 
cannot be analytically continued over the point X = X,. This singu- 
larity is, of course, connected with the path of analytic continuation 
which brings us to that point. It can be shown generally that the 
singularities of f(X) as determined above for the case of the many- 
valued function f(z), will also be singularities in the analytic continu- 
ation of n? power series (29) and vice versa. In other words, the use 
of Sylvester’s formula in analytic continuation is equivalent to the 
analytic continuation of n? series (29). Those matrices will be singular 
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in that continuation among the characteristic zeros of which there are 
singular points of f(z) and also matrices in which similar characteristic 
zeros lie on different sheets of the Riemann surface of the function /(2). 


92. Examples of many-valued functions. The logarithm of the matrix 
Y =logX (76) 
is, by definition, the solution of the equation 
e =X. (17) 
Let us suppose that the matrix X has simple elements: 
X=S[A, fz... Ag] 85, (78) 


and that none of the zeros A, is zero. It can readily be seen that we obtain 
the solution of equation (77) by assuming 


Y = S [log å, log åz, ..., log ån] S"}, (19) 
for, as we saw above 
oY = S [ols 4, els 4s, ..., eles de] GS-1 = S[A,, Ag...) Aq] S74, 


i.e. the matrix (79) satisfies equation (77). We can in formula (79) take any value 
of log 4, so that we have 


Y = S [log 2, + 2nr,i,..., log åp + 2ar,i] S~, (80) 
where log 4, always denotes the principal value of the logarithm 


— n < Ag Àg <n, 
and rą are any integers. 

The many-valuedness of formula (80) is due to two causes. In the first place 
it is due to the freedom of choice of the numbers rg and, secondly, to a certain 
arbitrariness of the matrix S, which enters formula (78), when the matrix X 
is fixed. If, when A; = Ay, we have r; = r, then the values of log X are said 
to be regular. We will show that a regular value of a logarithm is fully deter- 
mined by the choice of the integers rą so that it is wholly independent of the 
choice of the matrix S. In fact, let g, Ha .-., gj be different characteristic 
zeros of the matrix X and 7,, 72, -.., rj be the corresponding integers in formula 
(80). Construct Lagrange’s interpolation polynomial with a degree not higher 
than (j — 1), with the condition 


P(uy) = log uy, + 2aryi (k=1, 2,..., 9). 
According to formula (78) we have: 


P (X) = S[P (A), Cec) P(A,)) S71, 
or 
P(X) =S [logé, + 2ar,i..., log ån + 2zr,i] S71, 


ie. P(X) = Y, from which it follows directly that the assumed value of the 
logarithm does not depend on the choice of the matrix S, for this latter matrix 
does not appear in the construction of the polynomial P(X). 
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Applying Lagrange’s formula we have: 


n 
(X — Ay) -+ - (X — Ayn) (X — Agar) - ++ (X — An) 
X = AE E LL Oop Ay, 81 
ee Sey eee A (81) 


if all the characteristic zeros are different. Using this formula it can be shown 
that any matrix, in which at least one characteristic zero is zero, is singular for 
the function log X. 

Let us suppose that it is impossible to represent the matrix X in the form 
(78), ic. we suppose that the matrix has multiple elements. Using the argu- 
ments of [88] it can be shown that the elements of X are 


Oa , (2 — Am) Pm, (82) 


and that the elements of the matrix log X, which give the solution of equation 
(77), will be: 
(å — log å,)P, ..., (å — log åm)Pm. (83) 


If, when the values of A, are equal, we take equal values of log 4, then the 
corresponding values of log X are said to be regular. It can also be shown that 
formula (81) gives all the regular values of the logarithm in the course of analytic 
continuation and that it gives regular values only. 

Consider, for example, the simplest irregular values of a logarithm. Take as 
the matrix X a certain zero Å, i.e. a diagonal matrix with elements 4. We can 
write this matrix as follows: 


X=S8[A,4,..., AJ STi = SAS! =A, 


where S is any matrix, the determinant of which is not zero. Fixing the numbers 
r; in a definite way we obtain the value of the logarithm: 


log X = S [log 2 + 2arji, logå + 2ar,i,..., log å + 2ar,t] S7! 
or 

log X = S [log A, log å, ... log å] S7! + S[2ari, Zart, ..., 27r] 8S 
and finally: 


log X = log AI + 2nt8 [ry, To -< s Ta] S7. 


If the zeros 7, are not equal then the second term will essentially depend on 
the matrix S, which can be chosen quite arbitrarily. 

We saw above that formula (79) gives the solution of equation (77) if the 
matrix X has the form (78). It can be shown that in this case formula (79) 
gives all the solutions of equation (77) [S in (79) is chosen arbitrarily}. 

Consider now the square root of the matrix 


z 
Y =X? 


as the solution of the equation (84) 


Y: =X. 
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For the matrix X, situated near a unit matrix, we can represent one branch 
of this many-valued function in the form of the following power series: 


1 It 
Y= [+EH X- E XI.. (85) 


This series can be transformed by Sylvester’s formula providing the charac- 
teristic zeros of the matrix X are different: 


ŞS (X = Ay) oe (X = fka) (X = łka) «(X= An) 


1 
TSRS 2G aaa a 





To simplify the notation we suppose that the matrix is of second order. 
Let the matrix X be of the form: 


|X =S[A, 4] S7 (å, and A, #0). 


It can easily be proved that equation (84) has the solution 
SIV, + VAS", (87) 


where arbitrary values of the radicals may be taken. 

It can be shown that this formula gives all the solutions of equation (84) 
and that S, as in (79), is chosen arbitrarily. 

If we take in formula (87) only regular values, i.e. when A, and A, coincide 
we take equal values of the radicals only, then it can be shown in the same way 
as for a logarithm that formula (87) will give a definite solution which depends 
on the choice of the radical but which is independent of the arbitrary choice 
of S. 

If A, and A, are different, then formule (87) gives, in general, four different 
solutions of equation (84). On supposing that 4, and A, are equal, we have for 
the matrix X: 


X =S [h, A4] S =A, 
where S is any matrix the determinant of which is not zero. 
Formula (87) gives 
1 
X? = S[+ VA, + Y7] S~. 


If we take equal values of the radicals then this is equivalent to the fol- 
lowing: 


1 
xX? = 472, 1. (88) 
Consider now the case when different values of the radicals are taken: 
1 
xX? = 72, S[1, — 1] 8", (89) 


or 


1 
X? = — V3, S[1, — 1] S-71 (90) 
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where S is any matrix, the determinant of which is not zero. Write out this 
matrix and its inverse in the expanded form: 




















$i Sis Si , Sos | SD", = sD | = D-1 | 822) — S12 ; 
821r Soe — 8a D!, 8u D71 — 821. 1 
where 
8i S12 
D = D (8) = = 811822 — 81282: + 
S21, 822 








Formula (89) can be rewritten in the following form: 




















1 i 
x2 = ¥A,D7 S11) S42 u, —1] | S22, 512 ; 
821» 822 — zv $4 
or 
1 
= 81822 + 82831 — 2811512 
x? =y] T =, || 211822 1 : 91 
g (ents — 41200) 2821822» — (813823 + 812921) | ie 








We can thus see that in this case the square root X'/2 has an infinite number 
of values and that these values contain arbitrary elements sy, of the matrix S. 
If the elements of X are (82) then the elements X!/? will be: 


(4 — Vae, ..., (A — VA, )Pm. 
and if, when the values 4, are equal, equal values of y3; are taken then the 
values of X'/2 are said to be regular. 
Formula (86) gives all the regular values of X1/? in the course of analytic 


continuation. We assume that not one of the zeros 4, is zero, for the point z = 0 
is a singularity of the function yz. 


93. Systems of linear equations with constant coefficients. Suppose 


that we are given a system of linear differential equations with con- 
stant coefficients: 


Ti = Q12) + aita +... $A, 
r 
Tz = Ag L, F aata + -- : + Bop hn (92) 
r 
En = Ay Ty + antz + +--+ F annn 
where z+ are functions of the independent variable t and v, the deri- 
vatives of these functions. 


Let us suppose that the required functions (z,, -.., £n) are compo- 
nents of a certain vector 


s AEAT EEEE 


The components 2, are, in this case, functions of t and we determine 
the differentiation of the vector x with respect to t, as a new vector 
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with components (xj, ..., £n): 


dx ,, 
ay (fees Ln) - 


We lastly introduce a matrix A with elements a;,. With this notation 
we can rewrite the system (92) as follows: 


d 
= = Ax. (93) 


Suppose that there is a solution of this equation which satisfies the 
original conditions: 


Zilizo = LO (k=1, 2,..., n). (94) 
These original conditions form a certain vector which we denote by 
x (x9, ..., 2). 
It can readily be shown that the solution of the system (93) for the 
given original conditions (94) has the form: 
At A? 
r= +34 ---}x (95) 


or, introducing the matrix 





ee ee e n 


we can rewrite the solution (95) as follows: 
x eA: (96) 


In fact, formula (95) gives 
ta 
x= xo + 57 Ax + -r Atm + bes 
Differentiating with respect to t we have: 


d 2 Š 
T = Amy +p Atm +H Atm +. 
or 
d t 2? 
and from (95): 
dx 


a = Ax. 


At the same time the original conditions must also be satisfied, 
for when ¢ = 0 formula (96) gives x | o = x. 
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We can rewrite the system (92) by using the matrix notation in 
another form. As a preliminary we shall explain the fundamental rules 
of differentiating a matrix. Suppose that the elements of a certain 
matrix X are functions of the variable ¢. We determine the derivative 
dX/dt as a matrix, the elements of which are obtained by differentia- 
ting the elements of the matrix X with respect to ¢, i.e. [III,, 83] 

í ax } _ A(X hie 
dt fik dé `’ 

The usual law for differentiating a sum follows directly from this 
definition, viz. if X and Y are two matrices the elements of which are 
functions of t then 


d(X +Y) 4x 
Sag ae +o (97) 


In exactly the same way the formula for differentiating a product 
can easily be proved 


d dx dY 
zs gyti. (98) 


but it must be remembered that, in general, the positions of the factors 
in the above formula (98) must not be interchanged. From the defi- 
nition of the product we have: 


{XY ja = S {E fis Y jso 


s=1 
whence 


d{ XY Six ES 
dł 


3 Site + 3). 


which gives us formula (98) immediately. This formula can readily be 
generalized to include any number of factors. Thus, for example, 
for three factors we have: 


d 
(XYZ) = 





(99) 


We shall also introduce a formula for the differentiation of the 
reciprocal matrix.Suppose that the determinant of the matrix X is 
not zero so that we have the reciprocal matrix X-? where: 


XX 1=!f. 


93] SYSTEMS OF LINEAR EQUATIONS WITH CONSTANT COEFFICIENTS 351 


Differentiating this identity with respect to t we obtain: 





x x- 14 Xl, 
from which follows the law for ee the inverse matrix: 
dx~! _, AX E 
dz =—X erage 1, (100) 





Let us now return to the system (92). Consider n solutions of this 
system. They form a square table consisting of n? functions: 


Ei (E), Tia (t) -.., Zin (t) 
Eo (t), Laz (t),---, Zon (t) (101) 


Eni (t), Ena (t), ---3 Lan (È) 


Where that the first subscript of the function denotes the number 
of the function and the second subscript the number of the solution 
into which the function enters, i.e. for example z,,(t) denotes an ex- 
pression for the second function z, which enters into a solution with 
number 3. We therefore have: 

Pah = Hj, % yn (t) + - -> + Qin£np (t) (i, k=1, 2,..., n) 


? 


and formula (92) can be rewritten in the form of the following matrix: 


dx 


where X is the matrix (101). Let us recall, once again, that for 
this system of notation the matrix X gives n solutions of the system 
(93) since every column of this matrix gives a certain solution of the 
system (93). In this case the original condition will be the statement 
that when ¢ = 0 


X Jimo = X, (103) 
where X® is an arbitrarily chosen matrix with constant elements. 


In the same way as above it can be shown that the solution of the 
system (102), the original condition of which is (103) has the form 


X =e XO, (104) 
Let us suppose that the determinant of the matrix X®, which gives 


the original conditions, is not zero. We will show that in this case the 
determinant of the matrix X will not be zero for any t. Bearing in 
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mind formula (104) we can see that in order to do so it is sufficient 
to show that the determinant of the matrix e^t is not zero, for the 
determinant of the product of two matrices is equal to the product 
of the determinants of these matrices. 

It can readily be shown that, in general, the determinant of the 
exponential matrix e” is never zero. 

In fact, together with the matrix 





Y? Y" 
YaI- tat bate. (105) 
we construct the matrix 
he. Y F y" 
7 eS bs ay oe ee ae (106) 


Multiplying the two series on the right-hand sides of the above 
formulae we only deal with numbers and powers of one matrix Y, 
so that the places of all factors can be interchanged. 

Thus we formally obtain the same result as would have been 
obtained had we substituted the variable matrix Y by the variable 
number z. But, at the same time, as a result of the identity e’e~* = 1, 
the multiplication of the right-hand sides of formulae (105) and (106) 
will give unity and, consequently, in the case under consideration, we 
shall also have the following equation: 


eYe-’ =], 


which holds for any matrix Y. It follows directly from this equation 
that the matrix e-” is the inverse of the matrix e” and that the 
determinant of the matrix e” is not zero. Notice that if Y and Z are 
two different matrices which do not commute, then the product e*e” 
will not, in general, be equal to e* +7. 

Thus it follows directly from formula (104) and from the proved 
property of an exponential matrix that if the determinant of the 
matrix X, which gives the original conditions, is not zero then the 
determinant of the matrix X will not be zero for any t. In this case 
the matrix X will give n linearly-independent solutions of the system 
(102). We shall now show that if Y is a matrix which gives any n 
solutions of the system (102) then it can be expressed in terms of 
the above matrix X by means of the formula 


Y = XB, (107) 
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where B is a certain matrix with constant elements. Formula (107) 
obviously shows that any solution of the system can be expressed line- 
arly by n linearly-independent solutions of the system. To prove formula 
(107) we notice, first of all, that from the given conditions, Y should 
satisfy equation (102), i.e. 


dY 
Z = AY. (108) 


It is also given that the determinant of the matrix X which satisfies 
equation (102) is not zero and consequently, the inverse matrix X-: 
exists. From the law for differentiating inverse matrices we have: 

dx-1 
dé 





or, bearing in mind formula (102), we obtain: 


dx-! 
dt 





= — X-1AXX-1= — X-14. (109) 


Let us now construct the derivative of the product 


ax- dY 
a Y tX’ 





d 
x (%1) = 
where, from (108) and (109) 
(XY) =—X-14Y + X-AY, 


i.e. 


$ (X3Y)=0. 


We thus see that the product X-!Y is a certain matrix B, the 
elements of which do not depend on ¢; from this formula (107) 
follows directly. 


94, Functions of several matrices. We shall now explain the 
fundamental ideas and facts connected with functions of several 
matrices. Owing to the impossibility of commuting, the theory of 
functions of several variable matrices is considerably more compli- 
cated than the theory of functions of one variable matrix; we shall 
therefore only consider the most fundamental facts of this theory. 

Let us begin with the polynomial. The general form of a homogene- 
ous polynomial of the second order in two matrices will be 


aX? +bX,X, + cX,X, + dX}. 
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A homogeneous polynomial of the second orde1 in / variable matrices 
will have the form 
1 

2 Dip X Xio 

ik=1 
where the summation is carried out with respect to the variables ¿ and 
k, which independently of each other run through all the integers, 
from unity to l. A homogeneous polynomial of order m in l variable 
matrices will have the form: 


Sco cje Rin Apes (110) 


Here, as before, a,,... ja denote numerical coefficients. In formula 
(110) each of the variables of summation jx takes all integral values 
from 1 to l, so that the above sum will contain V” terms in all. Let us 
now consider that particular case when in formula (110) all the coeffi- 
cients Ajse sjm ATC unity: 

l 
> Xpo yee (111) 
j serey j m=1 

It can readily be shown that the sum (111) represents a power of 

the sum of the matrix Xj, i.e. 


(X,+ -+X = S Xpo Xp, (112) 
Thus, for example 
(X, + Xp)? = (X, + X) (X, + Xa) = X} + XX, + XX, + XI. 
Consider now a power series of ! matrices. Such a series can be 
written as follows: 
a+ > > a; 


— dv 


m=1 ji, .-..Jm=1 


ssh pak ae A (113) 


A full investigation of the convergence of this series is considerably 
more difficult than for a power series of one matrix and we shall only 
prove the sufficient condition for absolute convergence of series (113). 
Notice that series (113), like a series of one matrix, is absolutely con- 
vergent, providing the series below is convergent 


ao t 
lal+ > > laho jl |Xal--- [Xiah (114) 


m=1 fay -..yim=) 
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where the convergence of this latter series guarantees both the con- 
vergence of series (113) and the independence of the sum of this series 
from the position of its terms. Let us fix the integer m and denote 
by a! the maximum modulus | ajs.. -sjm |, ie. 


[ajo eee jal <a. (115) 


We now construct the series of the usual complex variable 


S az, (116) 
m=1 
and let nọ be its radius of convergence, where n is the order of the 
matrix. Replacing the coefficients | Oy yore „| by greater coefficients, 
viz. by a” in series (114), we obtain tho series 


œ I 
ao + J a™ D (Xal Enh 
m=1 


di osee m=1 


which can obviously be rewritten in the form: 
wt (Zilte +l". (117) 
m=1 


This series can be regarded as a power series of one matrix 
SA Bene lA; (118) 


and bearing in mind that the radius of convergence of series (116) is 
equal to ne, we can say [86], that series (117) will converge provided 
that 

|X,{+.---+|Xij<llell- 


In this case series (114) will be all the more convergent. We thus 
obtain the following theorem. 

THEOREM. If the positive numbers a™ are determined from the con- 
dition (115), and series (116) has a radius of convergence equal to no, then 
the power series (113) will be absolutely convergent provided condition 
(118) ts satisfied. 

In the particular case when the radius of convergence of the series 
(116) is equal to infinity, series (113) will be absolutely convergent for 
any matrix X,. 

Notice also that the function /(X,, ...,X;), which is defined as 
the sum of the series (113), satisfies the obvious relationship 


f(SX,8,..., SXS—2) = Sf(X,,--., X) 8, 
1 1 
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where S is any matrix, the determinant of which is not zero. We had 
an analogous property before for the analytic function of one variable 
matrix. 

We notice in conclusion, without attempting to give the proof, one 
characteristic of a power series of several matrices in relation to the 
uniqueness theorem. Here the uniqueness theorem is formulated as 
follows: if the equation 


œ I 
a+ © > Ajres mAh Kin = 


Ma] ju. jm=l 


holds for all matrices 
Kisss Ki 


of any order, which are sufficiently near to a zero matrix, then by = ay 
and by. + +s jm = Ojo oja 

Had we omitted the conditions of “any order” in our formulation 
then the theorem would have been false. In a particular case a homo- 
geneous polynomial can be constructed, the coefficients of which are 


not zero 
l 
c A 


jtt’ jw Jinri 
Jo- Jm=1 


Xin 
which makes the identity equal to zero for all matrices of a definite 
order. 

A description of the general theory of analytic functions of matrices 
and their applications to the theory of systems of linear differential 
equations was given in the works of the late I. A. Lappo-Danilevskij, 
printed in the Journal of the Leningrad Physico-mathematica: Society. 
At present all papers remaining after the death of I. A. Lappo- 
Danilevskij are published in the works of the Institute of Mathematics 
at the Academy of Science, U.S.S.R. 


CHAPTER V 


LINEAR DIFFERENTIAL EQUATIONS 


95. The expansion of a solution into a power series. In Volume II we 
dealt with linear differential equations of the second order with variable 
coefficients and, in particular, with the solution of these equations 
by means of power series. At the time we only considered equations 
which could be formally satisfied by a certain power series, without 
proving the convergence of this series. In this chapter we shall give 
a full and systematic account of linear equations of the second order, 
the coefficients of which are analytic functions of a complex 
variable. We therefore assume that the independent variable in a 
differential equation is a complex variable and that the unknown 
function and the coefficients are analytic functions. 

Let us write a linear differential equation of the second order in the 
form: 

w + p(2)w' +q(2)w =0, (1) 
where w’ and w” are derivatives of the function w with respect to the 
variable z. 

We are also given the following initial conditions: 


w | z=æzo — C03 w | z=z — ^r: (2) 

Let us suppose that the coefficients p(z) and q(z2) are regular functions 
in the circle |z — z,| < R. We will show that there is a solution of the 
equation (1) in this circle (regular function), which satisfies the 
equations (2). By introducing a new unknown function u = w’, we 
can rewrite equation (1) as a system of two equations of the first 


order: 
du du 


qo — p (2) u — q (2) w; d u: 
For the sake of symmetry we shall consider the general case of a 
system of two linear equations with two dependent variables: 


Sa (2)u+ b(2) 9; @ = c(g)utd(z)o (3) 


857 
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and show that this system has a regular solution in the circle 
|2—2,|< R, which satisfies all initial conditions: 


| zazo = a; | zz = Ê, (4) 


provided the coefficients of the system (3) are regular functions in 
the above circle. 

We shall again use the method of successive approximations which 
we used earlier in Volume II. The proof will be exactly the same as 
before. Instead of the system (3) with the initial conditions (4) let ús 
write the equations in the form of integrals: 


u =a + f[a(z)u+b(z)o]dz; v= 8 + §[c(z)u+d(z)o] dz. (5) 
% Zo 


Consider the circle K: | z — z o| < R, where È, is a positive number, 
smaller than R. At every point strictly inside this circle, the coefficients 


are regular functions and, consequently, the following inequalities 
hold: 


la| <M; [b(z)|<M; |e(z\|<M; |d(z)| <M, (6) 


where M is a fixed positive number. Applying the method of successive 
approximations we assume: 


Uy (2) = a; v% (2) = 8B, (7) 


and generally 


ung (2) = a + § [a (2) un + b (2) vn] dz. 
Z 


z (8) 
Unt (2) = B F f [e (2) Un F d (2) vn] dz. 


At every stage the functions of z to be integrated are regular and 
in no case does the value of the integral depend on the path of inte- 
gration in the circle K. Suppose also that m is a positive number, 
satisfying the inequalities 


la| <m; |B|<m. (9) 


To simplify the working we assume that z,=0 and integrate from 
0 to z along a straight line. In this case 


z= pe; dz = e! dọ (0 <e< R). (10) 
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The first of the formulae (8), when n = 0, gives: 
e 
u (z) — a = f [a(z)a + b (2) Bl e! de. 
ò 
Substituting under the integral all terms by their moduli and using 


(6) and (7) we obtain the inequality 


| u, (2) — ty (2) | < 2Mme (11,) 
and, similarly 
|v; (2) — v (2) | < 2Mmo. (11,) 


The first of the equations (8), when n = 1, gives 
Uy (2) = a+ fla@u +o (z) v] dz, 


and, subtracting from this the first of the equations (8) when n =0, 
we obtain: 


Uy (2) — uy (2 o= Slee ) (uy — wo) + b (2) (v, — vo)] dz. 


Replacing each term by its modulus and using the inequalities (11,) 
and (11,) we have: 


e 
| us (2) — u, (2) | < Guy t fag 





or 
[us (2) — 4 (2) | < m ERE, 
and similarly 
[va (2) — v (2) | < mR. 


Continuing in this way we obtain the e results: 
(2Me)"** 
(m+ i’ 


2M. n+i 
| Vn+ı (2) — v, (2) | < m re : 


[unya (2) — Un (2) | < m 


It follows that the terms of the series 
Uy + [u (2) — uo] + [u (2) — u (2)] + --- (12) 


in the circle | z — za | < R, have smaller moduli than the positive 
numbers 
(2Me)" +! 
ment’ 
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which form a convergent series, i.e. the series (12) converges absolutely 
and uniformly in the circle | z — zo | < 2,. The sum of the first (n + 1) 
terms of this series is equal to w,(z) and, consequently, u,(z) tends 
uniformly to a function u(z) in the circle | z— z,| < #,. Similarly 
v,(z) tends uniformly to a function v(z). According to the theorem of 
Weierstrass on uniformly convergent series, these limit functions will 
also be regular in the circle K. Consider now the equations (8). In the 
first of these the integrand tends uniformly to the limit function 


a(z)u+ b(z)v. 


But we know from [I, 146] that as we can integrate any uniformly 
convergent series term by term, the integral of the limit of a uni- 
formly convergent sequence of functions is the limit of the integral; 
hence taking the limit in the equations (8) we see that the limit 
functions u and v satisfy the equations (5). Assuming in these equations 
that z = z, we see that our functions satisfy the intial conditions (4); 
differentiating equations (5) we see that they give the solution of the 
system (3). 

Let us now return to the equation (1), which is a particular case of 
the system (3). We have shown that in any circle, centre 2, which 
lies inside the circle | z — z, | < R, a solution of the equation can be 
found which satisfies the conditions (2) for every c, and c,. The functions 
p(z) and q(z) can be expanded in the circle | z — z | < È into power 
series 


p (2) =a) +4, (Z — 2) + .--5 G(z) =b +b (2—2) + 
The solution so obtained is also a regular function and therefore it 
can be expanded into a power series in which, from (2), the first two 
coefficients are equal to ca and c: 
W = Cy + cı (Z — Zo) + ca (Z — 2%)? + --- (13) 


Substituting this series in equation (1) we equate to zero the 
coefficients of different powers of z and this gives us, as we saw in 
[II, 45], equations of the type: 

2. 1c, + oc, + doco = 0 

3. 2c3 + Zaye, + a,c, + boc, + bico = O, 
whence the coefficients c, are determined successively. This shows, 
first of all, that there can only be one solution. It also follows from the 
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above proof that there must be a solution, i.e. that by substituting the 
coefficients we obtained above in the series (13) we obtain a series 
which converges in every circle inside the circle |z — z| < R, in other 
words, it converges in the circle | z — z | < R. We thus obtain the 
following theorem. 

THEOREM 1. If the coefficients of the equation (1) are regular functions 
in the circle | z — za | < E then there exists a unique solution of the equa- 
tion in this circle which satisfies the initial conditions (2) for any given 
Co and cy. 

By giving c, and c definite numerical values we can construct two 
solutions w, and w,, which satisfy the initial conditions: 


w: lz = q;; wi Lez => By , 


Wy ae = üz; w, laa = b2 G 
If 
a,B,—a,8, #0, (14) 


then any solution, regular in the circle |z — z| < R, can be ex- 
pressed in terms of w, and w, in the form: 


w = A w, + 4w. (15) 


In fact if this solution w is based on the initial conditions (2), then we 
have the following system of equations for the constants A, and A;: 


d a + A,a,=¢y; A, fit 4b =c, 


and this system, from (14), determines the values of A, and A,. The 
constructed solutions for w, and w, will be linearly-independent 
solutions of the equation (1) [II, 24]. 

Note. The application of the method of succesive approximations in 
the system (3) gave us the infinite series (12) for the function u. This 
series will not be a power series but its uniform convergence in the 
circle | z — zo | < R, guarantees the existence of a regular solution 
in that circle in the form of a power series. We can construct the func- 
tion u,(z) and the series (12) in any domain in which the coefficients 
of the system (3) are regular functions and it can be argued, in the 
same way as above, that in any such domain the series (12), and the 
analogous series for v, will be uniformly convergent and will give the 
solution of the system. The form of these series in certain cases will be 
explained below. 
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96. The analytic continuation of the solution. Let us now suppose 
that the coefficients p(z) and q(z) are regular functions in a domain B 
of the z plane. Let us take a certain solution of this equation, which 
satisfies the initial conditions (2) at a point z, in B. This solution, as we 
know from above, will have the form of a convergent power series in 
a circle, centre 2,, which lies wholly in B (and perhaps also in a larger 
circle). It will be a power series of the form (13). Let us now take a 
fixed point z in the circle of convergence of this series and rewrite the 
series in powers of (z — z,),as we did in the section on the analytic 
continuation of a function. We thus obtain a new series 


Sd,z—2,)*. (16) 
k=0 


Its sum will coincide with w in the common domain of the circles of 
convergence of the series (13) and (16). Consequently in this common 
domain the sum f(z) of the series (16) will be the solution of the equation 
(1); in other words, when substituting w = f(z) in the left-hand side 
of equation (1) the latter will vanish in a certain part of the circle of 
convergence of the series (16). But in that case, as a result of the funda- 
mental principle of analytic continuation, it will also vanish in the 
part of the circle which belongs to B; the series (16) will thus give a 
solution of our equation. This solution will be fully determined from 
its initial conditions at the point z,, 


f(z) =W Beas f(z) =w" bèz ’ 


where w is determined by the initial series (13). 

As a result of the theorem proved in the previous section the 
series (16) is bound to converge in a circle, centre z,, which belongs 
to that domain B in which p(z) and g(z) are regular functions. We 
thus arrive at the following theorem. 

THEOREM II. Zf the coefficients p(z) and q(z) are regular functions ina 
domain B, then any solution of the equation in the form of a power series 
with the centre of convergence in B can be analytically continued in any 
direction in B and this analytic continuation gives everywhere a solution 
of the equation (1). 

Let us make some essential additions to the above theorem. Notice 
that if B is a connected domain, then according to the fundamental 
principle of analytic continuation [18], w will be a single-valued regular 
function in B which, according to the given proof, will be a solution 
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of the equation (1). If, however, B is a multiply-connected domain, 
then w will not, in general, be a single-valued function in B. 

If w, and w, are two solutions of equation (1) then we have the 
following formula [II, 24]: 

z 
d fw o -spod 

rr rt ee a g 
where C is a constant. If C is not zero, then the left-hand side will 
never be zero during the analytic continuation, i.e. the analytic con- 
tinuation of linearly-independent solutions always gives linearly- 
independent solutions, and formula (15) therefore gives the analytic 
continuation of any solution in terms of the analytic continuation of 
two linearly-independent solutions. 

If, for example, the coefficients p(z) and g(z) are rational functions 
then any solution of the equation can be analytically continued in 
the plane in any direction except through the poles of p(z) or q(2). 


97. The neighbourhood of a singularity. Let us now investigate the 
behaviour of the solution in the neighbourhood of a singularity of the 
coefficients p(z) and q(z). Let us suppose that the point z = 2, is a 
pole or an essential singularity of the coefficients p(z) and g(z), so 
that these coefficients can be represented by a Laurent series in an 
annulus K, centre z, and zero inner radius: 


pl) = S adz- z), 
Koos 


(18) 


q2)= > b(z—a)*¥ (0<|z—-a|<R). 


k=- œ 


Any solution of equation (1) can be analytically continued along any 
path in the annulus K, but if the path encircles the point z = z, the 
solution w may take new values, i.e. the point z =z, will, in general, 
be a branch-point. Let us explain in greater detail the character 
of this branch-point. Take any two linearly-independent solutions 
w, and w. If we cut the annulus from the centre along any radius, 
then in the connected domain so obtained, our solutions w, and w, will 
be regular single-valued functions, but will have different values on 
opposite edges of the cut. In other words, after describing the point 
z = z, the functions w, and w, will become new functions wf and wł. 
They must also be solutions of the equation, and can therefore be 
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expressed as a linear combination of w, and w,. Hence the formula, 
given below, must hold: 
we = Gy, W + aW, (19) 
wy = 0 W, + da Wz, 
where a; are constants. In other words, by describing a singularity, 
linearly-independent solutions undergo a linear transformation. It 
can readily be seen that 


aii Q22 — Ay2 An, FO. (20) 


In fact, if we have a,, a», — az do, = 0 then the solutions wy and wf 
differ only in constant terms and are linearly-dependent; however 
this cannot be so for we saw earlier that the analytic continuation 
of linearly-independent solutions produces linearly-independent solu- 
tions. The form of the linear transformation (19) does, of course, 
depend on the choice of the solutions w, and w,. 

We shall try to construct a solution which by describing a singu- 
larity acquires a constant term, i.e. a solution which undergoes the 
simplest possible linear transformation 

wt = dw. (21) 
This solution, if it exists, should be a linear combination of the 
solutions w, and w: 
w = b w + bw, 
where the coefficients 6, and b, must be found. We have, from (21): 
bwt + b, wy = A(d, w + bw), 
and this, from (19), gives: 


By (Gyy Wy + Gja We) + balaas Wy + aga Wa) = A(b, W, + bg wy). 


Comparing the coefficients of the linearly-independent solutions we 
obtain a system of homogeneous equations for b, and B,: 


(an — 4) b, + a2, 6, = 0, 


To obtain values for b, and b, which are not zero we must equate 
the determinant of the above system to zero 
Q,—4, ay 


=0. (23) 
Qi» ag —A 
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This is a quadratic equation in A. Taking a zero A= A, of this 
equation and substituting this for the coefficients of the system (22) 
we obtain a solution for b, and b, which is not zero. Hence the zeros 
of equation (23) give the possible values of å in formula (21), i.e. these 
zeros are equal to the constants by which the existing solutions of equa- 
tion (1) must be multiplied when describing the singularity z in the 
positive direction. If we take at the start different linearly-independent 
solutions, then the linear transformation (19) will be different but the 
zeros of equation (23) should remain the same, for they are fully de- 
fined and independent of the choice of the fundamental solutions. 

Consider, first of all, the case when the quadratic equation has two 


different zeros 
A=A, and å = 4. 


We then have two solutions which satisfy the conditions 
wi =À w; wi =A, Wwa. (24) 


These two solutions must be linearly-independent. Otherwise w,/w, 
would be a constant and would not alter by describing the singularity; 
but, according to (24), this fraction acquires the factor 2,3/4, in doing so. 
Notice also that, from (20), A, and A, must not be zero. 

Introduce the two constants 


1 
22% 





1 
01 = log å; 02 = Sar. log A,, (25) 


where the logarithms are arbitrary. Construct two functions: 
(z = Zo)% = ef log(z— zo); (z s Zo)e2 = e”? log (z—zo) r 


By describing the singularity they acquire the factors 


o?! 2ni = eos Ay = Au e2 27i = eles Ag = Ag 7 


Hence the relationships 


w w 
{z — ZF and (z — PA 


remain single-valued on describing the singularity, i.e. they are regular 
single-valued functions in the neighbourhood of the point z = z, and 
they can therefore be represented by a Laurent series in that neigh- 
bourhood. Hence the constructed solutions can be represented in the 
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neighbourhood of the singularity as follows: 


wy = (2— 2) $ cz> z), 
en (26) 
Wy = (z — 2) © f(z — Zo)“. 
k=% 

Notice that log A is accurate to the term 2mzi, where m is any integer. 
Hence, from (25), ọ, and g, accurate to integers. This is in full agree- 
ment with the formulae (26), for by multiplying a Laurent series by 
(z — 2,)", where m is any integer, we obtain another Laurent series 
and therefore p, and ọ, in the formulae (26) are accurate to integers. 

Consider now the case when the zeros of the equation (23) are the 
same, i.e. A, = A4. As before, we can construct one solution of the 
equation which satisfies the condition 


wi =A, w. (27) 

Take an arbitrary second solution w, which is linearly-independent 

of w,. By describing the singularity it is subjected to the following 
linear transformation: 

Wy = Ay, W, + az W3. (28) 

The quadratic equation (23) will have the following form for these 


constructed solutions 
à — À, an 


0, a. .—A 


=0. 








It is given that this equation has a double zero 4 = A, and it follows 
that aj. = å, i.e. formula (28) must have the form 


w? = Aw, + a, Wy. (29) 
It follows from (27) and (29) that the relationship w,/w, only acquires 
a constant term by describing the singularity 
W, \+ w a 
eTa 
and consequently the difference 


Wa an Bat 


Ww 2a ih, 





log(z — zo) = oe — alog(z — 2) 


is single-valued and can be represented by a Laurent series. Hence, 
bearing in mind that w, has the form (26) and that the product of a 
Laurent series and w, has the same form as w,, we can see that, in this 
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case, our solutions can be expressed as follows in the neighbourhood 
of the singularity: 


te 
Wy = (2—%)* Y oz — z)“, 
a. (30) 
W, = (2 — 2p)" cy(2 — Zo)“ + aw, log (z — 2) . 


k 


I 
l 
8 


We thus arrive at the following theorem. 

THEOREM III. If z = 2, is a pole or an essential singularity of the 
coefficients p(z) and q(z), then two linearly-independent solutions exist 
which can be expressed in the form (26) or (30) in the neighbourhood of that 
point. Notice that in the second case, when the zeros of equation (23) 
are the same, it may happen that the constant a, and the dependent 
constant 


— _ Gar 
= Frim 





are both zero and we apply formula (26) in the neighbourhood of this 
point. 

All that was said above refers to the case when z, lies at a finite 
distance. When it lies at infinity we must replace z by a new variable ż, 


according to the formula 
1 
pan 


zal. 
ge. z 


Differentiating with respect to ¢, instead of z, we have: 


G2.» pd d? 


d? d 
Ge E Ee a 3S 
dz dt ’ dz? t di? t2 di’ 


and equation (1) with the new independent variable takes the form 


pees [2 — fp (2) | q(=)w=o0. (31) 





For this new equation the former point at infinity will become ¢ = 0 
and we shall now investigate the neighbourhood of this point. 

Notice that all the arguments used above were purely theoretical. 
They do not give a practical method for constructing equation (23) 
or for finding the coefficients of the expansions (26) and (30). We shall 
now consider a practical method for finding these. We can do this 
only in one case, viz. when the expansions of these formulae contain 
a finite number of terms with negative powers. 

The singularity z = z, is then known as a regular singularity, i.e. 
a pole or an essential singularity of the coefficients in equation (1) is 
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known as a regular singularity of that equation if Laurent’s expansion 
(26) or (30) contains only a finite number of terms with negative powers. 
Replacing ọ, and ọ, by an integer we can, as with a regular singularity, 
always achieve the fact that the power series in the formulae (26) or 
(30) should contain no terms with negative powers and should begin 
with a constant term, i.e. for example, instead of (26) we can write 


SAs 


w, = (2 — 2) Y ck(Z — 2o)“ , 


k 


ll 
© 


p (co and co # 0) (26,) 
Wz = (2 — 2) Y cz — Zo)“ . 
k=0 


Otherwise, if at least one expansion in the formulae (26) or (30) 
contains an infinite number of terms with negative powers, the singu- 
larity is known as irregular. We must, first of all, indicate criteria 
by which it is possible to determine from the coefficients of the equation 
whether the singularity is regular or irregular. 


98. Regular singularity. Let us suppose that w, and w, are two linearly 
independent analytic functions. It is not difficult to construct a linear 
equation for which these functions are solutions. In fact, we should 
have: 

wy + p(z) wi + g(2) w, = 0; 


wz + p(z) w, + g(2) w, = 0, 


whence the coefficients of the equation can readily be determined 
[H, 24]: 


a 
w Ww, — Wi Wz 


Pe) Ww, Wy — W W: (32) 
and 
w? w? 
O E Pe) (33) 


Let us suppose that the point z = z, is a regular singularity and 
only consider the case when 9, Æ e» since the formulae (30) can be 
investigated similarly. In future we shall denote by P,(z — zo) any series 
in positive integral powers of (z — z,), the constant term of which is 
not zero. In the case under consideration it is given that the singu- 
larity z = z, is regular and the solution is of the form: 


Wy = (Z — 2p)" Py(Z — Zo); w, = (2 — žo) Po(z — 2%). 
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Hence 
We 


w (2 — 29) P3(2) , 


since the quotient obtained by dividing two power series with constant 
terms is also a power series with a constant term. We have further: 
, , d wW. 
A(z) = w, W, — w, W, =v (3) = 
= (2 — 2)" Pa(z — Zo) [(2 — zo) =° Pg (z)]', 


or, differentiating the product and taking (z — z,)*~*—" outside the 
brackets: 
A(z) = (z — 29)" P5(z — zo) 


and differentiating with respect to z we obtain: 
A’(2) = (0, + ez — 1) (2 — %)™ 4? Pez — zo) + 


+ (2 — zatea Pi(z — zo). 
Hence: 

= sz) _1l1—a—e P;(z — 2,) 
Pe A(z) PEE k Pa d 








i.e. p(z) can have a pole at the point z = z, of an order not higher than 
one. 

By differentiating the expression for w, we find that w/w, can have 
a pole of an order not higher than one at the point Z, and wi/w, 
a pole of an order not higher than two. Formula (33) shows that q(2) 
can have a pole of an order not higher than two at the point zo. 

We thus arrive at the following theorem. 

THEOREM I. The necessary condition for the point z, to be a regular 
singularity is that the coefficient p(z) should have at the point z, a pole 
of an order not higher than one and the coefficient q(z) should have at the 
point z, a pole of an order not higher than two, i.e. equation (1) should be of 
the following form 


w Puls) ap’ + v=o, (34) 
where p,(z) and q,(z) are regular functions at the point zg. 

We will now show that this condition is not only necessary but is 
also sufficient for the singularity to be regular. Let us recall that 
equations of the form (34) are similar to equations which we con- 
sidered in [II, 47] and for which we constructed a formal solution 
in the form of a generalized power series. However, before we did not 
investigate the convergence of the constructed series. We shall now 
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investigate this problem fully and show that the formally constructed 
series will be convergent and will give a solution of the equation. 
To simplify our notation we put z) = 0. 

Multiply equation (34) by z? and rewrite it in the form: 


2w" + 2a+a,2+...)u'+(64+5,2+...)w=0. (35) 
We shall seek a solution of this equation in the form: 
w= 2 Serz". (36) 
k=0 


Substituting this in the left-hand side of equation (35) and equating 
the coefficients of like powers of z to zero we obtain equations for the 
determination of the coefficients c. These equations have the form: 


Co fole) = 0 
cı fole + 1) + co file) = 0 
c fale + 2) + efile +1) +eofele) =9F% (37) 


re l ‘l onol lld‘ 


where, for the sake of simplicity, we introduced the following notation: 
f(A) = A(A — 1) + Aay + bo (k 
f(A) = Ady + dy 


We have said already that we can assume that cy # 0; the first of 
the equations (37) gives a quadratic equation for the determination 
of o: 


=1,2,...). (38) 


fole) = ele — 1) + ea + b9 = 0. (39) 


This equation is usually known as the determining equation for the 
singularity under consideration. Suppose that 0, is a zero of this equa- 
tion which is such that for every whole positive n we have the condition: 


flertn)#0 (nw =1,2,...). (40) 
In this case the equations (37), starting with the second equation, 
enable us to determine successively the coefficients c}, c,, ... The first 


coefficient cy remains arbitrary and will play the part of an arbitrary 
constant so that we can take, for example, c = 1. We must also 
show that the constructed series which forms part of formula (36) 
will be a convergent series in the neighbourhood of the point z = 0. 
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Let R be the circle of convergence of the series which are the coeffici- 
ents of equation (35). If R is a positive number, smaller than R, then 
we obtain the following result for the coefficients a, and b, in these 
series [14]: 


m 
[a| < Rg? Ibl < Re 


where m, and m, are constants. Hence 
m +m 


|x] + [bk] < Fae» 


and, consequently, taking M sufficiently large, we obtain the result 
in the form: 


M 
|ar| + [br] < -FF - (41) 
1 
The relationship 
lel+n _ lel+n 
he +n) (e +n) (e +n — 1) + (e +n) a + bo 
tends to zero as the integer n increases indefinitely, for the numerator 
is a polynomial of the first degree in n and the denominator is a poly- 
nomial of the second degree. Hence a positive integer N exists such 
that 


lf(e+7)|>l|e|+2 when n>N. (42) 
We have from the formulae (37): 
c —— TD a hee ANON a o... OG, 
K hetn) 71 fle + m n= hetn °’ 
whence 
lAl +n-1)| lfe +n- 2) | 
[ĉn] < Ife + 2) | lena] + | fole +n) | lena] + 


We have further: 
filo +n — k) = bk + (0 +n — k) ay 
[fde +n — k)| < b| + (lo] + a) lal 
and for this reason also: 
[fo +n — k)| < (lel +2) (larl + |b). (44) 


We can always select a sufficiently large positive number P, so as 
to obtain the following result for the first N coefficients: 


(k= 1,2,..., n). 


Pk 
[cx| < “Re (k=0,1,...,N—1). (45) 
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We now recall that we took c, = 1. We also assumed that P is 
chosen so that 


P>14+ M. (46) 


For the remaining coefficients, starting with cy, we can use the in- 
equality (42). We will show by using it that if the result (45) holds 
for all cg, from c, to cn exclusively, then it will also hold for c,. In fact, 
from (42), (43) and (44) we have: 


len| < (la| + [biien] + (la| + lba] |En- +--+ 
+ (lanl + lbn) | col 


or from (41) 


M M M 
|n| < -grl aal + -g lenlo H gg leol 


or, assuming that for cg, ĉi, ..-, Cn — 1 we have the result (45): 
M pn- z _ M(P"—1) 1 
|en] < -p (P + Pe eee b =p Re (47) 
We will now show that 
M(P"—1 
ae < PT (48) 


In fact, this inequality is equivalent to the following: 


Pel _ (14 M)P"+M>0 
or 


P(P—(1+M)])+M>0. 


This last inequality follows from (46). The inequalities (47) and (48) 
give 


P 
[en] < pe» 


and our proposition is proved. 

The result (45) is therefore valid up to k = N — 1 inclusively as 
a result of the choice of P. The inequality (42) holds for later symbols; 
by using this inequality we have shown that if the result (45) holds 
up to a certain suffix & it will also hold for the succeeding suffix k 4- 1 
We have thus proved that the result (45) holds for every suffix, i.e. 


for every n we have: 
P" 
enl < R} : 
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But the series 
œ P” 
Sa” 
n=o 2 
will converge absolutely in the circle | z | < R,/P. Hence in this circle, 
the series in formula (36), the moduli of the terms of which are not 
greater than the terms of the preceeding series, will also converge 
absolutely and this series can be differentiated term by term, like 
any other convergent power series. 

We have thus shown that formula (36) gives, in fact, a solution 
of our equation in the neighbourhood of the point z = 0. We will now 
show that the series (36) converges in the whole circle | z | < F, where 
the series which are the coefficients of the equation (35) converge. Other- 
wise the function which is determined in the neighbourhood of z= 0 by 
the power series in formula (36), would have a singularity in the circle 
|z| < Rin the course of the analytic continuation [18] (other than 
the point z = 0). But this is impossible since the coefficients of 
equation (35) are regular functions in the whole circle |z | < R, ex- 
cept at the point z = 0 and, from [97], the solution cannot have 
any singularities during analytic continuation at this point. 

If the difference of the zeros of the quadratic equation (39) is not an 
integer, then the condition (40) is satisfied for each zero; two linearly- 
independent solutions of the form (36) (e, # 3) can therefore be 
constructed. 

We shall investigate the case when the quadratic equation (39) has 
zeros whose difference is either an integer or zero. 

In the second case, using the above method with repeated zero of 
the equation, we can construct one solution of the form (36) and a second 
solution will have to be found. Consider the first case. Let 0, and gz 
be the zeros of equation (39) where pọ, = @2-+ m and m is a positive 
integer, i.e. g, is that zero of the equation, the real part of which is 
greater than that of the second zero. Condition (40) is evidently satis- 
fied by the zero ọ, and, by using this zero, a solution can be constructed 
in the way described above. When attempting to use the second zero 
e, for the construction of a solution we find the following obstacle: 
02 + m is a zero of the equation (39) and, consequently, if we take 
the (m + 1) equation of the system (37) 


Cm fo(@2 + M) + Cm1 fila +m — 1) +... + Co fme) = 0, 


then in this equation the coefficient /,(o2-+ m) of the unknown cm 
will be zero. The sum of the remaining terms will, in general not 
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be zero and this contradicts the equation. Hence even in this case 
we have to find the second solution in another way. Notice that if it 
should by chance happen that the above sum in the latter equation 
is zero, then we could take any value for cm and continue to calcu- 
late the successive coefficients c,4,,... Our previous results show 
that the series obtained will converge and we shall therefore also 
obtain a second solution in the form (36) for this particular case. 
Let us now establish the form of the second solution by assuming 
generally that 
=O +m, (49) 


where m is a positive integer or zero. Let us recall that for a linear 
equation 


w" + plz) w + 9(z)w =0 


we have a formula which gives a second solution w, of the equation 
when one solution w, is known [II], 24]: 


dz 
w, = Cw, [e752 ar (50) 
where C is an arbitrary constant. In this case 


piz) = 5 +a + az +... 
and 
fpeaz = log z™ + 0; +az+4n+. ws 
whence 
e7 SPO dz — 2-4 P (2), 


where, as before, P,(z) is Taylor’s series in powers of z, the constant 
term of which is not zero. The constructed solution has the form 

w, = 2 P,(2), (51) 
whence 

w? = 2% P (2), 


where P,(z) is a Taylor’s series, the constant term of which is not zero. 
The integrand in formula (50) will therefore be: 


e7 5p ai — z—%— 201 P,{2) g 
The numbers ọ, and ọ, are the zeros of the quadratic equation (39) 
and therefore: 
QC: te =1—a. 
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Hence, from (49): 

— @ — 20, =a —@ —1=—(1+m), 
i.e. the integrand in formula (50) can be expressed as: 


l x "Y—-(1+m) Y- 
= d P 
e $ p(z) or F (l+m) a(z) = ar +... + 1 Hyo tyz t... 


z 








(Y-a+m) # 0). 


Integrating this expression we obtain one logarithmic term y_, log z 
and a series which begins with z~-™. Multiplying this by the expres- 
sion for w, given by formula (51), we finally obtain the following: 


W = 2-™ P,(2)-2% P,(z) + y_, w log z, 


and from (49): 
w, = 2 Po(z) + y_,W, log z, (52) 


where P,(z) isa Taylor’s series with a constant term. The expression (52) 
has the same form as the second of the expressions (30) and in formula 
(52) the Laurent series has no terms with negative powers. Notice 
that the constant y is, in general, not zero but in isolated cases 
it can be zero. This will be so in the case described above. Hence in 
that case we also obtain a characteristic second solution for a regular 
singularity, i.e. we have the following theorem. 

THEOREM II. In order that the point z = z, should be a regular singu- 
larity it is sufficient that the coefficient p(z) in equation (1) should have 
a pole at the point z of an order not higher than one and the coefficient 
q(z) a pole of an order not higher than two. 

The necessity of this condition has been explained above. 

Notice that it may sometimes happen that at a regular singularity 
neither solution has any peculiarities. This will be so when g, and p, 
are positive integers and when the second solution does not contain a 
logarithmic term. Thus, for example, the equation 


F 2 
w —Żw +i w=0 


has the following two linearly-independent solutions: 
W=2 W=. 


Notice also that, when 9, = @, the constant y_,in formula (52) will 
not be zero; this follows from the above calculations when m = 0. 
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99. Equations of Fuchs’s class. The first systematic investigation of 
regular singularities was undertaken in the middle of the nineteenth 
century by the German mathematician Fuchs. We shall now investi- 
gate equations, all the singularities of which are regular singularities. 
Such equations are usually known as equations of Fuchs’s class. Let us 
write our equation in the form: 


w" + plz) w' + q(z)w=0. (53) 
On putting the independent variable 


z>=7 


we obtain, as we saw above, the equation 


d? w 


"T + [e - ep) +g (+) w=0. (53,) 


It is given that the point t = 0 is an essential singularity of this 
equation. Bearing in mind that, after dividing by tf, the coefficient 
of dw/dé cannot have a pole of an order higher than one at the point 
t = 0, we have for p(1/t) the following expansion: 


p(z)aattaet..., 


i.e. near z = œ the function p(z) can be expanded as follows: 





pe) =d, t+ a,+ +4... (54) 


Similarly, bearing in mind that the coefficient (1/t*)¢(1/t) cannot have 
a pole of order higher than two at the point ¢ = 0, we obtain: 


l 7 49 1 
a(+) ee KË H... 
and, consequently, we have for q(z) the following expansion near z = °° 
, 1 ; 1l 
q2) = ds +h- H- (55) 


i.e. if the point at infinity z = œ is to be a regular singularity of the 
equation (53) it is necessary and sufficient that p(z) should have a 
zero at the point z = œœ and q(z) a zero of order not less than two. 
Notice that if in the expansion (54) dı = 2 and in the expansion 
(55) dz = d4 = 0, then the point ¢ = 0 is not a singularity of the 
equation (53,). In this case the equation has the following solution in 
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the neighbourhood of z = œ: 


wae +++.. +H., 


where the coefficients c, and c are constant. 

Let a,, . - -, an be the singularities of our equation within a finite dis- 
tance. The function p(z) can have poles of the first order at these points 
and, according to (54), it must vanish at infinity, i.e. it will be a 
rational fraction of the form 

pan p(z) 
(2) = (z —a,)...(2—a,) ’ 
where the order of the numerator is at least by one unit less than 
the order of the denominator. Similarly, from (55), we can see that 
q(z) must have the form 
a) 
Zz)= 
q(2) (z — a,)?...(2 — ay)? ’ 
where the order of the numerator is at least two units less than 
the order of the denominator. Converting the rational fraction into 
partial fractions we obtain the following general expressions for the 
coefficients of the equations of Fuchs’s class: 


n Ak 
plz) = S z— a,’ 
k=1 


< B, Ck 
tesla ea | 
We have from (55): 





(56) 


zq(z) >0 as z= œ, 


and the second of the expressions (56) shows that the constants C, 
satisfy the condition 


C,+0C,+...+¢C,=0. (57) 


The expressions (56) and the condition (57) are the necessary and 
sufficient conditions for the equation (53) to be an equation of Fuchs’s class. 

Let us now construct the determining equation for the singularities 
z = a, and for the point z = œ. For the point a, the coefficient of 
(z — a,)—1 in the expression for p(z) is equal to A, and the coefficients 
of (z — a,)~? in the expression for q(z) is equal to B,, so that the deter- 
mining equation at that point will be 


oe—1)+4,0+B,=0 (k=1,2,..., n). (58) 
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Let us now consider the point z = ©, i.e. the point ¢ = 0 for the 
equation (53,). The coefficient of t~} in the expression 


ei ela 


must be determined as follows: 


lim = [28 —P (7) 
or 
lim 2 [= = ro] = 2 — lim zp(2) - 


Z-z 


Bearing in mind the first of the equations (56) we obtain the follow- 
ing expression for the coefficient: 


will be 


But from (56) and (57): 


= n B, n l Ck = 

12) = È ear + 2s Toa 
ae By Cf 440K apc . 
Ser ee + Ee +...) 


hence 


lim 2? 9(z) = © (By + an Or). 


E k=1 


Finally, the determining equation will have the following form when 


g = OO: 


ele — 1) +e — SA) + S(Brt aC) =0. (59) 
k=1 k=1 


Bearing in mind (58) and (59) it can readily be shown that the sum 
of the zeros of the determining equations at all singularities will be 
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equal to 


n— Sht SAn], 
k=1 k=1 


i.e. this sum will be equal to one less than the number of singularities 
within a finite distance. 

If we should wish to construct an equation of Fuchs’s class with one 
singularity then we can always assume that this point lies at infinity so 
that there will be no singularities at all within a finite distance. In the 
formulae (56) we would have to assume that all coefficients A,, Band 
C, are equal to zero, when we obtain the uninteresting equation w” = 0. 

Let us now consider an equation of Fuchs’s class with two singu- 
larities, one of which can always be assumed to lie at infinity. In that 
case the sums in the formulae (56) should consist of single terms and, 
according to the condition (57), we obtain: 


is CS yee 
goa”) wea e 





w” + 


where a is the only singularity at a finite distance. 
This equation is Euler’s linear equation [II, 42] and we know that 
by a simple substitution 


t = log (2 — a) 


it can be converted into an equation with constant coefficients. 

In the following section we shall investigate in detail equations of 
Fuchs’s class with three singularities. 

Let us recall the Bessel equation [II, 48] 


zw" + zw +(2—p)w=0. 


This equation has a regular singularity at the origin z = 0. The 
coefficient of w in the neighbourhood of infinity does not satisfy 
the condition (55) and therefore the point z = œ will be an irregular 
singularity of the Bessel equation, i.e. the Bessel equation has two 
singularities: the regular singularity z = 0 and the irregular sin- 
gularity z = ©. 


100. The Gauss equation. Consider now an equation of Fuchs’s 
class with three singularities. Using a bilinear transformation of the 
plane of the independent variable we can, without loss of generality, 
assume that these singularities lie at the points 


z=0; 2=1 and z=oo. 
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We denote the zeros of the determining equation at these points as 
follows: 
ap an By Bos Yo Yz- 
We obtain the following expression for the coefficients of the 
equation: 





A A 
p(z) = -7 z : 
B B C C. 
Wat gap Pet ear 
where 
C,+C,=0. (60) 


It is given that the equation 
e(e— 1) + 4;e+ B, =0 
has the zeros a, and a,, whence it follows that 
A, = 1— (a, +a); B, =a, 4). 


Similarly, from the determining equation at the point z = 1 we 
obtain 
A, = 1 — (Â; + Ay); Bı =f, fz- 


The determining equation at the point z = œ has the form: 


ele — 1) + (a, + as + bı + b2)e + aaz + Biba +0250. 


Substituting one of its zeros ọ = y, we find an expression for C,: 


Ca = — Y1(%ı — 1) — (a, + @ + By + b2) Yı — (a1 az + B Ba), 


and the condition (60) finally gives C, = —C,. It thus appears that 
in the case of three singularities the coefficients of the equation are fully 
determined by the zeros of the determining equations at the singula- 
rities. It follows from the above calculations that the zeros at the 
points z = 0 and z = 1 can be chosen arbitrarily but at the point 
z = œ only one zero can be chosen arbitrarily. The second zero is 
fully determined from the condition that the sum of all six zeros is equal 
to unity (one less than the number of singularities at a finite distance). 

The solutions of the constructed equation are sometimes denoted 
by the following symbol: 


0, 1, œ 
af: By Yai ; (61) 
az, By, V2 

which was introduced by Riemann. 
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We shall now introduce an elementary transformation of the 
function w, so as to simplify the form of this equation. Notice that if we 
replace w by a new unknown function wu, according to the formula: 


w=2(z—l)u; u =z ?(z—1)-4w, 


we obtain another equation for the new function with three singulari- 
ties: at z = 0, z = 1 and z = ©, but instead of the zeros a, and a, 
of the determining equation the presence of the factor 27? (z—1)~¢% 
will give at the point z = 0 new zeros a, — oe and a, — ẹọ. Similarly 
at the point z = 1 the new zeros of the determining equation will be 
6, —q and f, — q. By choosing p = a, and g = f, we can require 
one of the zeros of the determining equation to be zero at the points 
z = 0 and z = 1; we shall assume this to be so in future. 

We shall now introduce some new symbols. We denote by a and £ the 
zeros of the determining equation at the point z = co. We have one zero 
at the point z= 0 which is equal to zero and the second zero we 
denote by 1 — y. Finally, at the point z = 1 we have one zero equal 
to zero and the other zero is determined from the condition that the 
sum of all six zeros is unity; hence it will be equal to y — a — 8. Thus 
instead of the general symbol (61) we can investigate the particular 
case 

0, 1, co 
P| ©, 0, a; 2 (61,) 
l—y, PaE B, B 


The coefficients of the equation are determined from the above 
calculations, if we assume that 


a =0; œ =1— y; B, =0; bB=y—a-—ß; y =a; ¥,= 8. 
We thus obtain the following equation: 


” —y+(lt+a+A)z r aß pS 
This equation is known as the hypergeometric differential equation 
or the Gauss equation. We shall now construct its solutions in the 


neighbourhood of the singularities. 


101. The Hypergeometric series. Let us construct, to start with, 
the solutions of the equation (62) in the neighbourhood of the singula- 
rity z = 0. These solutions have the form: 


P,(2); 2” Pa(2), (63) 
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where P,(z) and P,(z) are McLaurin’s series with constant terms. Let 
us find, first of all, the first of the above solutions. To do so rewrite 
the equation (62) as follows: 


2(2—1)w"+[—y+(l1+a+)21w’ + afw=0, 
and in its left-hand side put 
wW=1lt+egz+o2+... 


Using the usual method of undetermined coefficients we finally 
obtain a solution in the following form: 


w, = F(a, B,y; 2) =1+ aß z4 CT DEEED ea.. 








iy 21 yy + 1) 
a(a+1)...(a+n—1)P(8+1)...f+n—1) n 
a nt p(y + 1)...(y+n—1) hi (64) 


where F(a, 8, y; 2) denotes the infinite series on the right-hand side. 
Owing to the fact that the singularity nearest the origin is the point 
z = l we can maintain that the above series must converge in the 
circle |z| < 1. This series is usually known as the hypergeometric 
series. When a = f =y = 1 the terms are in a geometric progression. 
We investigated this series earlier in [I, 141] 

To find the second solution of (63) we shall use the elementary 
transformation of the function described in the previous section. We 
replace w by a new unknown function, according to the formula 


I 


w= 2a; u= z w = — 
gi-? 





wW. (65) 


For this new unknown function the zeros 0 and (1 — y) of the deter- 
mining equation at the point z = 0 become (y — 1) and zero. The zeros 
0 and (y — a — ßĝ) at the point z = 1 remain unchanged and, finally, 
from the second of the formulae (65), the zeros a and £ at the point 
z = œ become (a + 1 — y) and (8 + 1 — y) respectively. 

In fact, before the transformation, the expansions in the neighbour- 
hood of z = œ were of the form: 


e a (2) 7.(2)- 


After the transformation these expansions became 


u= yr" P, (=) and wu, = (yr P, (=) f 


z 
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Hence the new unknown function will be described by the follow- 
ing symbol: 


0, l, oo 
P| oO, 0, a+l—y;2]. 
y—1, y—a— 8, B+1-—y 


Comparing this Riemann symbol with the symbol (61,) and denoting 
the parameters (a, p, y) which correspond to this new Riemann symbol, 
by a, 8, and y, we obtain: 


l1—-y,=y—1; q=at+1l—y; Bp =B+1—y, 


a,=a+1—y; B=B+1—y¥; y=2-y. 


The solution of the new equation, which is regular at the origin 
z = 0, will, therefore, be as follows: 


u = F(a, fry 2)=Fa+1l—y, B+1—y, 2—y; 2), 
hence, from (65), we obtain: 
w=2’F(at+l—y, BP+l—y, 2—y; 2). 
This will, in fact, be the second of the solutions (63). 
Let us now try to find the solutions of the equation (62) in the neigh- 


bourhood of the singularity z = 1. To do so let us introduce a new 
independent variable, according to the formula 


z =1—2z. 


The point z = 0 becomes z’ = 1 and the point z = 1 becomes z’ = 0; 
finally z = œ becomes z’ = oo, Thus this new independent variable 
also satisfies a Gauss equation and the function w will be described 
by the following symbol: 


0, 1, co 
P 0, 0, a; 2], 
y—a— B, 1—y, B 
whence we obtain the following values for the parameters (a, $, y): 

a=a; fi=f; y=1+a+f8—y. 
In the neighbourhood of z’ = 0 we have two solutions: 
F(a,B,1+a+ B—y; z); 
z” F(y— f, y—a, 1+y—a—B; z), 
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or returning to the former independent variable, we obtain the follow- 

ing two solutions in the neighbourhood of z = 1: 

w= F(a, f, 1+a+ß—y; 1—2); 

w,=(1— 2} F(y— p, y—a, 1+y—a— f; 1—23). 
To construct the solutions in the neighbourhood of z = œ we per- 

form the transformation of the independent variable: 


(643) 


p= 





after which the point z = 1 remains in its former place and the positions 
of the points z = 0 and z = œ are interchanged. With this new 
variable the function w is described by the following symbol: 


0, 1, œo ` 
Pia, 0, 0; zj. 
B, y—a— BB, l-—y 


Continuing further the transformation: 


wy, (65,) 


w =z Uu; u= ya 


we obtain the Riemann symbol for the function u, which corres- 
ponds to a Gauss equation: 


0, 1, oo 
P\ 0, 0 a; z 
B—a y—a—f, 1l+a—y, 
The parameters of the Gauss equation will be: 
1=% B=l+a—y,; y,=1l+a—8, 


and we have the following two solutions of the function u in the 
neighbourhood of z’ = 0: 


u= Fe, lta—y, lta—B; 7); 

u, =z- F(B, 1+8—y, 1+8ß-—a; 2’), 
whence, bearing in mind (65,) and the fact that 2’ = 1/z, we obtain 
two solutions of the equation (62) in the neighbourhood of z = œ; 


w=( 3] Ffa 1ta—y, 1+a-$; 4), 


z 


w=(4 F(e, 1+8-7 148-4 2). 


a 


(644) 


z 
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We thus see that all six solutions obtained in the neighbourhood 
of each singularity are expressed by hypergeometric series. We 
assumed in all above calculations that the difference of the zeros of the 
determining equation is not an integer. Bearing in mind the expansions 
in the neighbourhood of the singularities we can maintain that the 
formulae (64,) holds when ]z— 1 | < l and the formulae (64,) 
when |z| >1. Notice that the solution (64) also has a meaning when y 
is an integer. 


In [I, 141] we investigated the convergence of a hypergeometric series when 
x = l and showed that it will converge provided the following condition is 


satisfied: 
y—a—f>0, (66) 


where a, f and y are real. In this case, according to the second of Abel’s theorems 
[I, 149] we have F(a, 8, y; x) > F(a, 8, y; 1) as x-- 1 — 0 and 


B i a(a -+- 1) B(B + 1) 
y 2t y(y + 1) 





F(a, f, y; 1) =1+ a +... 


We shall prove the formula 


L(y) Py — a — B) 
Tiy — a) Tiy — 8) 


Comparing the coefficients of x” it is easy to prove the relationship: 
vy — 1 — (2y — a — $ — 1) £] F(a, $, y; z) + (y — a) (y — P) zF (a, $, y + 1; £) = 
= y(x — 1) (1 — x) F(a, $,y—1;2)  (ļæ]<1) 


F(a, By; 1) = (67) 


or 


wy — l — (2y — a — f — 1) 2) F(a, P, y; 2) + (vy — a) (y — P) cF (a, B,y + 1; 2) = 
=y — D [1+ Z n= ena) 2], (68) 


where vp is the coefficient of x” in the expansion of F(a, p, y — 1; x). From 
the condition (66) we will show that it follows that v, — 0 as n — œ. 
We have [I, 141]: 


lva] y—a—B On 
=1p Tos oe, 
| Pn | n n? 








where the modulus of w, is bounded as n + co. Let p be a positive integer 
which is such that p(y — a — £f) > 1. We can then write: 


len? pT, oh 
| vay ? n n? 


where the modulus of w,, is bounded. From this equation and from the in- 
equality p(y — a — f) > 1 it follows that the series, which is the sum of 
the terms | v,|? converges [I, 141] and therefore v, — 0 as n > oo. If in the 
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formula (68) x tends to unity, then using the second of Abel’s theorems we obtain: 


Ay ~4) (y ~ B) 
yy —a—B) 


i.e. 


F(a, 8, y; 1) = F(a,ß,y + 1; 1). 


Using this relationship several times we can write: 


m (y—a—k)(y—B+k) l 
F(a, b, y; 1 =[ LOG e pri] FOR tm 1). (69) 


As m — œ the product in the square brackets has the limit [73]: 


Fy) Py — a — B) 
L(y — a) Py — B) 


We will now show that F(a, B, y -+ m; l)— 1 as m- co. Denoting by 
un(a, B, y) the coefficient of x” in the expansion of F(a, f, y; x) we can write: 


| F(a, b, y +m; 1)—1| < 2 [ala b, y +m) j. 


In the numerator of the expression un(a, $, y + m) we replace a and £ by 
|a| and |2| and the sum y + m by the difference m — | y|, where m> | y| 
to obtain: 


| F(a, B, Y +m; 1-1] < X uallal [Bl m—Iy), 


where the series on the right-hand side is composed of positive terms. Taking 
|a||8\(m—|y|) outside the brackets and replacing m! by (m — 1)! we 
have: 


laIe Sugai ti iti m—|y| +0). 


| F(a, By y +m; 1)—1|< m-—]|yj =o 

When m is sufficiently large the arguments a, =]a] +1, f,=|f| +1 
and y, = m — | y | + 1 satisfy the condition (66) and the series on the right- 
hand side of the above inequality converges while its terms, and therefore the 
sum on the whole, decrease as m increases. The first factor |a] | £8] (m—|y|)— 0 
as m — œ and, therefore, F(a, $, y + m; 1)— l, as m — œ. Formula (69) 
finally brings us back to (67). 

Using the formula (67) we can express the solution w, in terms of the linearly- 
independent solutions w, and w,. All these solutions hold in that domain of the 
plane common to both the circles, centres z = 0 and z = l and unit radii. We 
have: 


F(a, B, y; z) =C, F(a, B, 1 +a +p ~y; 1 — z) + 
+C,(1 — x)? Fly —a, y — f, 1 t+ y—a—B; 1—1). 
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Assuming that a, f and y satisfy the inequalities: 1 > y > a + 8 we can also 
assume in this equation that x = 1 and x = 0 and thus determine C, and C,. 
Using the formula (67), the equation (122) from [71] and the formula given 
below which can easily be proved 

sin xa sin 78 = sin a(y — a) sin z(y — 8) — sin ay sin z(y — a — 8), 


we arrive at the following equation: 


I'(y — a) T(y — b) F(a) FB) F(a, B, y; z) = 
= F(a) I($) Py) Py — a — P) F(a, p, 1 +a +B -— y; 1 — z) + 
+T) Py — p) rla +p — y) (l — 2)” x 
x Fy—a,y—B,1+y—a—B,1—2). (70) 


We have proved this formula for 1 > y > a + 8. It can be shown that this 
formula will hold in all cases when (y — a — $) is not an integer. 


102. The Legendre polynomials. Let us now consider a very impor- 
tant form of the hypergeometric series. To start with let us establish 
a general transformation for linear equations of the second order. 
Let us consider the following equation of the second order: 


a(z) w” + b(2z)w’ + c(z)w = 0. (71) 


We can find a factor f(z) which is such that when the first two terms 
on the left-hand side of (71) are multiplied by it they become deriva- 
tives of a product, i.e. 


a(z) fl2) w” + bla) fle) w = -È lalz) f(z) w’) 


W here we must have: 
b(2) f(2) = -F [alz) fle], 
whence 


a(z) f'(z) + [a’(z) — b(2)] f(z) = 0 


fe) , ae) be) 9 
H(z) a(z) az)” 


b(z) 
1 f a(zy ¥ 
ha= aye (72) 


or 











i.e. we can take 





from which we have: 
b(z) re b{z) 


pe) = ale) fz) =e" “5 ail) = oz) fle) = Gere” (78) 
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and the equation (71) takes the form: 
d , 
À ipew]+alew=o. (74) 


Performing the above operations with the Gauss equation (62) we 
obtain it in the form: 


La [2?(z2 — 1)8*F 1-7 w] + afz (z — 1) +- rw = 0. (75) 


We shall now try to establish a general formula for the hyper- 
geometric series. Differentiating the series (64) n times we obtain: 








wm — 22 +)..(a+n=Y)AB+N..(B+n—-V y 
j yy +1)... ytan- 1]) 
(a +n) (B+) 
x [1 tiga z+] 
or 
wm = a(a + 1)... (a +n — 1) 8+1)... (B+n— l) x 


ry +1)... (y +Hn-1) 
x Fiatn, p+ n, yt n; 2z) (76) 


i.e. the nth derivative of the hypergeometric series (64) is equal to 
a factor multiplied by the hypergeometric series with the parameters 
a+ n,ß +n and y+ n. Hence the function w” will satisfy the 
equation (75) if we replace a, $ and y init by a+ n, B+ n and 
y +n, i.e. 


d duín) 
sl" 5 L)jeteeleyen T | + 
+ (a+ n) (B + n) nz — 1) rtn = 0. 


Differentiating this identity n times we obtain the new identity: 


n+1 
q” 
= — (a + n) (B + n) -E5 [7e — peter wf 
We shall write out this identity for the values n = 0, 1, 2, ...,k — 1 


and multiply term by term the identities so obtained. The left and 
right-hand sides of this identity will contain similar factors and after 
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simplification we arrive at the required identity: 


ak 
Ge Lee — Ptr yf] = 


= (— 1)Fa(a+1)...(a+k—1) x 
x B(B+-1)...(B + &— 1) ez — 1)+8- w (77) 
(k=1, 2, 8,...). 


Let us recall that in this identity the symbol w, denotes the hyper- 
geometric series (64). 

Notice that a hypergeometric series generally ends abruptly and 
becomes a polynomial when either a or 8, which are symmetrical in 
the hypergeometric series, is a negative integer. We shall now consider 
one particular case when this is so, viz. we shall take the hypergeo- 
metric series 


F(k+ 1, —&,1; 2) (a=k+1,pf=—k,y=1), (78) 
where k is a positive integer or zero. The function (78) will simply 
be a polynomial of degree k and the coefficient of the last term 2* 
of this polynomial will be 


(k +1) (k + 2). ..2k(— k) (— k + 1)...(— 1) =(— 1} 2k! 


k 1.2...k NE * 


On supposing in the formula (77) that w, = F(k + 1, —k, 1; 2), i.e. 
a=k+1, B=—k and y=1 we obtain wf? = (—1)* 2k!jkl 
and performing the obvious simplifications we have: 

—1* da 
F(e+1, —k, l; 2) => fete — 14). (79) 

Let us now replace z by a new independent variable x according 

to the formula 





pee. (80) 


The points z = 0 and z = 1 become v = l and x = —1. Put 





Pdz) = F(k+1, =k, 1; 455). (81) 


Substituting (80) in (79) we obtain the following expression for the 
polynomial P,(zx): 
1 


Pile) = ok 


a* k 
ar Ue*— 1]. (82) 
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These polynomials P,(z) are usually known as the Legendre poly- 
nomials. We shall use them in future in connection with spherical 
functions. 

We shall now explain some of their fundamental properties. The 
function (79) satisfies an equation which can be obtained from the 
equation (75) by writing 


a=k+1; p=—k; y=1, (83) 


i.e. the function (79) satisfies the equation 
Š ege- 1) w']—k(k+ 1)w=0. 


Replacing the independent variable, according to the formula (80) 
we can see that Legendre’s polynomials P(x) are the solutions of the 
equation 


d dP, 
= [a — z?) a] + k(k + 1)P,(z) =0. (84) 
Let us now consider a more general equation in the form: 
d d 
=| — =) 2] +4 =0, (85) 


where A is a parameter. Both zeros of this equation are equal to zero 
at the singularities x = +1. This can easily be seen from the form 
of the equation and it also follows from the condition (83). We have 


y—1=0; y—a—fBp=0. 


Hence at the point x = +1 we have one regular solution and another 
solution containing a logarithm; this latter solution will have the fol- 
lowing form at the point z = 1: 


Pi(z — 1) + P,(z— 1) log (x—1), 


where P,(2— 1) and P,(z—1) are Taylor’s series with constant 
terms. It follows from this that the solution containing the logarithm 
will, in any case, become infinite at the corresponding point. Notice 
that when both zeros of the determining equation are the same, 
the coefficient y_,, mentioned in [98], cannot vanish, i.e. when the 
zeros of the determining equation are the same there must be a 
solution containing a logarithm. 

Let us now return to the equation (85) and take one of its solu- 
tions y,, which is regular at the point z= —1. In the process of 
analytic continuation of this solution along the line — 1< z < +1 
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we obtain a solution which will, in general, be logarithmic at the 
point x = 1 where it becomes infinite. For certain exceptional values. 
of the parameter å in the equation (85), the solution, which is regu- 
lar at the point z = —1, will also be regular at the point z = +1, 
i.e. we obtain a solution of the equation (85) which is finite in the: 
whole interval (—1, +1), including its ends. Such exceptional values. 
will be the values given below 


y= k(k + 1), (86) 


for which the equation (85) has a solution in the form P,(z). It can 
be shown, but we shall not do so here, that the values (86) include 
all values of the parameter A, for which the equation (85) has a finite 
solution in the interval (—1, +1), including its ends. 

We shall now explain some other properties of the Legendre: 
polynomials. Let us consider the equations of two different Legendre: 


polynomials: 


S_[(1 — 2%) Pin(2)] + Am Prat) = 0 
(nm) 


— [(1 — 2?) Pa(x)] +4, P,(z) = 


Multiplying the first of these equations by P,(z) and the second. 
by Pm(z), subtracting and integrating over the interval (—1, +1) we 
obtain: 


(4m — Ar) a P,(a) dz = 
= J (Pale) ge I — 2°) Palee)] — Pala) E> [(1 — 2°) Pix) ) | de- 


Integrating the first term on the right-hand side by parts we obtain: 


f Pn(2) > [(1 — 2%) Pa(2)] de = 


x=1 I 
= (1 — 2?) P(e) Pa(e)|  — f (1 — 2?) Pia) Pale) de 


1 1 


J Pno $5 [CL — 2%) Pa (a) de = — f (1 — 2%) Pale) Pala) de, 


-1 -l 
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ee 


J Pate m$ a — 29 Palo) de = — fa =) Pi (2) Pi(x) dae. 


We thus obtain: 
1 
(An ran A,) f Pm(2) P,(z) dz = 0 
=l 


-or 
1 
§ Pm(z) P,(x) dz = 0 (m#n), (87) 
-1 
ie. Legendre’s polynomials are orthogonal in the interval (—1, +1). 
If we were to attempt the integration of the square of the Legendre 
polynomial 


I, = f P2(x) dz, (88) 


we would find that the integral is not unity. Legendre’s polynomials 

form an orthogonal but not normal system of functions. Bearing in 

mind (82) and using Leibnitz’s formula we can write: 

k diw+1* at es = a: 
dz da* 


S 
kt 2* 


r a*(a — 1)" 


Pra) = ioe (e+ yk SS +t ro o} 


We therefore have: 


ake — 1)“ i d*-S(¢ — 1)“ 
—_ = oo = = 2, ’ 3 
E kl and EE bo 0 (s=1, k) 
from which follow the equations 
P,(1) =1. (89) 


Let us evaluate the integral J,. Using the formula (82) we can 
write 





a= 


1 
1 {2 =" de)" ar. 
(nt)? 22" dz” dz” 

-l 
Integrating by parts we obtain: 


1 dlg? — 1)" _ dz? — 1)" 
(n!) 27" | dz”™! dz" 


x=1 








a= 





x=-]j 


1 

A-ly,2 p)’ A+ — 1\" 

-f2 (a? — 1)" | d” (æ? — 1) dz]. 
dz"! da™*1 

-1 
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The polynomial (z? — 1)" has zeros z = +1 of order n. Differen- 
tiating it (n — 1) times we obtain a polynomial which also has zeros. 
z = +1 (of order one). Hence in the above formula the term 
outside the integral vanishes. Continuing the integration by parts. 
we obtain in every case a zero term outside the integral and we thus- 
arrive at the formula: 


1 


1 
— 1)" a2" 2—1] n 
f P2(x) dz = at ai f (e — 1p SEP ae 





We have further 


at ns ST (atm E ES EE E = (2n)! 


dz?” ag 
and consequently: 
1 
f Pile) dz = (— 1)” eea — 1)? dz. 


1922n 
—1 


Putting x = cos g we obtain: 


i (x? — 1)" dz = (— 1)" Pi sin? t! » dy = (— 1)" af sin?"*! odo ,. 
—1 
i.e. [I, 100]: 
1 
Je — 1)” dz = (— 1) 2 Te F 
and the above formula finally gives: 
Jee Pi(z) dx = FT (90). 


Using the expression (82) and applying Rolle’s theorem it can: 
easily be shown that all zeros of the polynomial P,(x) are different. 
and lie in the interval —1 < xz < +1. In fact, the polynomial 
d(x?—1)"/dx of the (2n — 1)th degree has zeros x= + 1 of order (n — 1);. 
according to Rolle’s theorem there is still another zero z = a in the- 
He (—1, +1). There are no more other zeros. The polynomial. 
d?(x?— 1)"/da? of the (2n — 2)th degree has the zeros x = + 1 of order 
(n — 2); also, according to Rolle’s theorem, it has two more real. 
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zeros, one in the interval (—1, a) and the other in the interval (a, +1). 
Continuing in this way we can see that P,,(x) has n different zeros in 
the interval (—1, +1). 


103. Jacobian polynomials. Legendre’s polynomials are only one 
particular example of polynomials obtained when a hypergeometric 
series ends abruptly and becomes a polynomial. We shall now 
investigate the general case. Let us introduce the following notation: 


y—l=p; a+ß—y=q (91) 
and suppose that p and q are fixed numbers, greater than (—1); 
we shall always assume that the parameters a, 8 and y are real 
numbers. If a hypergeometric series is to end abruptly and become 
a polynomial of degree k we must assume that either a or £ is equal to 
(—k). Without loss of generality we can, for example, assume that 


8 = —k and determine a and y subsequently from the equation (91). 
The polynomial so obtained we denote as follows: 
QP D(z) =C F(p +g +k+1, —k, p+1; z), (92) 


where C, is an arbitrary constant. 
Applying to the above hypergeometric series the formula (64) we 
can see that the coefficient of 2‘ in the polynomial (92) is equal to 


(— 1) (P+atk+l(pPt+a+k+ 2)... (ptt 2k) g 
(p+ 1) (p + 2)...(p +) Å: 


Applying the formula (77) to the polynomial (92) we have: 
ki(p+gt+k +1) (p+9+k+2)... 
`- (P +9 + 2k) zP(z — 1) QP %(2) = 


=(—1)} (P +g +k +1) (P +g+k+2)...(p+g+2k)k! . 
(p + 1) (p + 2)...(p + k) 


k 
x Ory [2+ (z — It]. 
dz 








The constant C, is determined from the formula 


CO, — (P+ (p+ 2)...(p +k) 
E= k! . 


In this case we obtain the following formula for the constructed 
polynomial: 
(p:a) (—1* æ +k +k 
zP(z — 1) QP D(z) = aR aa e= 1)1+*]. 
i z 
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If we replace z by z, according to the formula (80), we obtain poly- 
nomials in z which are known as Jacobian polynomials: 

ee ea a 
pa da 





(1 — 2)? (1 + 2)? PẸ D(x) [(1 — æ)Pt* (1 + æ)1+*]. (93) 
When p= q = 0 these polynomials are the same as Legendre’s 
polynomials. When k = 0, PẸ (x) = 1. 

It follows directly from the determination of Cy that the coefficient 
of 2“ in the polynomial (92) is equal to: 


(— 1) (pPtgatk+1)(pt+q+k+2)...(p+9+ 2k) 
kl 





and in the polynomial P,'(z) the coefficient of z" is equal to: 


— P+gtk+l)(pPtgtk +2)... (P+ + 2k) 
ki 2* ` 





ak 


In the case under consideration we have: 


a=pt+qtk+1, ß=—k, y=p+l1, 


and the function (92) is a solution of the equation 
F [2P ti{z — 1) t w] — kp +4 +k++1le(z— li w= o0. 


Replacing the independent variable according to (80) we obtain 
the following equation for Jacobian polynomials: 


d dP(P% (z) 
dz + 


a [a — T)PH (1 + g) 
+khptg+kh+1)(l—2)? (1 + x) PP D(x) = 0. 


In this case the Jacobian polynomials (93), when p and q > 0, are a 
solution of the following limit problem: what is the value of the 
parameter 4 for which the differential equation 


(94) 


[a — æ)P+1 (1 4 ot 2) +41 — xP (1+ y=0 (95) 


has a finite solution in the interval (—1, +1), including its ends. 
The values of this parameter are 


4=Kp+qtk+l), (96) 


and the corresponding solution is given by Jacobian polynomials. 


396 LINEAR DIFFERENTIAL EQUATIONS [103 


Using the equation (94) for Jacobian polynomials it can readily be 
shown that, as for Legendre polynomials, the following equations 
hold: 


1 
| (1 — x)P (1 + x) PY O(a) PP O(2)dx=0 (mæn). (97) 
-1 
The properties (97) can be expressed as follows: Jacobian poly- 
nomials are orthogonal in the interval (—1, +1) with the weight 


r(x) = (1 — x) (1 + z). (98) 


As with Legendre’s polynomials, we can deduce from the formula 
(93), that 
k k— 1)... 1 
PP D(1) = (p +k) (p + 7 )..-(p +1) : (99) 


Let us now evaluate the integral: 
1 
Ty = f (1 — 2)? (1 + 2) [PẸ O(a) }? de . 
-1 
Using the formula (93) we can write: 


_ (0 (P, D(x — g)P+tk q+k 
ET. fara [(1 — x)P+k (1 + z)t*] dz. 


Integrating by parts, as in [102], we obtain: 
1 


1 
Ik = rake = g)Ptk(1 + gate 
-1 


ak Pip. Day 
— dz 
daf 


since the terms other than the integral vanish when p > —1 and 
q > —1. Denoting as before the coefficient of z* in the polynomial 
Pl? (a2) by a, we obtain: 
1 
I= a (1 — z)P+k (1 + x)itk de. 


=l 


Introducing a new variable of integration t = (1 — 2)/2: 
1 
Ik = ak 2P+q+k+1 { tP+k(1 = t)atk dt, 
ò 


i.e. [72]: 
Ty = a Pttit Bop + k+l, g+k+1)= 


= a, QPtgtk+1 Pip+k+ 1)l(qtk+)1) 
Tp + q+ 2k + 2) K 
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or, substituting the above expression for a, and using the formula 
(120) from [71]: 


rad ie Fptk+UMqt+kt+)) 


u= sgorr =~ Tete ees ` 





i.e. the formula holds: 


1 
fa — 2)? (1 + 2) [PẸ O%(a)]? de = 
—1 
eee č Ia+tp+tDrat+tg+D) p 
<ar alaptat V rere AiO) 
When n = 0, owing to the fact that T(x + 1) = x I(x), the latter 
expression has the form: 


9p+q+1 Típ+ DI +1) 
rp +g+2) 





Notice another particular case, viz. when p = q = —1/2. We shall 
introduce special symbols for these polynomials. 


Tila) =P, OT Ee), (101) 


where C, is a constant. 
They are determined, from (93), by the following relationship: 


1 1 
ge E _ (1%, at | _ ast] 

We shall now introduce another expression for these polynomials 
i.e. a differential equation which they must satisfy. These equations can 
be obtained from the equation (94) by assuming that p=q=—1/2. 
We have for T(x) the following equation: 


yI z Mm Zz? S| +k Ta) = 0. (103) 


The zeros of the determining equation at the singularity x = 1 
will be z and 1/2. The first zero corresponds to a solution in the form 
of a polynomial, but the second solution will not be a polynomial. 
To find a polynomial in a convenient form which would satisfy the 
equation (103) we replace x by a new independent variable p according 
to the formula 

z = Cosg. (104) 


Differentiating with respect to ọ instead of x we have, according 
to the differentiation law for complicated functions: 


ee ees 
T Ge T dp ` 


Substituting this in the equation (103) we obtain 


d? T;,(cos ¢) 


dg? + k?T,(cosp) =0. 


The latter equation has the following solutions 
coskp and sinkg, 


and for the equation (103) we obtain solutions in the form 
cos(k are cos x) and sin(k arc cos 2). 


Using the formula from [I, 174] 
cos kp = cos* p — (5) cos*—? gsin?g+..., 


we can see that the first of these solutions is a polynomial in 2 and, 
consequently, except for the arbitrary term, the polynomial which 
gives the solution of the equation will be 


T(x) = cos(k arc cos z), (105) 


and this polynomial is known as T'schebyshev’s polynomial. When 
p = 0 we have x = 1 and, consequently, 7,(1) = 1; on the other 
hand, from the formula (99): 


(F> -3) 1-3...(2k —1) 
Pr (1) = — 3i.. ce 


whence the constant term in the formula (101) can easily be deter- 
mined. 


ta pOT), 


2. 
Te”) = 173k ty Pe 


x). (106) 

104, Conformal transformation and the formula of Gauss. We shall 
now try to explain the connection between the equation of Gauss and 
a certain problem of conformal transformation; we shall again assume, 
as in the previous paragraph, that the coefficients a, 8 and y are 
real. We will prove, first of all, that the solution of the equation of 
Gauss (62) cannot have multiple zeros in the plane of the complex 


variable, except at its singularities. For suppose we have at a point 
z = Zo a zero of order higher than one, i.e. 


w(z) = w'(%) = 0, 


then it follows from the equation (62) that w’(z,) = 0. Differentiating 
the equation (62) and putting z =z, we obtain w’(z,)=0, etc. 
However, it is well known that if all the derivatives of an analytic 
function vanish at a certain point then the function is identically 
zero; but we assumed that w gives a solution which does not vanish. 
The above proof is also valid for any linear equation of the second 
degree with analytic coefficients. The result obtained can also be 
deduced directly from the existence and uniqueness theorems [95]. 

Let us now consider the quotient of two solutions of the equation 
of Gauss: 


nz) = 26) (107) 


w,(z) ` 

When this function is analytically continued it can only have 

singularities at the points z = 0, 1 and œ, as well as at points at 

which the values of z are zeros of the solution w,(z). These values 

of z will be simple poles of the function (107). If w,(z)) = 0, we can 
say that w,(z,) 4 0. In fact, if we had 
Ww, (29) =0, 

then our two solutions would be determined from the initial conditions 

w,(%) =0; wz) =a | 

W,(%) = 0; wz) = J 


and, according to the existence and uniqueness theorems, we would 
have had 


a and £840, 


w,(z) = Ew) , 
i.e. the solutions w,(z) and w,(z) would be linearly dependent; we are 
given, however, that the numerator and the denominator in the 
formula (107) are linearly independent solutions. 

Consider the upper half-plane of the complex variable z. In this 
connected domain B the analytic functions w,(z) and w,(z) have no 
singularities in the course of analytical continuation and, con- 
sequently, are single-valued regular functions of z. The function (107) 
will also be single-valued in the upper half-plane, where its only 
singularities are simple poles. We will now show that the derivative 
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of the function (107) cannot vanish except at the poles. We have, 
from [I], 24], the following expression for this derivative: 


d (25) = Cc am Sa a (108) 


“dz (w ()) w2) í 








where C is a constant and p(z) is the coefficient of w’ in the equa- 
tion (62). 

Our hypothesis follows directly from the formula (108). Bearing 
in mind that conformity is not impaired at a simple pole, we can 
say that the function (107) gives a conformal transformation of the 
domain B into a new domain B,, in which there are no branch-points. 
We shall now determine the contour of the new domain B,. 

When the point z, in the upper half-plane approaches a point 2) 
on the real axis, which is not one of the singularities 0, 1 or œœ, the 
function (107) tends to a definite limit and, moreover, it will remain 
regular at the point 2); it will also be regular on each of the following 


three lines: 
(— œ, 0); (0, 1); (1, æ) (109) 


on the real axis. We will now show that the function (107) will also 
tend to a definite limit even though z tends to one of the singularities. 
Consider, for example, the point z = 0. 

To start with let us explain one circumstance which will be 
important in what follows. Suppose that instead of w,(z) and w,(z) 
we had taken two other independent solutions of the equation, viz. 
wi(z) and w%(z). These can be expressed linearly in terms of the 
former solutions: 

wit (2) = a), w,(2) + a. w,(2), 
Wz (Z) = az W,(Z) + azz W2(2) , 


where 
a11 f2 — Ay2 An, #0. 


Let us construct a new function 7*(z) using these new solutions: 





žia — W2(2) _ an Wi(Z) + as W2) 
4 (2) wiz) ay, W,(2) + a2 w,(2) 


or 
* — an + az (2) 
ý (2) Gay + anh) 


i.e. when choosing different independent solutions in the formula (107) 
the corresponding functions 7(z) will be simply connected with each 
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other by a bilinear transformation, the determinant of which is not 
zero. 

We shall now investigate the function (107) in the neighbourhood of 
the point z= 0. We select the independent solutions as follows: 


w,(2) = F(a, P, y; 2); 


(110) 
w,(z)=2-"F(a+1—y, B+1—y, 2—y; 2), 
Also 
_ yey F(atl—y bB+l—y, 2—y; 2) 
Meee ey (111) 


This latter formula must be interpreted as follows: in the neigh- 
bourhood of z = 0 the function 7(z) is determined by the formula 
(111); in the half-plane B this single-valued function can be determined 
by analytic continuation. It follows from the formula (111) that, for 
example, 


n(z)—0, if z>0O and yl. 


If we choose any other solutions, the new 7(z) will be expressed 
by (111) as a bilinear transformation, and, consequently, it will also 
have a definite limit as z— 0. 

We will now show that the function (107) transforms the lines (109) 
into circular arcs. For example, let us consider, the line (0,1) and 
take a point z, on this line. We shall determine the solutions w,(z) 
and w,(z) at the point z, from the initial conditions; we select these 
conditions so that w(z,) and w’(z,) are real. Bearing in mind the 
fact that the coefficients in the equation of Gauss are also real 
we obtain for w,(z) and w,(z) Taylor’s series with real coefficients in 
the neighbourhood of the point z). The analytic continuation of 
these solutions along the line (0, 1) will evidently also lead to Taylor’s 
series, in other words, for this choice of solutions the function 
7(z) will have real values on the line (0,1), ie. it will transform 
this line into another line on the real axis. For any other choice of 
solutions the new function 7(z) will be obtained from the former 
function by the bilinear transformation which transforms the line 
on the real axis into the arc of a circle. Therefore the function (107) 
will, in fact, transform each of the lines (109) into the arc of a circle. 

Let us again consider the case when the fundamental solutions 
w,(z) and w,(z) are real on the line (0, 1). Applying the formula (108) 
to this line we can see that the derivative of the function 7(z) does 
not change its sign on this line, i.e. the function n(z) is a monotonic 
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function of the variable z on that line. In other words, if the point 
z moves along the line (0,1) in a definite direction, the point n(z) 
always moves along the corresponding line in the same direction. 

Notice that the point ņ(z) can also pass through infinity, so that the 
line, described by the point »(z), can be infinite. In certain cases 
this line can overlap itself. In the general case, when the independent 
soutions in the formula (107) are chosen arbitrarily, the point z 
moves along the line (0, 1) in a definite direction and the point »(z) 
moves along the arc of a circle always in one direction; in certain 
cases it is not an arc of a circle but a full circle overlaping itself which 
corresponds to the line (0, 1). 

From what was said above we obtain the following result: the function 
(107), ¢.e. the quotient of two independent solutions of the equation of 
Gauss, conformally transforms the upper half-plane into a domain bounded 
by three circular arcs or, in other words, into a circular triangle which 
contains no branch-points. Let us now determine the angles of this 
circular triangle. Take the apex A of the triangle which corresponds 
to the point z = 0. Select the fundamental solutions by using formula 
(110) and assume that y < 1. Turn to the formula (111). In the 
neighbourhood of the point z = 0 we have 7(z) > 0, when z > 0 and 
we assume that arg z=0. Describing the point z=0 from the upper 
half-plane we obtain argz and, consequently, arg z1” = x(1 — y); 
the fraction in formula (111), when z is close to zero, will be real 
and close to unity. Hence assuming that y < 1, we obtain two straight 
lines in the plane 7(z); one of these goes from the origin in the direction 
of the positive part of the real axis and the other makes an angle of 
a(l — y) with this direction. If y > 1, then instead of the relationship 
(111) we must take the inverse relationship. Thus for the given 
choice of fundamental solutions we have in our circular triangle an 
angle z | 1 — y | at the apex corresponding to the point z = 0. For 
any other choice of fundamental solutions we obtain another triangle 
which can be obtained from the former by a bilinear transformation. 
We know that this transformation conserves the angles and therefore 
we obtain, in general, the angle x | 1 — y | at the apex A. The pro- 
cedure is similar when we determine the other two angles of the circular 
triangle, which correspond to the points z = 1 and z = œ. We obtain 
then two angles equal to x | y — a — £ | and x | B — a | respectively. 
The direction in which these angles are measured is determined, as 
always in conformal transformation, from the fact that when the point 
moves along the real axis in the positive direction the corresponding 
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point moves along the contour of the circular triangle so that this 
triangle lies to the left of the moving observer. 

The above result can be formulated as follows: an angle of the triangle 
in the 7(z) plane is equal to the product of x and the modulus of the 
difference of the zeros of the determining equation at the corresponding 
singularity of the equation (62). We notice, without going into the proof, 
that this will still be so when the difference is equal to zero (the 
arcs of the circles touch), or to an integer. 

It can be shown conversely, that any circular triangle, even one 
with several sheets but without branch-points either inside or on 
the sides, can be obtained from the upper half-plane as a result of 
the conformal transformation by the quotient of two solutions of the 
equation of Gauss, when the parameters a, $ and y are suitably 
chosen. In particular the usual triangle with straight sides can be 
taken: this is a particular case of a triangle bounded by circular 
arcs. In this case we can express the function which performs the 
conformal transformation more simply, viz. by means of Christoffel’s. 
formula. 


105. Irregular singularities. We shall now deal with the problem 
of obtaining a solution in the neighbourhood of an irregular singul- 
arity. By performing a bilinear transformation of the independent 
variable we can always achieve the fact that this singularity should 
lie at infinity and we shall assume in future that this is so. Consider 
the equation 


w” + p(z)w’ + g(z)w=0. 


If p(z) and g(z) have the following expansions near infinity: 


b 
u (112) 


2 2 


Me 


aT, 


then, as we know from [99], this point will be a regular singularity. 
We now assume that the coefficients cannot be expanded in accordance 
with (112), but that the expansions of p(z) and q(z) near infinity do 
not contain positive powers of z, i.e. we consider an equation of 
the type: 


w" (a t+ w (bo ++ +...)w=0, (113) 
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where at least one of the coefficients a), bọ and b, is not zero. This 
‘equation must be formally satisfied by an expression of the form: 


w= 2(—o+q2+---), (114) 


where c,# 0; substituting this in the left-hand side of the equation 
we obtain a single term which contains 2°, viz. a term of the form 
boca. Hence it will not be possible to satisfy our equation formally 
by an expression of the form (114) if b, 4 0. To eliminate the coefficient 
bo we replace w by a new function u, according to the formula 


w= eu. 
Hence 


w =e uy’ + aeu, w” =e% u" + 2ae7u’ + are@u, 
and, substituting in the equation we obtain a new equation 


u" + (2a taot 4 2e4...)u' + 


ans oth 


+(e + aa +b t ~ aT reel ..}u=0. 


The constant a now remains to be chosen from the condition 


a? + aa, +b =0. (115) 


As a result we obtain an equation of the form: 
u" + (2a + a + $ ++. njw (+. (116) 


(bk = aay + dy), 


where a is a root of the equation (115). This equation can be formally 
satisfied by an expression of the form (114). Let us suppose that 


u=Zzv, 
hence 


w = y+ ex vu; uw” = ey” 4 Zoz?— H ol — 1) 22? v. 
Substituting in (116) we have for the new function v the following 


equation 


v” + pi(2) v + 9y(z)v = 0. (117) 
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where 
2 1 
p,(2) = 2a + ay + A kan + = 4 3 +- 
(2a am Ea ie i iaer + (118) 





q(z) = 


+ ndi + =M seth +. 


We will now determine ọ from the condition that the coefficient. 
q(z) must not contain a term in 27}, i.e. 
r aa + b 
(2a + ao) o + bi = 0; TT A (119). 
If we assume that the equation (115) has different zeros, it follows. 
that 2a + a, # 0. 
The new equation for v will be: 


v + (2a +0, p EE 4...) 0" + 


sp (aaa OES a Jo=0. (120) 


z? 


This equation can be formally satisfied by the series 
v=o +++... (121): 


Differentiating, substituting in the left-hand side of the equation. 
and equating coefficients of like powers of x to zero we obtain a. 
system of equations from which ¢,,c,,..., can be determined suc- 
cessively and where c, will be an arbitrary factor. Let us write the 
first of these equations 

— (2a + dy) c, + [e? + (a, — Ne + Bie = 0, 

Hence 
e + (a — l)e +a, +b, 

2a + ao 


We finally obtain for equation (113) a solution of the form: 


i= Co. (122) 





w = e% 20 (oy +h + Hare): (123) 


If the quadratic equation (115) has different zeros then by using 
every zero we can construct by the above method two expressions 
of the form (123). It appears, however, that the infinite series in 
the expression (123) will, in general, be a divergent series for every 
value of z. 
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We will show this to be true in one particular case. Consider the 
equation 


w + (a +t) w’ +w. (124) 


In this case we can assume that a = ọ = 0 and, substituting in 
the left-hand side of the equation (124) a series of the form (121), 
we obtain the following formulae for the determination of the coef- 
ficients: 


[n(n + 1) — na, + ba] cn — (n + 1) aye,4, =0. 


Consider the relationship of two successive terms of the series (121). 
Using the above formula we obtain the following formula for this 
relationship: 

Cna . Cp _ A(n+1)—na,+h, 1 


ziti" gn (n+1) a, z 





, 


from which it follows that for any given z the above relationship 
tends to infinity together with n and, consequently, the constructed 
infinite series cannot converge for any value of z. 

The divergence of the series in the expression (123) at first sight 
appears to make the above relationship devoid of meaning. It becomes 
evident, however, that this expression can be used to give the solution 
of the equation (113). To explain this circumstance we must introduce 
a new concept, viz. the concept of the asymptotic expansion of a 
function. 

We shall lastly consider the case when the equation (115) has a 
double zero. In this case 2a + a) = 0 and the equation (116) becomes: 


w+ (24+Sq...ju+(4+3+...Ju=o. 


Replacing z by a new independent variable t = yz we obtain the 
equation: 




















du 2a,—1 2a. 2a. du 
dé +( aes a = es JF 
+ (40+ 4 Ju =o. (125) 


For this differential equation the quadratic equation (116) becomes 
a? + 4bi = 0 and, provided bj # 0, we have for the equation (125) 
the case of the different zeros which we considered above. If, however, 
bi = 0 then ¢ = œ is a regular singularity of the equation (125). 
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106. Asymptotic expansion. Let us suppose that we are given an 
infinite series 


otti.. (126) 


and denote by S,(z) the sum of its first n terms: 
8,(z) = = Co 4 ike + et . 


The convergence of this series is re to the existence of a 
limit §,(z), as n increases indefinitely. We shall now consider it diffe- 
rently viz.: we suppose that n is fixed and z tends to infinity along a 
definite straight line Z. In future we shall assume that this straight 
line is the positive part of the real axis, i.e. z > 0. 

We now suppose that a function f(z) is determined on L, so that for 
any fixed n the difference 

f (2) —8s n(2) 
as z-» œ, represents an infinitely small quantity of an order 
greater than (1/z)"—', ie. the difference f(z) — S,(z) is an infinitely 
small quantity of an order higher than the last of the terms in the 
expression §,(z). The above conditions can be written as follows 


lim [f(z) — S,(z)]2"71 = 0 (on L). (127) 


We usually say that the series (126) gives the asymptotic expansion 
of the function f(z) on L and it can be written as follows: 


fz) ~~ eg -+ 4 4. (on L). (128) 


Bearing in mind that eet as z->co we can, instead of 
the condition (127), write the following equivalent condition: 


lim [e — (o+ +.. i)e =o. (129) 


Consider, for example, the function which is determined when z> 0, by 
the integral 


f(z) = fete tae. (130) 
x 
Performing successive integrations by parts we can write: 
G 


e x-i 
+(—1) at f a dt. 


x 





_— 1)" (in — 
ge = 72... = ey 
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Construct the series 


1 1 2! 3! 


ee tae te (131) 

On considering the relationship of two successive terms it can readily be shown 
that this series will diverge for every value of x. We will show that it gives the 
asymptotic expression of the function (130). We have in this case: 


= x—t 
K2) — Sna (3) = (— 1)" nt J sar at 


x 





whence, since £ > x, the factor e*-‘ lies between zero and unity, and we obtain: 


| (2) — Spa l(T) | < n f- 22 


x 


from which the condition (129) follows directly and, consequently: 
a 


ee 1 1 2! 3! 
fe Pe dew + tee (132) 
x 
Suppose that we are given the asymptotic expansion (128). When 

n = 1, the condition (127) gives 

lim [f(z) — ¢] = 0, 

Z=% 
i.e. 

co = lim f(2). 


Z> 


Furthermore the same condition, when n = 2, gives 


ba a 


whence 
c, = lim [f(z) — co] z, 
Zao 
and in general we have: 
zo 


c, = lim [a - (co + ara (133) 


These formulae determine in a unique way the coefficients of the 
asymptotic expansion when this expansion exists. It follows that 
a given function can only have one asymptotic expansion. 
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Consider the function e~* 


that for every n we have: 


on the straight line z > 0. We know 


lim e-*2" = 0, 

x> 
i.e. the asymptotic representation of the function e™* on the straight 
line x > 0 will be e™*—>»0. Hence, for example, if a function f(z) 
can have an asymptotic expansion along the straight line z > 0, 
then the function f(z) + e~* will have the same asymptotic expansion. 
We can see in this case that the addition to the function f(x) of 
the term e`” which decreases more rapidly than any whole negative 
power of x, does not change the asymptotic expansion of the function. 

From the definition of the asymptotic expansion the laws of term 

by term multiplication and term by term integration of asymptotic 
expansions can be proved, viz. when: 


f(z) ~ SS and 92) ~ ao 
then 





Similarly, when 


then 
ea SCR = 
free È u nA 


We shall not give the proofs of these laws, which follow directly 
from the definition of the asymptotic expansion. 

It can be shown that the infinite series in the expression (123) 
gives the asymptotic expansion of a certain function, viz. a solution 
of the equation (113) exists for which the following asymptotic 
expansion holds on the straight line z > 0: 


tz) e*7 2-8 ~ co tE H H... 


We shall prove this for a particular case of the equation (113) viz. 
for the case when both a, and bę vanish for k > 2. We shall use 
in this proof a special method for integrating the equation (113), 
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viz. we shall give the solution of this equation in the form of a con- 
tour integral. To start with let us try to solve the problem of inte- 
grating the equation by means of a contour integral. 

Above we found that the condition (127) is satisfied when z lies 
at infinity with reference to a straight line L. If this condition is 
satisfied when z moves to infinity along a certain sector then it is 
said that the asymptotic representation (128) takes place in this 
sector. 


107. The Laplace transformation. Consider the equation 
r , b 
w" + (ay + )w’ + (b+ t}w=0 
or, multiplying by z 


zw" + (az +a) w + (boz +b)jw= o0. (134) 
We shall try to find the solution of this equation in the form: 
w(z) = f o(z’) 7 dz’, (135) 


I 


where v(z’) is the required function z’ and | is the required path of 
integration which is independent of z. Differentiating with respect 
to z we have: 


w (2) = f o(2’) 2 edz’; w”(z) = f v(2’) z’ 2e” de’. (136) 
i i 
Multiplying by z and integrating by parts we obtain: 
zw(z) = foe’ de” = [v(z') e7]; — f a e7” dz’, 
i i 





where the symbol 
Le(z’)h 


denotes the increment in the function ¢(z’), when z’ has described 
the contour l. Similarly we have 


zw’ (z) = [v(2’) 2’ e7], — jee e” dz’ 
i 
and 


zw"(z) = [v(2’) 2’2 e7], — a e” dz’. 


We must, first of all, make the condition that 
[v(2’) (22 + aoz’ +b) 07], =0. (137) 
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Substituting the above expressions in. the left-hand side of the 
equation (134), the terms outside the integral will vanish, as a result 
of (137), and we can write this equation in the form: 


f Loa +a pes + by doz’) 
ae’ 


— a, z’ o(z’) — bı v(2’)} e7” dz’ =0. 


This equation will certainly be satisfied if we determine the function 
v(2’) from the equation 


AENT y a AMET 4p, SE) _ az ofe) — boe) = 0. (188) 


Consider the quadratic equation 
zZ? +z +b=0, (139) 
which is the same as the equation (115), and assume that it has two 
different zeros a, and a,. The equation (138) gives: 
1 dv (a, — 2)z’ + (bi —a,) 


v dz’ Z-a) —a,) 


or, converting the fraction into partial fractions: 











1 w p-l q—1l1 
v d 2’—a, E z’—a,’ (140) 
where 
_ (a, —2) a, + (6, —@,) + (a — a) , 
Pp = a,— a, ? 
_ (a, — 2) a, + (bı — ag) + (4, — a) 
LS a, — a, 


On the other hand, we obtain from the quadratic equation (139): 
@+4,=—, 


and the above expressions for p and q can be transformed as follows: 





= ta tb. — aa +b 
P= Gata, 1T Fa (141) 


Comparing this with the formula (119) we can see that 
P=— 8; 7=—@, (142) 


where pọ, and ọ, are two different values of 9 which correspond to the 
two different zeros a, and a, of the equation (115). 
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On solving the equation (140) we have 


v(2’) = C(z’ — a)? (2’ — a), (143) 
and, consequently, the solution of the equation (134) will be 
w(z) = C f (2’ — a,)P-1 (z — a) t e7 dz’, (144) 
i 


where C is an arbitrary constant and the contour l, as a result of (137) 
and (143), must satisfy the condition 


[(2’ — ay)? (2 — ap) oJ, = 0. (145) 


108. The choice of solutions. On choosing the contour J, which 
satisfies the equation (145) in different ways we can obtain 
different solutions for the equation (134). This equation, like the 
Bessel equation, has a regular singularity at z = 0 and an irregular 
singularity at z = œ, The determining equation at the singularity 
z = 0 will be 

e(fe—1)+4a,e=0, 


and its zeros will be ¢, = 0 and oe, = 1 — q; we assume, for simplicity, 
that 1 — a, is not a positive integer. Hence one of the solutions of 
the equation (134) will be a regular function at the point z = 0 and 
this solution can be represented in the z plane by the series: 


l+tezte2+... (146) 


We shall first of all, indicate a choice of the path of integration / for 
which the formula (144) gives this solution which is regular at the origin. 

The integrand in the expression (144) has singularities at the points 
2’ =a, and z’ =a,, which will, in general, be branch-points, since 
p and q will, on the whole, not be integers. When circumscribing 
the point z’ =a, in the positive direction the above integrand will 
gain the factor eP»? — eP? and when circumscribing the point 
z’ =a, it will gain the factor e—1?"' — e?™, In future we shall 
assume that the numbers p and q are fractions. 

Consider a finite point z) other than a, or a,in the plane and denote 
by l and J, closed contours which originate at z and encircle the 
points a, and a,. 

We denote the symbol by (l, l) the contour which consists of the 
following successive circuits: the circuit along l in the positive 
direction, the circuit along l, in the positive direction, the circuit 
along l in the negative direction and the circuit along l, in the negative 
direction. On completing the first circuit the function (145) gains 
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the factor e’*, After the second circuit is completed it gains the 
factor e?™; after the third circuit the factor e-??" and, finally, 
after the fourth circuit the factor 2-?”. Thus when we finally return 
to the point z, we have on the left-hand side of (145) the same branch 
as the one we took by starting out from z,. Thus by taking for l the 
contour (1,,1,) we satisfy the condition (145) and formula (44) gives 
the solution of the equation. Notice that had we taken for the contour 
l a closed contour which did not encircle the singularities a, and a, 
of the integrand then this function would, of course, also have returned 
to the initial value but, according to Cauchy’s theorem, the integral 
round this closed contour would not have been equal to zero and 
we would have obtained the solution of the equation (134). In this 
case we have chosen the contour (L, l) so that by describing the 
singularities we have, nevertheless, returned to the initial branch 
of the function. 
We therefore have the solution 
w(z) =C f (z — a)’ (z — a) e7 da’. (147) 
(Es h) 
The variable z’ lies on the contour consisting entirely of finite 
points and we can therefore write the expansion of the series 


e7 = $ Ea g’k 
= Ar ; 
which is uniformly convergent on the contour of integration. Sub- 
stituting this series and integrating term by term we can write our 
solution in the form: 


w(z) = cS J 2'*(z’ — a,)P—1 (z — a)i dz’, (148) 


where C is an arbitrary constant, i.e. the constructed solution happens 
to be a solution which is regular (at the origin). It must, however, be 
remembered that this solution is not identically zero; this can occur 
only in exceptional cases, when p and gq are positive integers. 

It can readily be seen that the value of the integral in formula 
(148) is independent of the choice of the initial point 2). This can 
be shown, for example, by applying Cauchy’s theorem but it must 
be remembered that the complete contour (l, l) must be closed, for 
when describing it fully we return to the starting branch of the function 
and, therefore, the use of Cauchy’s theorem is permissible. 
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We shall now consider the particular case when the real part of the numbers 
p and q is greater than zero. We shall assume that the point z, lies on the straight 
line a, a, near the point a,, that J, is a small circle, centre a,, and that J, consists 
of a straight line z,z, and a small circle, centre a, where the above straight 
line must be described twice. We will show that when the radii of the above 
circles become indefinitely small the integrals round these circles tend to zero. 
Consider, for example, the circle, centre a,, and assume, for simplicity, that 
p is a real number which, from the given conditions, must be greater than zero. 
Let £ be the radius of the circle. On this circumference we have the following 
inequality for the integrand: 


[z — aP (2? — a= [ 2’ o Poe” — a4] < PM, 


where M is a positive constant. For the whole integral over the above circum- 
ference we have the inequality: 


| f 2 (2 — a,)P7? (2’ — a) dz’ | < P~? Mne = P 2AM, 


from which it follows that the integral tends to zero together with £. For the 
complex power p = p, + ùP} where p, > 0, we have: 


(e — a)! | = [o — D + tral low 2’ — 21) | e (Ps — 1) 0g |2’— al — pa arg (Z — a) 


or 
(z — a,)P7} = h!l. eae (r-a), 


and the result will be the same. 

Hence using the above method of integration we can, in the limit, neglect 
the integration round the circle; we then have the path of integration J, and 
we must integrate along the straight line a, a, encircling the point a, and 
returning to the point a, along that same line. 

Bearing in mind the factors which the integrand gains by describing the 
points a, and a, we obtain the following formula for the solution (147): 


a, 
Wo (2) = OeP?”i a Ea eft) f (z = a,)?—? (z = a,)?—} e7” dz’ + 
a, 


a, 
+(e" 1) f (z —a,)P—2 (z — a)! e de’ 
or 


a, 
wz) = — O(eP*#! — 1) (P™ — 1) f (z — a)? (z — a)" e dz’. 
a 
If we suppose that p and gq are not integers and reject the constant factor 
we can, in this case, write the solution of the equation (134) which is regular 
at the origin simply in the form of an integral along the line a, a,: 


w,(z) =C f (z — a, PT! (z — a)? o7 dz’. (149) 


a 
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This last result can also be obtained directly. If the real parts of p and g 
are greater than zero, the expression (145) must vanish when 2’ = a, and 
z’ = a 80 that we can simply take the line a, a, as the path of integration J. In 
this case we are not using the fact that p and g are not integers. 


Let us now return to the general case. Notice that if we take for 
the path of integration only one contour J, or J, then the value of the 
integral will, in general, depend on the initial point zọ and we 
shall not obtain a solution of our equation. However, the point 2 
can be so chosen that we can, in i 
fact, obtain a solution of the y 
equation. 

We shall assume in future that 
z is a positive number and notice 
that the expression 

(z — a,)? (z — a)?" (150) 
tends to zero as 2’ tends to 
infinity, so that the real part of 2’ 
tends to (—œ) and its imaginary 
part remains bounded. We shall say 
that z’ tends to (—°°). If we chose 
for the contour l} a contour the 
ends of which are at the point (—°°) and which circumscribes a, 
then at the ends of this contour the expression (150) will vanish 
and the condition (145) will be satisfied; consequently the integral 
round this contour will give a solution of the equation (134). We 
obtain a second solution similarly by taking for the path of integra- 
tion 2, a contour originating at (—°°), which circumscribes.the point 
a,in the positive direction. We thus obtain two solutions for the equa- 
tion (134): 





Fic. 68 


w, (2) = f (2’ — a,)P~? (z’ — a) e7 dz’, 
iv 

w, (z) = f (z’ — a,)P—1 (z’ — a)i e” dz’. 
iy 


(151) 


The integrand has branch points at z’ = a, and z’ = œ. To make 
this function single-valued we must cut the plane from these points 
to. (—°°) and, assuming that the imaginary parts of a, and a, 
are different, we cut the plane along straight lines parallel to the 
real axis (Fig. 68). In the cut plane we select that branch of the 
integrand for which arg (z’— a) = 0, when z’ — a, > 0, i.e. the 


416 LINEAR DIFFERENTIAL EQUATIONS [108 


continuation of the first cut, and arg (2’ — a) = 0, when 2’ — a, > 0. 
The contours l and l, are situated as shown in Fig. 68. The 
above conditions fully determine the solution (151) when z > 0. 

Notice that the exponential function e” tends to zero as 2’ > — œ 
not only for positive values of z but for any value of z, the amplitude 
of which lies within the limits 


T a 
— -z <argz< -7 - (152) 


In fact, assuming that z = x + yi we have, at the same time, x > 0. 
Also z’ = 2’ + y'i, where z’-»> —oo and | y’| remains bounded. 
Thus the real part of the product 
zz’, which is equal to zz’ — yy’, 
will also, in this case, tend to 
(—œ) and the function (150) will 
vanish at the ends of J; and J. 
Hence formula (151) gives the 
unique solution for all z2’s in the 
sector (152). 

We shall now establish the con- 
nection between the solution (151) 
and the solution (134) which is re- 

Fic. 69 gular at the origin. Bearing in mind 

l further applications of the Bessel 

equation we shall restrict ourselves 

to the case when p = q. To obtain a solution regular at the origin 
we can take as the contour of integration not the contour (l, 4) 
which we mentioned above, but a simpler contour, viz. a contour 
from a point 2), which describes the point a, in the positive direction 
and the point a, in the negative direction. On completing the first 
circuit the integrand gains the factor eP”™™! and on completing the 
second circuit the factor e-7?%! = e-P?™, so that we return to the 
initia] value and the condition (145) is satisfied. As before the con- 
structed solution is independent of the choice of the point 2). Let 
us remove this point, without affecting either of the points a, or 
a,, to (—œ) for example, along the lower edge of the cut 7, which 
goes to the point a, (Fig. 69). The completion of a circuit around 
the point a, will then give the solution w,. On completing this circuit 
we shall find ourselves on the upper edge of the above cut and we 
shall then have to complete a circuit round the point a, in the negative 
direction. Had we completed this circuit from the lower edge of the 
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cut 7,, we would have obtained the solution (—w,). However, by 
coming onto the upper edge of the cut, from where the circuit round 
the point a, is being described, the integrand acquired the factor 
e2)"! and therefore the completion of a circuit round a, in the 
negative direction gives (—e"**' w,). We finally obtain the following 
rule: when p = q the regular integral obtained by integrating round the 
contour shown in Fig. 69 can be expressed in terms of the solution (151) 
in the form: 
w, (2) — eF?*! w, (2). (153) 
109. The asymptotic representation of solutions. We shall now 
deduce the asymptotic expansions for the solutions (151) for large 
positive values of z. Let us recall that we have determined these 
solutions for values of z in the sector (152). We begin with the first 
solution. Replace z’ by a new variable of integration ¢, according 
to the formula 
z’—a,=t, (154) 
and assume, to simplify the notation, that 8 = a, — a. The first solu- 
tion will then have the form: 
w (2) = f P= (t + p) eX* dt, (155) 
le 
where l, is a contour which goes from ¢ = —œ and surrounds the 
origin. The points t= 0 and t= —f are branch-points of the 
integrand function. Instead of the cuts shown in Fig. 68 we cut 
the t-plane in two places, viz. from (—°°) to the points t = 0 and 
t = —B = a — aq, respectively; here argt = 0 when ¢ > 0,while 
arg (t + 8) = 0 when t+ £ > 0, i.e. on the continuations of these cuts. 
Using Newton’s binomial expansion we have, when |t|< |2| 





(t + B)?-1= pr} (1 + —)" = Sh t*, (156) 
k=0 
where 
dy = pa p-* (q asz 1) (q ze —k) (dy = p?-) 3 (157) 


From the above condition for the amplitude of (t + £) in the t-plane 
with the cut from (— œœ) to (— £), we can assume that in the expression 
6%! which is equal to the function (156) when t = 0, the amplitude of 
g lies within the limits 

—a<argp<z, (158) 


and we assume that £$ is not a real negative number. 
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When |¢| > || we cannot use the formula (156) and in this 
case we can simply write: 
t +8 =d t dtt... + 4, + RB, (t), 
where 


R, (t) = (t + By — (dy + ditt - - -+ dpt”). (159) 


Using the above formulae we can write: 


n 

w, (2) =e Sd, | et eth? dé + em f ot tP—! R, (t) dt. (160) 

ka i, i, 

Consider the sum on the right-hand side. Replacing ¢ by a new 
variable of integration z, according to the formula 


zt = —ta=e-*f, 
we can obtain the integral in the form: 
f et pPptk—1 dt = eri (— 1)* g-P—k fer qPpP+k—1 dt. 
A 
where the path of integration A is along a cut from t = + °° and around 
t= 0 in the positive direction. Owing to the fact that zt = e~" 
we have t = ze™t, where we assume that z > 0 and arg z = 0, 


i.e. the t-plane is obtained from the t-plane by rotation about the 
origin by an angle x, so that the lower edge of the cut l, in the ¢ plane, 


where arg t = — x, becomes the upper edge of the cut A in the t plane; 
as a result of the above formula we must assume on this upper edge 
that arg t = 0. 


Remembering the connection between the above contour integral 
and the function F(z) we have [74]: 


fe tPtk—] dt = @— Pl (— 1)* z—P—* (e+) zai _ 1) T'(p + k), 


and formula (160) gives: 


w, (2) = e%2-P (ePi — 1) e7?! S (— 1) a Tp + k) 2—* + 


k=0 
+e f et R, (t) dt (161) 
lo 


or 


emet aP w, (2) 0-77! (ePi — 1) $*(— DEd Tp + k) + 
k=0 


+2 f e% tP-1 R, (t) dt. (162) 


bh 
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We will show that the infinite series 


e77i (e27P — nS- 1)* seth (163) 


represents the asymptotic expansion of the function e-*"z?w,(z) 
when z > 0. 

To prove this we must show that the product of z” and the last 
term of the formula (162) tends to zero, i.e. 


lim 2"+P i] e7 tP- R(t) dt = 0. 
2a 
Consider the following path of integration: the line (—°°, —r) of the 
real axis, a circle, centre ¢ = 0 and radius r and the line (—r, —oo) 


of the real axis, where 7 is a positive number. 
We will show, to start with, that the expression 


ave of PR, (t) dt (164) 


tends to zero as z— + œ. The same thing must also apply to 
the integral along the line (—r, —°°), since only the factor e?—)**! 
is added on describing the point ¢ = 0. 

Returning to the formula (159) we can see that a sufficiently large 
positive number N can be found such that 





Tejo as t— — œ, 
t 


and therefore the modulus of the quotient R,(t)/t will be bounded 
along the whole path of integration, and we can write the inequality 


|En O| < mN (-2<t<-—n), (165) 


where m is a fixed positive number. Let £ be a small positive number. 
Remembering that an exponential function increases more rapidly 
than any power function and bearing in mind (165) we can write 
pl 
sabe AU —>0 jas fœ oœ 
= 
or |t?—1 R, (t)| < m,e—* (-_ co <t< —7), 


where m, is a positive constant. 
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We therefore have the following inequality for the expression (164): 
=F -r 
Jar"? f eFt Ry (6) dt < ent] f m o%-Mdt (z> 0), 
e., integrating 


It follows that the expression (164) does, in fact, tend to zero 
as z—> 4+œ. This will be so for every fixed r. It now remains 
to be shown that the expression given below also tends to zero 


zn+P f e% tP—-1 R, (t) dt, 
c 


[2"F P| e—G—-) r 
— g 








where the path of integration C is the circle, centre the origin and 
radius r. We assume that r is very small, for example, r < (1/2) | £ |- 
We can then use Newton’s binomial expansion (156) on the circum- 
ference |t| =r. 

According to Cauchy’s inequality we have the following inequality 
for the coefficients of the expansion d, 


<E: 


where m, is a positive number. We now assume that | B| — « 
is equal to, say, @ = (1/2) | 8 |. We have further: 
R, (t) = dapi t! + dapa? +... 


The above inequalities give 


al< m (gB) =r l 


and, consequently, 


nti 
[Ba (t)| < (naa [l + lnl le? +... < ener . (166) 


where 
6= <1. 
e Ey 
This inequality for R„(t) is also valid when |¢| < 7, i.e. when ż lies 


in C. We again replace t by a new variable of integration t, according 
to the formula zt = —vt, and we obtain the following expression: 


zn fort -1 Rp (t) dt = (— 1)? 2" [e= r= R, (- = )ar, (167) 
c č 
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where the path of integration C’ is a circle, centre the origin and 
radius rz. According to Cauchy’s theorem we can deform this contour 
and take for the contour of integration any closed contour, which 
originates at the point rz of the real axis, encircles the origin and 
lies in C’. In this case the corresponding contour in the ¢ plane will 
lie in C and the inequality (166) will be valid. We can, for example, 
take for the contou of integration C” the following path: the segment 
of the real axis from rz to a point c which lies to the right of the origin, 
a circle, centre the origin and radius c and, again, the part (c, rz) 
of the real axis, where c is a fixed positive number which is indepen- 
dent of z. 

We suppose at first that p is real. Using (166) to find an upper 
bound of the expression (167) we obtain [4]: 


__ 1\pon —rt +p-1 E 1 Ma ent? -r 
k 1) ok T R, ( =) dz] < z | whan” | ds, 


where ds is the differential of the arc of the contour. We will show 
that the coefficient of 1/z will remain bounded as z increases inde- 
finitely. In fact, integration round the circle with radius c gives an 
expression which is independent of z. Let us now also consider the 
integral along the line (c, rz). This gives the following coefficient of z-: 


1z 
Ma f —t _ntp d 
SS e T T. 
et (1 — 8) 
c 


As z increases indefinitely this last integral tends to the finite 
limit: 
f e™ t"+tP dr, 


` 


where the existence of the above integral is fully assured by the 
factor e~* in the integrand. Hence our proposition is proved for a real 
p. When p is complex, i.e. p = p, + ipẹ we only have to use the 
usual property of a complex power, viz. 


TP = e(Pitip:)logt — e(pitipelogiti+iarer) | 


whence 
\zP| = |r: ee P2arer | 
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We can therefore say that the series (163) gives the asymptotic 
representation of the function e-*"z?w,(z) when z > 0: 


om Pw, (2) ~ oP (ePi — 1) S(— 1 TREPA, (168) 
k=0 
where 
— 1) (q — 2)... (q — k 
d, =(a, — a,)1-1—* -Dig 2 (q — k) (169) 


(do = (a, — a); — n < arg (a — a) <2). 


We will not consider the case when in the formula (168) p is an 
integer. 

Similarly, for the second of the solutions (151) we obtain the asymptotic 
representation : 


e71 2f w, (z) Ri eal (e274! roy 1) 5 (— 1)* ry sa dk , (170) 


k=0 
where 
dk = (a, — a,)P—1-* mane hie- (171) 


(dy = (a, — a,)?-1; — a < arg (a, — a,) < 2). 


For the powers z” and 2‘ it must be assumed that arg z = 0 when 
z> 0. 


110. Comparison of results. We now return to the caloulations 
in [105]. In that section we constructed the following solution of 
the equation (113): 


ez (o +a), (172) 


which formally satisfied this equation. Let us compare the expression 

(172) which we obtained at the time with the expression determined 
by the asymptotic formula (168), i.e. with the expression: 

Spaa Tp +k) dy 

et! z—P mpl ( 2api_ 1 1) EEA k j 173 

el (e ) 2e 1s =P (173) 

and let us show that these expressions are exactly alike except for 

the constant factor which enters formula (172) in the form of the 

arbitrary co. 
Comparing the equation (134), for which we deduced the asymptotic 
formula (168), with the equation (113), we can see, first of all, that 
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we must assume that a, = bx = 0 when k > 2. The exponential 
and power factors coincide in the formulae (172) and (173) since the 
equation (139), from which we obtained a,, coincides with the equation 
(115); also, from (142), we have p = — pı, where pg, is the value of 
o determined by the formula (119) when a = a,. The equivalence of 
the power series in the formulae (172) and (173) remains to be shown; 
for this purpose it is sufficient to show that the coefficients of these 
series satisfy the same relationships from which they can be deter- 
mined. 

The series in the formula (172), obtained as the formal solution 
of the equation (120) satisfies the following differential equation for 
a, = bk = 0, when k > 2: 

u” + (2a, Fag Jata) 4 Ataza yo. (174) 


22 
Remembering the form of the equation (115) we can write: 
a +a = — h; 2a,+a,=—a,—a,; 20, + lo —a,—4,, 
whence 


ed +b _ aa thb. a, +b, _ 4,4, +b, 


a= 2a, + a, a,—a, ’ e2 2a, — a, a,—a, ’ 
and therefore 
i+4=—e; ef + (4,—lea= — 00 — e (175) 


The equation (174) has the same form as (124) and we obtain the 
following relationship for the coefficients cn: 


[n(n + 1) — n(2Q, + a1) + Gf + (4, — Neen = 
= (n + 1)(2a, + ao)Cn+1 
or, from the equation a, + a, = —4&, and from (175): 
[n(n + 1) — n(o, — 02) — 01 02 — 01] €n = (% + 1) (Oy — az) eng (176) 


If we denote by c, the coefficients of the infinite series in the 
formula (173): 


cn = (— 1)” d pip + 1). . (p +2 — 1) Ip) = (— 1) d, T'(p + n), 


whence 
Snr Sa (PH) 


, 
Cn dy 
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or from the formula (169): 


Car (GQ M1 +7) 
En m+ (a-a) ’ 
or 
(n + 1— gq) (n + p) ce, = (n + 1) (a, — a) Cntr 
Bearing in mind that p = — pọ, and q = — pọ, we can see that the 


above relationship is the same as (176). We can thus see that formal 
solutions of the equation (134) which are constructed by the methods 
given in [105] give the asymptotic representation when z—> +œ, of 
solutions determined by the formulae (151) except for the constant term. 


111. The Bessel equation. Let us apply the above theory to the 
Bessel equation [II, 48]: 


zw" + zw + (2 — nr)w = 0. (177) 
Replacing w by a new unknown function u, defined by the formula 
w= 2" u, 
we can obtain the equation (177) in the form: 
zu” + (2n +1) w’ + zu = 0, (178) 
and this happens to be an equation of exactly the same type as the 
one we have considered above. In this case we have: 
a= 0; a = 2n +1; b= l; b =0. 


The quadratic equation (139) will be z? + 1 = 0, so that we 
obtain: 
a =i; @=— i, 


and, similarly, from the formulae (141) we have: 


_ 2n+1 , _. 2n+1 


2 2 2 
The final solution (151) will, in this case, have the following form: 


2n—1 2n-1 


u = f (z? + 1)? edz; m= f(z? + 1)? e#dz’, (179) 
G iy 


where the contours /, and l, originate at the point — and surround 
the points z’ = i and z’ = —i 
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These solutions are given by the formulae (179) where 
—n/2+e< argz< zj2— e. From the condition in [108] arg (z’ + i)=0, 
when 2’ + ¿i > 0, and arg (z’ — 1) = 0, when 2’ — i > 0. It follows 
that arg (z? + 1) = arg (z’ + i) + arg (2’ — i) = 0 when 2’ is real. 

For the first of the solutions (179) we have, from (168): 


1 
1 dae? z rħ(n+-5 +t)a 
otz hi wie {nt z)! (eeni — 1) X (— 1)* GE i ) k i 
i im z 
Remembering that 
erQ2n+l)i — ] = — (1 + emni) 


and the expression (157) for dp 


1 1 
aspi G s a k = z] 
£ k 


(— z< arg2i< a or arg 2i = +), 


1 a 1 1 
dy = goes 2 | Fh 


i.e. 


k 


we obtain the following asymptotic representation: 


1 


k nt+3 —F (3) . 5 
e?z “Ure (1 + 7")2 x 


x Stele (n+ +) (2) (180) 


Similarly, analogous calculations give the following formula for 
the second solution (179): 


3 1 
n+? a nip Zi n-5 


ežz *u,~e ? * (14er)? 7x 
Š 1 yk 
x STE | r(n+++e(-=), 
S(F)ro+ e+ 9 =) (181) 


where the only difference is in the coefficients d’,, which are expressed 
by the formula 


pees eee e 
dj=(— 2i) ? | 2) en-A). 
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Let us recall that the symbol (g) for an integer k > 0 denotes the 
following: 


pE Pen keD and (5) =1. 


Remembering the expression (153) for a solution of the equation 
(178), which is regular at the origin, where the letter w replaces the 
letter u, we can replace the solution u, by a new solution uj: 


ut Ee eP2al Ug = e(2nt)al Uy. 
For this new solution we obtain the asymptotic representation 


1 


n 1 
ut ~e (aa) (1+ ežani) 2” > x 


xa" |r (a++ #)(- 4). (182) 


k=0 


n+! 
2 
eZ z 


The camesponding solution of the pgüation (177) can be obtained 
from w = 2" u, by adding the factor z”. 

The solution (179) is sometimes written in a slightly different 

form, viz. 2’ is replaced by a new variable of integration t, according 

to the formula: z’ = ir =e? z; this corresponds to 

the rotation of the z’ plane through an angle (—2/2): 


1 
u,=if (l—7?) 7e dr, 
. (183) 
1 
Uy = if (1 — 2) ? ol dr, 


<5 43 where A, and 4, are contours which originate at the 
point t = + i œ and surround the points t = +1 
and t = —1 (Fig. 70); arg (1 — t?) = 0 when ris 
purely imaginary, which corresponds to a real 2’ or, 
which comes to the same thing, arg (1 — t?) = a when t > 1. Assum- 
ing that 1 — 7? = e™ (t? — 1), we obtain in place of (183): 


Fia. 70 


u = a 7 Me (x2 — i ? oi dr, 
: (184) 


1 
Ug = e 3 g (t? — 1) ? eit dr, 
i 
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where 
arg (t? — 1)=0 for t>1. (185) 


The corresponding solutions of the equation (177) will be: 


I 1 
a[m—- n- - 
w =e ( i) iz" f (2 — 1) Že dr, 
f (186) 


z (a— A n— : 
W,= 0 ir J (t?—1) “edz, 
3 


and the asymptotic representation of these solutions for large positive 
values of z will be obtained from the above formulae by the addition 
of the factor z” to the right-hand sides. Replace the second solution 
by w$ = e@"*1"! o, so that 
1 1 

a(3n+-=)i n=- 
wk =e ( 3) iz" f (x? — 1) ře dr. (187) 
A 


The difference u, — uf gives the solution of the equation (178) 
which is regular at the origin z = 0 and, similarly, the difference 
w, — w% gives the solution of the Bessel equation which has the 
following form near the origin: 


2 Sp 


We know already that this solution of the Bessel equation is given 
by the following series [II, 48]: 


2? zi 
cz"{1 ~~ 9(2n + 2) + 2.4. (2n + 2)-(2n 4+ 4) —...]. 


When n is a positive integer or zero then, as we said before, we 
select the constant C equal to 1/2" n! where, as always, 0! = 1; 
with this choice of the constant we obtain the Bessel function of the 
first kind: 

2 — 1) z \"nt2k 
J,= So (4). 


CETL 


or, using the function T(2): 


1*) n+2k 
d= È repra rnrn (zr) 
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When n is not an integer the constant C is equal to 


1 


c= 2"T(n + 1) 


and we arrive, similarly, at the solution 


= (— 1)* z \nt2k 
= Mn +k) (n +k —1)...m +1) Tn +1) (+) 


or, from the fundamental property of the function T(z): 


s — 1) z \nt2k 
Te) = S TEF Te FEF (T) vee) 
The Bessel function of any variable is thus determined. The 
difference w, — w} will not give the exact value of the Bessel function; 
it will differ from it by a constant factor which we shall now attempt 
to find. We must, therefore, take in place of the solution (186) a new 
solution which differs from the one above only by a constant term; 
the latter is so chosen that the difference of the new solutions should 
give the exact value of the Bessel function J,(z). Introducing the 
minus sign in the second solution we shall look for a constant a from 
the condition, that half the sum of the solutions 


n=? 
H® (2) = bw, = az” f (2—1) *e*dr, 


: n=3 . 
H®) (z) = — bwt = — ae2n+xi zn f (t? — 1) 2 eiT dr 
A 


1, 
AiN—alt 
Fe) 
gives the Bessel function. 
In all the above calculations we have assumed that (n — 1/2) is 
not equal to an integer m > 0. This latter case we shall investigate 
in the detailed treatment of the Bessel function. 


(189) 


112. The Hankel function. In the above method of choosing the 
constant a the formulae (189) gave two solutions for the equation (177) 
which are known as the Hankel functions; they are denoted in the 
same way as in the formulae (189). We saw earlier [108], that by 
adding the solutions (189) we obtain one integral along the path of 
integration C which will have the form of the figure eight, as shown 
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in Fig. 71. Let us recall that this figure can be obtained from Fig. 69, 
when a, = ¢ and a, = —i, by rotation about the origin through a 
right angle in the clockwise direction. 

Bearing in mind the fact that half the sum of the functions (189) 
should give the Bessel function (188) we have: 

ant 
az" f (2—1) "e7 dr = 
č 


.(190) 


(— 1 ( iz 


2 r+ Tatt T 


Simplifying both sides by dividing by z” and assuming subsequently 
that z = 0 we arrive at an equation which gives a: 


1 


= 6 (191) 
2" T(n +1) 


I 
+a fe =i ak 
č 

and the integral on the left-hand side only re- 
mains to be evaluated. Assuming that n is real and 
that (n — 1/2) is greater than(—1)we can, as in + 
[108], transform the path of integration C so that GXH 
it runs along the straight line (—1, +1); we must Za 
integrate along the lower edge of the line from Fie. 71 
(—1) to (+1) and along the upper edge of the 
line from (+1) to (—1). We said above that arg (t? — 1) = 0 when 
t > 1, from which follows that arg (t? — 1) = a on the upper edge 
of the line (—1, +1) and arg (z? — 1) = —z on the lower edge of this 


line, i.e. 
n- 7 in (n- 3) n— 1 
(2—1) ’=e ? (1 — r?) ? (on the upper edge), 





2 3) a5 : 
(t? — 1) =e (1 — 7?) (on the lower edge); 


n-> —in (n-5 


and, finally, adding the integrals, we obtain: 


Ka if tape — 2i sin (a — -y ) 7 f 0 — ai 
c -1 
where 


1 1 
n-= n— =) log(I—t*) 
(=r) 7= el a) (—7r>0). 
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Bearing in mind the fact that the integrand is an even function 


we can write 
1 1 


Lee 1) ?dr= — 4isin (-4)=fa — q?) "E dr, 


or, substituting t by a new variable of integration z, according to the 
formula t? = 7g: 


1 1 


1 1 
n->; -5 n- > 
fe- "de = — 2isin(n -> ) zf 212) 7de. 
č ò 
But we saw earlier that 


1 


a £ rp F(@) 
p—1 — y)\l—l LAr 
J BS Oe aa) 


so that the integral in the equation (191) will be 


1 1 
fe- Pike = di eae es) sf 


2 2 Tin +1) 
1 1 
= 27 sin (n + +) S THG =) 


But we had earlier: 


Pz) PF — z2) = 





and r(4)= W7. 


sin az 


whence 
I (n++)sin(n +) =- (192) 
so that finally 


Ser eiea a 
Je ly dia TERE posts 


We deduced this formula on the assumption that n is real and 
that n — 1/2 > —1. Bearing in mind the fact that both sides are 
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analytic functions of n, we can say that this formula will hold 
for every value of n. Formula (191) thus gives us the following value 
for the constant a: 


Mni 
Substituting this value in the formula (189) we obtain an expression 


for the Hankel function: 


=, 1 


1 
H® (2) = ies) (Z)" f ee- n ear, 
i: 


3 


>. 


n 


(193) 
1 
r(—-—n se 
H® (2) = — MEA") ent (SY f 0" tet ae, 
ni 4 


We assume in both integrals that arg (t? — 1) = 0 when r > 1. 
If we assume in the second integral that arg (x? — 1) = 2x when 
t > 1, we can write: 


1 
HW (2) = Ja (4) fe- 1)” emdr, 
4, 


i 
(193,) 
SE —ì 
H® (z) = — a) a a $] | (t? — 1)" 7 elt dr. 
wi a, 


When t — +i œ the real part of iz t tends to (—°°) provided the 
real part of z is greater than zero; formula (193) thus determines the 
Hankel function to the right of the imaginary axis. Let us remind 
you that we have assumed that n — 1/2 is not a positive integer. 

The Hankel function H(z), as given by the formula (193), differs 
from the first of the functions (186) by the factor 


1 
ras (- 2) l r (+ —n) 
NS ag tan te 
27 n? 
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Taking the asymptotic expansion (180) and bearing in mind that 
w= 2" u, we obtain after performing elementary transformations: 





Je i SE 
el iua 26 gta lsat bol aro 3 
n? 
æ 1 
eal trees allel 
or, from (192): 

PA- 2 2 (F+3) ee 1 i 
erpai Tn a(t) eta 

We can write this as follows: 

2 Aa. x ere 1 t 
H® (2) ~ (5) To i 2 Jre- 3 +k) ($) 

. (195) 


Similarly, we obtain: 
2 ae F-a) ee I 1 i)“ 
HY (2) ~ (=) Te 3 Prett A 


The latter formulae can be written as follows: 
I an n 
2e (:- 27 z) 


= res) 


HP e) = (Ë) 
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where 0(|2|—*) denotes a number which is such that the product 
|z |f o(| z |“) remains bounded as |z | increases indefinitely. In the 
expression (2/zz)!!2 it must be assumed that arg z = 0, i.e. the 
positive radical must be taken. 

We proved the above asymptotic formulae for the ray z > 0. 
It can be shown that these formulae will be valid in certain sectors, 
viz. formula (195,) holds in the sector: 


—nm+te<cargz< 2x — Ee, 
and formula (196,) in the sector: 
— 2a+e<argz<2x—e, 
where e is any small positive number. 
113. The Bessel function. Substituting the expression we found 


for a in the formula (190) we can represent the Bessel function J,,(z) 
by the integral 


1 
In(Z) = Fa?) (4)'f (r? — ica dr. (197) 
Qn? i c 


This formula, like formula (193), holds for all values of n except 
for values of the form m 4+- 1/2, where m is an integer > 0. 

If the real part of n is greater than (—1/2) then integration in the 
above formula can be reduced to integration along the double line 
(—1, +1) and, using the same arguments as above, we arrive at the 


formula: 
1 


lar eres) (ey Fede Crog) 


bol me 


(Rin >— =) 


If we put t = sin ọ we obtain: 


erie ec ie 


x [cos(z sin g) + isin (zsin g)] de, 
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or, bearing in mind that the coefficient of 7 is odd: 








Jn(2) = mre j cos?" p-cos(zsing) dp (199) 
2 
(Rin >- 4): 
which can also be written as follows: 
Ja (z) = = TE 3 (+) [cos gcos(zsing)dp (200) 
(Rin] >— +). 


Taking half the sum of the asymptotic expansions (195) and (196) 
we obtain the asymptotic representation for the Bessel function. 

For simplicity we shall only consider the ray z > 0. In this case 
the modulus of the factor e*” is unity. Taking half the sum of the 
expressions (195,) and (196,) and bearing in mind that 


Oge- =O(2 2) (2>0), 


we obtain: 
Ja) = -7 [HP @) + HY @] = 


; ey Plage 
eal ‘ ay ) 


A 1 Q \2P=I 
7 r (n+ =} (=) k=0 


k 
(— 1P eos (2—22 a= A 
x wa pra +o 3, (201) 
(— 1) ? siní -7 5) 


where the first expression in the braces refers to the even k and the 
second to the odd k. 
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Considering only the first terms of the asymptotic representation 
we can write: 


npes (Ae E-Ð u 4 oga 


(202) 
HP (2) = (Z area Pi + oq] 


and for the Bessel function 


3 


NI m 


na 


Ja (2) = (=) cos (z sa +] + Oz *) (2>0). (208) 


The difference in the asymptotic expressions for the Hankel and 
Bessel functions plays an essential part in solving problems of mathe- 
matical physics in infinite domains which include the point at infinity; 
we shal] deal with this later. 


114. The Laplace transformation in more general cases. The Laplace trans- 
formation can be applied to equations of a more general type than the equation 
(134). Consider, for example, an equation the coefficients of which are poly- 
nomial expressions of the second degree: 


(a, 2? + az + aa) w” + (6,27 + 6,2 + b) w + (caz? + cez + c) w =D, (204) 


where we assume that a, Æ 0. If we divide the above equation by the coefficient 
of w”, then the coefficients of w’ and w will lie in the neighbourhood of z = œ, 
and they will have the same form as in the equation (113). We shall again try 
to find the solution of the equation (204) in the form: 


w(z) = f e(z’) & dz’. (205) 
I 


Using the same arguments as in [107] we obtain for v(z’) a differential equa- 
tion of the second order in the form: 





(m2? + boz’ + co) L2 So Pe) È 4 gle’) » =0, (206) 


where the coefficients which are omitted are polynomials, the degree of which is 
not greater than two. Construct the quadratic equation 


a,0+b,a+e,=0 (207) 


and assume that it has different zeros a = a, and a = a,. The equation (206) 
has regular singularities at the points z’ = a, and z’ = a,. At each of these 
points the determining equation has one zero equal to zero. Denote by (p — 1) 
and (g— 1) the second zeros of the determining equation at the above points; 
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we assume that p and g are not integers. At each of the above singularities 
there is one reguler solution and the second integral has the form: 


v (2) = (z — a) p (z); vg (z) = (2 — a) p (2°), (208) 


where p(z’) is regular at the point z’ = a, (k = 1, 2). The contour J in formula 
(205) should be so chosen that the increment of the term outside the integral 
vanishes on integration by parts, as in [107]), round J. This will be so if the 
following conditions are satisfied: 


I = 
se | 2G hase J (209) 
az” i m=0, 1, 2 


Take for v(z’) the integral v,(z’) and for | the contour l; shown in [108]. 
We thus obtain, as in [108], two linearly independent solutions of the equa- 
tion (204): 
wy (2) = f op 2’) 7 dz’ (z > 0) (k =1, 2). 
lk 


These solutions will have the following asymptotic representation as z — + œ: 
aZ „— ĉi 
w (2) = %72 (e + +...), 
a, —§ dı 
W, (z) = e***2z dy +- tep 


which are the same as the expansion in [105] except for the constant terms. 
The Laplace transformation can be applied in cases when the coefficients of 
the equation are polynomials of degree m. We then obtain for v(z’) an equation 
of the mth order, the coefficients of which are polynomials of the second degree. 
As before this equation for v(z’) has at the singularities z, = a, and 2’ = a, 
(the zeros of the coefficient of d™v/dz”) unique solutions of the form (208). 
The remaining solutions are regular at the above singularities. Otherwise the 
arguments used are exactly the same as before. 


115. The generalized Laguerre polynomials. Investigations of the 
condition of an electron in the Coulomb field and some other problems 
of modern physics lead us to a linear differential equation of the second 
order in the following form: 


8 


w + w + (2+ irowo. (210) 


Here s is a given real positive number and e€ is a real parameter. 
The problem involves the finding of those values of the parameter 
for which the equation (210) has a solution which remains bounded 
along the whole line 0 < z < -+œ on the real axis. 
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Let us consider, to start with, the region of negative values of the 
parameter £ and replace z by a new independent variable z, given 


by the formula: 
x= 2)— 8e (211) 


and replace the parameter € by a new positive parameter À given 
by the formula: 





(212) 


After these transformations the equation (210) will have the form: 


d? w 


zoe +24(-Z+4-Z)w=o. (213) 





This equation has a regular singularity at the point z= 0 and 

the determining equation at this point will be of the form: 
82 
a(¢— 1) +0 — -y =0. 

This latter equation has zeros ø = +s/2. Bearing in mind the 
condition that the solutions must be bounded at the origin we 
take the zero o = sj2, i.e. we must isolate the factor a*| and our 
solution will have the following form near the origin: 


w=2 sh zk (by #0). (214) 
k=0 


At infinity we must, according to [105], try to satisfy formally 
the equation (213) by an expression 


ot ae yk (co # 0). 
imo = 


The quadratic equation for a will be 


a? — + = 0. 
It gives the values a = + 1/2 and the corresponding values of the 
constant g will be [from (119)]: 


Ree ee eer ee 
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Bearing in mind the condition that the solution must be bounded, 
we must take that solution which has the following asymptotic repre- 
sentation at infinity: 

1 
eir Tpi, 215 
= ah (215) 

The problem thus involves the determination of those values of 4 
for which a solution in the form (214), after analytic continuation 
along the line (0, +œ), has the form (125) at infinity. 

The above considerations naturally bring us to the conclusion 
that w should be replaced by a new function y, according to the 
formula 


x 
- pe 


x $s 
22 


w=e “ry. (216) 
Substituting in the equation (213) we obtain for y the equation 








e+=) +a- Io am 


This equation happens to have the same form as the equation 
(134) which we investigated before. Bearing in mind our former consid- 
erations we should be able to find a solution of the equation (217), 





which is regular at the origin and is of the order z*~°+”? at infinity. 
If we suppose, for briefness, that 
stl asp, (218) 
then the equation (217) can be written as follows: 
oS¥ 4 (s4+1—2) 94 — py =0. (219) 


We shall attempt tofind a solution of this equation, which is regular 
at the origin, in the form of the usual power series 


y=1+6,24+b,27+... 

Substituting in the equation (219) and using the usual method of 
undetermined coefficients we obtain the solution in the form of a 
series, very similar to the hypergeometric series; thus if we denote 

a(a+)]) z? 

F(a, y, z) =1 + 2 y mE (y +1) TA eee, (220) 
then the solution of the equation (219), which is regular at the origin, 
will be 

y = CF(p,s+ 1; 2), (221) 
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where C is an arbitrary constant. Notice that the series (220) conver- 
ges for every value of x; this follows from the form of the equation 
(219) and can readily be proved by the d’Alembert test. It is evi- 
dent that the series (200) ends abruptly when a is either zero or a 
negative integer and in this case our solution will satisfy the neces- 
sary condition at infinity. We thus obtain from (218) the following 
equation for the determination of the parameter 4: 
Sti =n (n=0, 1, 2,...), 


n 
whence 


a= n (n = 0, 1, 2,-++). (222) 





For this value of the parameter the required solution of the equation 
(219) will be 


z Ea n T 
Q, (x) = C, F(—2, s+ 1;z)=¢,[1 ~ 4 sar t 
n(n —1) x? = AEE EE 
at 2! eS ir tt 1) EEEE 


To eliminate the letter s from the denominator we choose the con- 
stant C,, as follows: 


T 
Cr = (8+ 1)(8+2)...(8 +n) = SESS, 


which finally gives us the following solution for the equation (217) 
in the form of a polynomial in z and s: 


Qo (x) = a F(— n, s+1;2), (223) 


or 
QQ (x) = (— 1) [2"— L (s+ n) an 


HIRD (s 4n) (s +n l)a... 


+= 1)" (s +n) (s +n 1)..-(8+1)]. (224) 


These polynomials are known as the generalized Laguerre polynomials. 
We shall deal with them in greater detail later. 

It can be shown that formula (222) gives all the values of the 
parameter for which our problem has a solution which satisfies the 
given conditions at the points r = 0 and z = +9. 
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Using the same arguments as in [102] we can deduce a simple 
expression for the generalized Laguerre polynomials. The series (220) 
is the solution of the equation: 


d? d 
xu + (y — 2) 3% — ay =0. (225) 





If we differentiate this series m times we obtain the series: 





a(ja+1)...(a+ m—1) F 


L i 
z0 FD. g fmi Ttm, i +m z), 


and, writing F(a, y; x) = y, we can see that the derivative of the 
mth order: 
yf) = FO (a, y; 2) (226) 


is the solution of the equation (225) in which a and y are replaced 
by (a + m) and (y + m), i.e. 


a2y(m) dy(™) 
gee Oe ME) me ges et) aa = 








yrm—1 =x% 


Multiplying both sides of this equation by q e-“ we can 
rewrite it in the following form [102]: 
dy(™) 


=| —(a+ m) zvtm—-1e-*x ym =0. 


d 
es YM a—xX 
dz |z 5 dz 


Differentiating this identity m times we have: 
arti 
d"t! 





(m) n 
[arr e-* Lii | = (a+ m) a [artes ym]. 


On constructing similar equations for m =0, 1, . . .,k— 1, multiply- 
ing them term by term and simplifying the results we have: 
k 
a y+k— e—x yf) = a(a + 1)...(a + k — 1) 2’-1e-* y. (227) 
Let us suppose that a is a negative integer a = —k, so that the 
series (220) is a polynomial of the kth degree and yP is a constant, then 


na — —kl—k+D—k +2)... (—k+k-1) _ 
PHSR aS vy + (vy +2)... +k—1) 
kt 


aa oa k 
=i Ao yay eee 
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Formula (227) gives 
(— 1)* ees: See a (17+ e—*) = 
ry +1). (y +k— 1l) da 
=(— 1)fklz—ie™F(— k, y; 2), 
so that we finally obtain: 


) z? o a‘ 


De = Seely T 


(avt*-1 e-*), (228) 
We thus have, from (223), the following expression for the generalized 
Laguerre polynomials (y = s + 1; k = n): 


n 


QS) (x) )= ater (fite=). (229) 


116. Positive values of the parameter. Let us now consider the 
equation (210) for positive values of the parameter e. For this purpose 
we replace z by a new independent variable z, according to the formula 


= z y 8e 


and the parameter £ by a new parameter (,: 





The equation (210) thus becomes: 


dw (= 


n-ar tae = T Fi i q )v=0. (230) 


This latter equation is obtained from equation (213) by the follow- 
ing change of independent variable and parameter: 
x= ix; Å= — ih. 
We thus replace w by a new function y,, according to the formula 


ix, S 


w=e t Y, (231) 


and we obtain for y, the equation 








d? : d } 
tay + e+ 1 — ix) Se + [a -4 (s+ Djy =0. (232) 
Comparing this with the equation (134) we can see that in this case 


a= — i; a =s+ l; b=0; b= 4 (s+ 1). 
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The quadratic equation for a will have the form: 


a? — ia = Q0, 
this has two zeros 
a,=0; œ =i, 
and the corresponding values of p and g are [107]: 
b l ; 
Bigs =~ (s + 1) + ih; 


Wt Y+y—-Set) | 
q= a ee 1)— ih. 
In the case under consideration we therefore have the following two 
solutions for the equation (232): 


1 1 
| 5 (s—1)+ii, = (s—l)—ia, 
yP 23 OA j z? (z + i)? ex? dz’ , 
4 (233) 
1 1 
= (s—I)+ia, = (s—)—1, 
y = 0,5 2” (z — i? en?" dz’, 
i 
where li and l; are contours, with ends at the point z’ = —œ, which 


surround the points z’=0 and z’=i. According to the formulae 
in [109] these solutions will have the following asymptotic expres- 
sions for large positive values of 2,: 


fet), æ 


Ck 
C, Ti > xk’ 
k=0 “1 
5 G++ , 
i T3 1 Z, Ck 
ix 
Cie x, ae 
k=0 “1 


where C, and C, are constants. Using formula (231) also we can see 
that the corresponding solutions, w, and w, of the equation (230) 
tend to zero as 2,->-+°°0, Consequently the same can be said 
about every solution of the equation (230) and in particular about 
the solution which, near z, = 0, is represented in the form 


OS x, Sorrý (bo # 0), 
k=0 


i.e. for every real A, the solution of the equation (230) vanishes at both 
ends of the interval (0, +°°). 
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117. The degeneration of the equation of Gauss. Let us consider 
the general case of an equation, the coefficients of which are poly- 
nomials of the first degree: 


du d 
(Pot + Pi) ge + (Gott a)—Ge-t(rot+r)u=0, (234) 


where we assume that p, # 0. We will show that this equation can 
be obtained in the form (225). Replacing t by a new independent 
variable z = p,t + p, we can obtain the equation (234) in the form 
(134): 
d? d 
2 + (acz +04) Ge + (boz +b) u= 0. (235) 


If we now assume that u = ez’y and replace z by a new variable 
z = kz, then with a suitable choice of the constants p and k we 
arrive at the equation (225). We will now show that this latter equation 
can be obtained by a limit transition from the equation of Gauss: 


d?y 
dz? 





az — 1) SY +i- y+ (14a 4 6) 2] SY + apy =0. 


Replacing z by a new variable x = az we can rewrite this equation 
in the form: 





: ; 
«(= 1) $44 [-y+24+ EAE- + py =o. 
If we assume in the above equation that a tends to infinity we obtain 
the equation (225) which, as we have shown, is connected with the 
equation (234) by a simple replacement of variables. As a result of 
the above limit transition, two of the regular singularities of the 
equation of Gauss coincide and form one irregular singularity at 
infinity while the other regular singularity remains. 
Connected with the above is Whittaker’s equation: 





í 2 
dw 1 k go 
dz? Fi ee mee e E ` (236) 
If we replace w by a new function u, where w = gt 4, we 


obtain an equation in the form (225): 


d? d I 
ee + (1+ 2m) + (- yz +k)u=0. 
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Constructing a solution in the form of (151) for this equation, we have: 


1 1 1 

m+; , l m=z Fk , 1 ma ok 1 , 

w = 0z f(z =z] 2 (z ++) 2 edz’, 
1 

where l is a contour which goes from (—°°) and surrounds the point 

2’=—1/2. Replacing the variable of integration as follows: 


z = — l a) 
z 


aaa 


, 


we obtain: 


1 1 
m— =- —k m— z +k 
w=C,e ” zk | (— H (++) 2 edt, 
h 
where l, is a contour which originates at (+°°) and surrounds the 
point £= 0 in the positive direction; we are assuming that the 


point t = —z lies outside this contour. Choosing the constant C, in a 
deliberate manner we obtain the functions deduced by Whittaker: 
Wk m (Z) = (237) 


f et mek m- +k 
=- yl (k+ tme afo E (i) 7 ear 
(A 


In this formula it is assumed that z is not a negative, that arg z has 
principal values, that |arg(—t) | < x and arg (1 + t/2) tend to zero 
as {—» 0 and when they lie inside the contour lọ. Formula (237) 
becomes devoid of meaning when (k— 1/2— m) is a negative integer. 

When the real part of (k— 1/2 — m) is not positive and (k — 1/2 — m) 
is not an integer, the expression (237) can be transformed to: 


1 1 
raa k- 34m 


-k-}+ t = 

Wk, m (2) = fi “(i us +) e-tdt, (238) 
A 
and this formula also determines Wg m(z) when (k—1/2— m) is a 
negative integer. 

Using the results from [109] it is easy to write the asymptotic 
expression for the function Wp m(2): 

1 


-5z 


Wkm(z) =e * zx (238,) 


ae Pi eal es A eae galled ears 
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It holds in the sector | arg z | < a — e, where e is an arbitrary positive 
number. 

Equation (236) does not change when k and z are simultaneously 
replaced by (—k) and (—z) and, as a result of this the function 
wW_x,m(—z) will be a second solution of the equation (236), other than 
the solution (237). The linear independence of the two constructed 
solutions follows from the asymptotic expression (238,). 


118. Equations with periodic coefficients. Consider a linear differen- 
tial equation of the second order, the coefficients of which are periodic 
functions of the independent variable. The theory of such equations 
resembles in many instances the theory of equations with analytic 
coefficients which we described above. Let us suppose, for the moment, 
that both the coefficients and the independent variables are real. We 
are given the equation 


y” (x) + plz) y’ (x) + a(x) y(x) = 0, (239) 


where p(x) and g(x) are real continuous functions of the real variable x 
with the real period a, i.e. 


plz + w) = plz); g(x + œ) =9(z). (240) 

The continuity of the coefficients guarantees that any solution of 
the equation (239), determined by some initial conditions, exists for 
all real values of x. Let y,(x) be one solution of the equation, i.e. we 
have the identity 

Yi (2) + pz) yi (2) + g(2) Ys (2) = 0. 
Replacing x by x + w, we can write: 
yi (x + œ) + piz + o) yi (z + w) + g(z +0)y¥, (£ +o) =0 
or from (240) 
yi (2 + œ) + p(z) yi (x + œ) + O(a) y, (£ + œ) = 0. 

It follows that y,(z + œ) will also be a solution of this equation. 
Let us now consider any two linearly independent solutions y,(z) and 
yz) of the equation. The functions y(x + œ) and y(x + œ) must 
also be solutions of the equation (239) and, consequently, they can be 
expressed linearly in terms of y(x) and y(x), i.e. 

Yı (z + @) = 4,9, (£) + 13 Y (2), (241) 
Y: (% + w) = az; Yı (£) + a22 Y2 (2). 


446 LINEAR DIFFERENTIAL EQUATIONS [118 


where ax are constants. We can see that if we take two linearly inde- 
pendent solutions of the equation (239) and add to the argument the 
period, this will be equivalent to the linear transformation (241). Similarly, 
when considering equations with analytic coefficients we saw that 
by encircling a singularity, the linearly independent solutions are 
subject to a linear transformation and we can use the same arguments 
as in [97]. Let us give the results. The table of the constants a;, 
depends on the choice of the linearly independent solutions, but the 
coefficients of the quadratic equation in ọ: 


jaa —@, Az EN (242) 
| mr Qa — @ 

will be the same for every choice of solution. If the equation (242) 
has two different zeros ọ and 0, then two linearly independent 
solutions exist which will be multiplied by 0, and g, when x is re- 


placed by x + œ, i.e. denoting these solutions by n(x): 
My (£ + w) = 217; (2); 12 (8 + ©) = ez M (2). (243) 


If the equation (242) has equal zeros, i.e. ọ} = ẹ, then, in general 
only one solution exists which acquires the factor o, whens is re- 
placed by z + œ, and in that case we have instead of (243) the linear 
transformation: 


n (x +o) =n (z); (£ + w) = a, N (2) +O, 72(2). (244) 


Let us also recall you that the equation (242) cannot have a 
zero which is zero, i.e. a determinant composed of the numbers aj, 
will not be equal to zero. 

Having recalled these results, we shall now try to determine 
the form of the solutions in different cases. Consider, first of all, 
the case (243). Let us look at the two functions 


x 
o 
1 


x x lo 
e a 3 Ee: 
, 02 


x 
S logo, 
=e A 


=e 


Q 


where we take definite values for log 9, and log g,. When replacing 
x by z+ w these functions acquire the factors g, and 0, and there- 
fore the quotients x(x): o” and m(x): 03° must be periodic 
functions with a period w; consequently, in the case (243) we can 
write 

x 


Ny (x) = of P1(X); 1, (£) = 02 (2). (245) 


Rad 
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where 9,(z) and p(x) are periodic functions with a period œ. In the 
case (244) we have a similar expression for n(x). To investigate 
m(x) we shall consider the quotient 7,(x) : m(x). We have, from (244): 








n (2+0) _ 12 (2) — 2a 
pete) aaa 

i.e. the quotient acquires the term c when 7v is replaced by z + œw. 

The elementary function (c/w) x acquires a similar term and, conse- 

quently, the difference na(x)/ m(x) — (c/w) x is a periodic function 

y,(z). Thus, in this case, taking into account the expression for 


n(x), we have: 
x 


M (£) = or pı (2); N (2) = S am (x) + vy) m (2) 
or 
m (2) = OF pi (2); M (2) = oF [p (2) + zp (2)], (246) 


where g(x), p(x) and p(x) are periodic functions. If the constant 
happens to be zero, then the second solution will also have the form 
(245). 

In this case we do not, strictly speaking, have a general method 
for constructing the quadratic equation (242). We will, nevertheless, 
note some of the properties of this equation and of its zeros. Let us 
determine the linearly independent solutions from the following 
simple initial conditions: 


yı (0)=1; ¥1(0)=0; y,=0; y2(0) =1. (247) 


Owing to the fact that the initial conditions and the coefficients of 
the equation (239) are real these solutions will be real when z is real. 
Assuming in the identity (241) that z = 0 and bearing in mind the 
initial conditions (247) we obtain a,, = y,(@) and a,, = y,(w). Thus 
for the given choice of the linearly independent solutions the quadratic 
equation (242) can be written in the form: 


¥(®)—@, Yi (2) =0, (248) 
Y (w), yı (@)— e 


and it follows that the coefficients of this equation are real. 
Let us investigate in greater detail the particular case when the 
term y’(z) is absent in the equation (239), i.e. when the equation has 


the form: 
y” (2) + a(x) y(x) = 0. (249) 
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Consider the Wronski determinant 


A(z) = yy (2) Yz (2) — Yz (2) y1 (2). 
We obtained for it the following formula [II, 24]: 


A(x) = A(0) e7 $O ™ 


and therefore in this case, when p(x) is identically zero we have 
A(z) =C, 


where C is a constant. When the solutions satisfy the initial conditions 
(247) this constant must be unity. Let us now turn to the quadratic 
equation (248). The constant in this equation is equal to the Wronski 
determinant when x = ø, i.e. to unity. Therefore, finally, if we take 
independent solutions of the equation (249) which satisfy the initial 
conditions (247) then the quadratic equation for @ must be of the 

form: 
eo? — 249 + 1=0, (250) 

where 
24 = y, (w) + 9 (w). (251) 


If the real number A satisfies the condition | A | > 1, then the 
equation has different zeros, the product of which is unity, i.e. the 
modulus of one of the zeros will be greater than unity and that of the 
second smaller than unity. When | A| < 1 the equation (250) will 
have conjugate complex zeros, the moduli of which are unity. 
Finally, when A = +1, the equation (250) has a double zero +1. 
The values of A have a decisive influence upon the behaviour of the 
solutions when the variable x increases indefinitely. We shall now 
investigate the different cases mentioned above. 

In the expressions (245) the factors p(x) and p(x) are periodic 
functions and therefore remain bounded as z increases indefinitely; 
the character of the solution depends essentially on the first few 


factors: 
x 


g 


Ž lo = X lo 
pa Be: PA b EQ: 


=e; =e . (252) 


o 
1 


D 


The real part of log ọ is, as we know, equal to log | ọ | and, con- 
sequently, when | A| > 1, this real part will be positive for one of 
the zeros, say for g,, and negative for the other zero; hence the 
modulus of the first of the functions (252) will increase indefinitely 
as x— +œ while the modulus of the other will tend to zero. 
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Returning to the solution (245) we can say that the first solution 
will not remain bounded as z—> + cc but the second will tend to zero. 
In this case the general solution of the equation: 


Cim (£) + Can (2) (253) 


(C, ¥ 0) will, in general, remain bounded (the case of non-equilib- 
rium). When | 4| < 1 the real parts of log g, and log g, are equal 
to zero and the moduli of the functions (252) will be unity for all 
real values of x. In this case both solutions (245) and the general solu- 
tion (253) remain bounded as x—>» +œ. If the initial conditions 


y(0) =a; y'(0)=b 


are determined by the numbers a and b, the moduli of which are suffi- 
ciently small, then the constants C, and C, will also be small and there- 
fore the modulus of the solution will remain small for every small 
positive x (the case of equilibrium). 

The particular case when A = +1 and the equation (250) has mul- 
tiple zeros remains to be investigated. Suppose, to start with, that 
A= l, ie. ọ = p, = 1. We can, in this case, take solutions which 
have the following form 


M (2) = pı (£); N(x) = Hy (x) + tp; (T), (254) 


where p(z) are periodic functions. The first of the above solutions 
will be purely periodic and the second will, in general, be unbounded 
owing to the factor x. Only in the exceptional case, when ¢,(z) is 
identically zero, will the second solution also be purely periodic. 
Finally, when A = —1, i.e. 0, = 9, = —1 we can take log 9, = xi 
and we then have in place of (254) 


nX ax 


m (a) =e” 9, (2); m (z) =e ” [py (2) + zp (2)]. 


The first solution will, in this case, be purely periodic with a 
period 2w while the other solution will, in general, be unbounded, 
as before. 

Let us consider as an elementary example the equation with a 
constant coefficient 


y" (2) + gy (x) = 0. (255) 


This constant coefficient g can be regarded as a periodic function 
with an arbitrary period œw. Suppose that the constant q is positive. 
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Writing q = k? we obtain the following two solutions of the equation: 
mr (2) =e"; n, (x) = eT. 


On replacing z by x+ œ these solutions acquire the factors 
o, =e” and o, =e”, the moduli of which are unity. This corres- 
ponds to the case when | A | < 1. If the constant q in the equation 
(255) is negative then writing g = —k?, we obtain the following two 
solutions of the equation: 


M (%) =e; n (2) =e. 


On replacing x by r + these solutions acquire real positive 
factors 9, =e“ and e,=—e and this corresponds to the case 
when | A| > 1. Analogous circumstances also hold when the coeffi- 
cient q(x) in the equation (249) depends on x but does not change its 
sign. Suppose of all first that g(x) < 0. Let y,(x) be the solution of our 
equation which satisfies the initial conditions y,(0) = 1 and y,’(0) = 0. 
Integrating the equation (249) and remembering the initial conditions 
we can write 

x 
ui (2) = — f oz): (@) de. (256) 

0 
When the values of z are positive and close to zero and when 
y,(z) is close to unity, since q(x) < 0, y,’(z) > 0, i.e. y(x) increases. 
It follows from the relationship (256) that yj(x) could only become 
negative after y,(z) has become negative. But, on the other hand, 
if y(x) is to become negative it must decrease to start with, i.e. 
this is necessary if y,’(z) is to become negative. We thus arrive at 
a contradiction and we can say that for every z > 0, y’(x) > 0 
and y,(z) > 1 and, in particular, y,(w) > 1. Let us now consider 
the solution y(x) which satisfies the initial conditions y,(0) = 0 

and y,’(0) = 1. Integrating the equation (249) we have: 


yi (2) =1 — f g(x) yp (x) dz. (257) 


For values of x close to zero y(x) will be close to unity and it will 
therefore be positive; for this reason y,(x) increases and must be grea- 
ter than zero, since y,(0) = 0. Formula (257) shows that y3(x) can 
become negative only after y,(x) has become negative. But, on the other 
hand, y(x) can become negative only if it decreases to start with, 
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i.e. only after y,’(z) has become negative. This contradiction shows 
that for every positive z we have y(x) > 0 and y3(xz) > l and, in 
particular, that y3(w@) > 1. The inequalities for y,(w) and y3(w) give 


2A = y (w) +4: (%0) > 2, 


and we thus arrive at the following theorem; when in the equation 
(249) q(x) < 0 then A > 1 and, consequently, the numbers 0, and o, 
are different and positive. 

To correct somewhat the above arguments we could have sub- 
stituted the condition g(x) < 0 by the condition g(x) < 0 where it is, 
of course, understood that g(x) is not identically zero. 

The case when g(x) > 0 presents greater difficulties. We shall only 
give the result here, the proof of which can be found in the work of 
A. M. Liapunov: The General Problem of The Equilibrium of Movement. 
When g(x) > 0 and when the function also satisfies the condition 


w f g(a)de <4, (258) 
0 


then g, and ọ, are complex conjugate numbers the moduli of which 
are unity. This theorem gives the necessary conditions to show that 
Alb 

A detailed and extensive investigation of linear (and non-linear) 
equations with periodic coefficients was undertaken in the above 
mentioned work by A. M. Liapunov and in a series of his later works. 
With reference to the equation (249) we can mention his work: “One 
series in the theory of linear differential equations of the second 
order with periodical coefficients’ (Notes of the Academy of Science, 
physico-mathematical section, 8th series, 1902, vol. XIII). 


119. The case of analytic coefficients. Let us suppose that p(x) and 
q(x), with a real period w, are regular functions of the complex variable 
xin a band which contains the real axis of the z-plane. Assuming that 
z = q, + iz, we can maintain that this band is defined by the 
inequality —h < z, < +h. We can divide it into similar rectangles, 
in width, by straight lines parallel to the imaginary axis. In every 
rectangle the values of p(x) and q(x) will be similar owing to their perio- 
dicity. Take, for example, the rectangle defined by the inequalities: 


0<24,< a; —h<u <h. 
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We now replace z by a new variable z according to the formula 


nax 
Z= (259) 


In the z-plane, instead of a rectangle, we obtain a circular annulus 
bounded by the circles, centre the origin and radii e°™"® and 67?™®, 
this annulus will be cut along the radius in the direction of the real 
axis; the opposite edges of the cut correspond to the sides z, = 0 
and x, =% of the above rectangle. Owing to their periodicity our func- 
tions have equal values along the cut and, consequently, the same 
can be said about their derivatives of all orders. 

In other words, the functions p(x) and q(x), which are functions of z, 
will be regular and single-valued in the above annulus where they can 
be expanded into a Laurent series: 


æ +o 
Pt)= Saaz, ga)= > be. 








S=- s=-a& 
We have from (259): 
d _ 2% d | a a o E Sg Ae 
da to * a’ de T at * “dz w? dz’ 


and we obtain instead of the equation (239) the following equation: 


dn? a dy . 2n TS 4n? dy 
— gta oda? Hpo a, — a |e t 








+ S b zsy=0. (260) 


S=-—a 


The change in z along the section w of the real axis corresponds 
to the completion of a circuit inside the annulus in the z-plane. 
In the course of this the solution of the equation (260) undergoes a 
linear transformation. If p(x) and q(x) are integral functions of x, 
which frequently happens in practice, then the Laurent series in the 
coefficients of the equation (260) will converge for every finite z 
except, of course, z = 0. But in this case the equation (260) has, 
in general, an irregular singularity at z = 0 since the above Laurent 
series contain terms with negative powers of z. 

Returning to the equation (239) we notice that, as a result of 
the regularity of its coefficients at the point z = 0 we can construct 
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its solutions y(x) and y(x) in the form of power series to satisfy 
the initial conditions (247): 


yı (2) =1+a,2?+a,23+..., Yal) =x + pbr +p +... 


These series will converge when |x| < h and, when p(z) and q(z) 
are integral functions, they will converge for every value of z. When 
h > w, we can use these series for the evaluation of y,(@) and y;(@) 
in the quadratic equation (248). 


120. Systems of linear differential equations. Previously we considered one 
linear differential equation of the second order. This is a particular case of 
a system of two linear equations of the first order [95]. In general, one linear 
equation of the nth order can be represented by a system of linear equations 
of the first order if the derivatives are accepted as the new unknown functions. 
We shall now deal with the general case of systems of linear equations of the 
first order of the form: 


E a | 
Y2 = Pro (T) Yr + Pas (T) Ya +- - -+ Pno (2) Yn 


Yn = Pin (T) Yı + Pon (T) Y2 +- - -+ Pan (T) Ym 


(261) 


where y;are the unknown functions, Y; are their derivatives and p,;,(z) ure the 
table of the given coefficients where, in contrast to the former notation [93], 
we assume that the first symbol indicates the unknown function of which it is 
the given coefficient and the second symbol indicates the equation in which 
tnis coefficient appears. We shall apply the method of successive approximations 
described in [95] to the above system and, consequently, all corollaries obtained 
as a result of using this method will also hold. Let us recall these corrolaries. 
If all the coefficients p(x) are regular in a circle |x — a| <r then the system 
(261) has a unique solution which satisfies at the point x = a any previously assumed 
initial conditions : 
Yı (a) = 43---3 Yn (2) = am 

and this solution will be regular in the above circle |x — a| <r. This solution 
can be analytically continued in any direction except through the singularities of 
the singularities of the coefficients p(x) and, in the course of this continuation, 
at always remains a solution. 

The solution of the system (261) consists of n functions. Suppose that we have 
n solutions for the system (261). These solutions form a square table of functions 


Yury Yir- Yin 
Y = || Yau Yaor--+> Yon 


Yau Ynze- -» Yan 


where the first symbol denotes the number of the solution and the second 
the number of the function entering the solution. We can now say that the 
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solution of the system is a square table of the above type consisting of 7 solu. 
tions; we shall denote by P a table consisting of the coefficients p;,(z) and by 
Y a table determining the solution. Using the multiplication law for matrices 
we can write the system of linear equations as follows in the same way as we 
did in [93]: 
dY 

Notice that in this case we have used a different notation for the symbols 
han in [93] and for this reason we have obtained a different sequence of factors 
on the righthand side of the formula (262). Denoting, as usual, the determinant of 
the matrix A by D(A) we can prove the following equation for the determinant 
D(Y) of the solution Y: 


D(Y) = D(Y) Zab a [Par (x) + Prs (x) +--+ Pnn (xX)}) dx 3 (263) 
where 6 is an ordinary point for the system (261), i.e. a point at which all the 
coefficients p;,(z) are regular. Formula (263) is usually known as Jacobi’s 
formula and is the generalization of the formula we obtained earlier for the Van 
der Monde determinant. 

Bearing in mind the fundamental definition of a determinant as the sum 
of the products of its elements, we can say that when differentiating a deter- 
minant it is sufficient to differentiate separately every column and to add sub- 
sequently all the determinants so obtained, i.e. 


dD(¥) a 
dz dz 


Yup Yiz 
Yar Yer 





+| Yup yiz 
Yz y22 











=| yir Yiz 
Ya» Yee 


where, to simplify notation, we have assumed that n = 2. Replacing the deriv- 
atives by their expressions from the equations of the system we have: 


— |Puyu; kPa Yiz Yiz 
T [Pn Yat. Par Yoo Yar 


dD(Y) 
“de 











a Pre Yit + Poe Viz f 
Your Piz Yar + Pze Yar 


Expanding the determinants into the sum of determinants and taking 
Pik Outside we can see that certain terms consist of zero determinants since 
they have similar columns, so that the former formula gives 


dD(¥) =p {Yur Yia 
dx ms Yew Yer 


Yi Yiz 
Yar Yar 








+ Pas| 


or 


dD(Y 
ee) =(P + Pz) D(Y), 


from which Jacobi’s formula (263) follows. This formula shows that if at a point 
x = b the determinant D(Y) is not zero then it will not be zero for any x which 
is an ordinary point of the system (261), i.e. at a point where all the coef- 
ficients of the system are regular. If this is so we say that the solution Y is 
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nding to n linearly independent solutions which 


the general solution correspo 
1 whore, as we know 


form Y. We can then also consider the inverse matrix Y- 
[93]: 
dy- a Y y 

dz 4 dx rs 





whence, from (262), we can see that it satisfies the system 


d¥" __ py-t, (264) 





Let Z be a solution of our system (262), i.e. 


dZ 
L = ZP. 265 
J Z (265) 
Construct the matrix 

A=Z2ZY^. 


On using the usual law for differentiating a product [93], and also the 


equations (265) and (264) this gives: 
dA 
“a 7° 


i.e. the matrix A is a constant matrix C, the elements of which are independent 


of z. Hence 
Z=CY 


or, in other words, any solution of the system can be obtained from the general 
solution by multiplying, on the left, by constant matrix. Conversely it follows 
from the form of the equation (262) that by multiplying the solution, on the 
left, by any constant matrix we can also obtain the solution. Bearing in mind 


that 
D(Z) = DC) DY), 


we can see that D(Z) # 0 and this will be so then, and only then, when D(C) # 0, 
i.e. multiplying on the left the general solution Y, by the constant matrix 
C we obtain the general solution when, and only when D(C) # 0. It also 
follows from the formula (263) that in the course of analytic continuation of 
the general solution Y it always remains the general solution; we have already 
mentioned this above in the definition of the general solution. Notice that 
with the system of notation used in [93] we would have had to multiply by a 
constant matrix not on the left but on the right so as to obtain another 
solution, 

Let us suppose that «=a is a point in the plane which is either & pole or 
an essential singularity of the coefficient p;(z). When describing this point the 
coefficients will return to their former values but the solution Y, in general, 
will become a new solution in the course of analytic continuation, which can be 
obtained from the former solutions by multiplying, on the left, by a constant 
matrix V: 

+=VY. 


Let us call this matrix V an integral matrix when describing the point x = a. 
Bearing in mind that 
D(¥*) = DiV) D(Y) 


and that in the course of analytic continuation a general solution always 
remains a general solution we can say that the determinant of the matrix V will 
not be zero. The matrix V depends on the particular solution Y considered. 
If, instead of Y, we take another general solution Z = CY, where C is a cons- 
tant matrix, the determinant of which is not zero, we have: 


Z =CVY=CVC"'Z, 
i.e. the integral matrix of the new solution will be a matrix, similar to the matrix 


V. In other words, different complete solutions have similar integral matrices, 


121. Regular singularities. We shall now consider a singularity of a system 
which is a pole of the coefficients of an order not higher than the first. To 
simplify our notation we assume that this point is at the origin x =0, when 
we can write our system as follows: 


ryy = qu (2) Yı + Ger (£) Y2 +- - -+ am (2) Yn | 


LY2 = Qie (T) Yı + Iez (T) Yo +--+ + Gne (2) Yn (266) 
ry’ = dan (2) Ys + Gan (2) Ya F- * +Gnn (2) Yne 
where ¢;,(z) are functions regular at the point z = 0: 
Qik (2) = Gip + aint + amka? +... (267) 
We shall try to find the solution of the system (266) in the form: 
=æ (M4 Or...) (268) 


Substituting in the system (266) and comparing the coefficients of q? we 
obtain a system of homogeneous equations for the determination of the coef- 
ficients c: 


(CSE: oA EPE: S E T ET 
io of) + sa —e) ef +. +++ Ane of = 0 (269) 


Gin f + on +. +> + Gan — @) of) = =0 


and, subsequently, comparing the coefficients of z? +* we obtain a system of 
equations for the coefficients c{ when the former coefficients c?, where 
m < k, are known: 


(a — e — k) ef) + a, t... off) = Hik 
a,, cP 5 (22 —e— 3 H... + hes of) = Hay : (270) 


. > . e œ . 


E N Dp.. EPS A 


‘where H, are linear homogeneous tunctions Or tue vuvuniviwnuo vp wane 
m < k. All these calculations are exactly the same, as in [98]. Denote by f(ọ) 
the determinant of the homogeneous system (269): 


a1, — e, Qz; sees Any 
f(g) =| Se "ao ceo Any (271) 
Qin» Gens eres ann —e 


To obtain a solution of the system (269), other than a zero solution, we 
must equate this determinant to zero 


fe) = 9; (272) 


and during the further solution of the non-homogeneous systems (270) it is 
necessary that the determinant of these systems should not be zero. This deter- 
minant can be obtained from the determinant of the system (269) by replacing e 
by o +k, i.e. it is equal to f(@ + k). Let 9, bea zero of the equation (272) so that 
the numbers o, + k, where k is any positive integer, should no longer be zeros 
of the equation (272). At the same time our earlier calculations will be formally 
satisfied and we can construct the series (268) which formally satisfies the system 
(266). It can be shown, as in [98], that these series will converge in the circle 
|2| <r in which the series (267) converge. 

When the zeros of the equation (272) are different and provided they do not 
differ from each other by an integer, then the above method enables us to 
construct n linearly independent solutions of the system (266). Otherwise, as 
in [98], we shall also have, in general, one solution containing log z as well 
as the solutions (268). 

Let us write the system (266) in the form of a matrix 


dY 
T -Jr = YQ, 





where Q is a matrix consisting of functions q,,(x), regular at the point x =0. 
We can write this matrix in the form of a series in positive integral powers of x: 


Q=4,+4,25+4,27+..., 


where A, are matrices with constant elements: the matrix A, consists of elements 
Gik, the matrix A, of elements aj, ete. The system (266) can be written in the 
form: 

dy 


z- = ¥ (A, + Att Aa...) G8) 


We shall try to find a solution in the following form for this system: 
Y=2"(14C,c4+C,22+...), 
where W and C, are the unknown matrices. We have: 


SY swe +O,2+C,2+...)+ aY (6,420,204...) 
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Substituting in the equation (273) and multiplying on the left by z-¥ we 
obtain: 
W(1+C,2+4+0,27 +...) +2(C, +2C,2+4...)= 
=(14+0C,240C,27+...)(4,+A,2+4...). 
A comparison of the constant terms gives 
W=A, 


and also, comparing the coefficients of x* we obtain a system of equations of 
matrices for the successive determination of the matrices Cy: 


A,C, + kO,=C, A, + Cka A, +. . +0, Ay + A, 
or 
A, OC, —Cy Ay + kC, = Cy A, +. . +0, Ags + Ag. 


Without attempting to investigate this system in general we shall only deal 
with that particular case when the matrix A, can be obtained in the form of 
a diagonal matrix, i.e. a matrix S exists, which has constant elements and a 
determinant, which is not zero, such that 

SA, S~! = [@,, @2,---) On); 


where og, are the zeros of the equation (272). 
Replace Y by the new unknown matrix Y, according to the formula 


Y=¥Y,9. (274) 


Substituting in the equation (273) and multiplying, on the right, by S~! 
we obtain the following system for the matrix Y, 


dY, 





z-i = Y,(B,+ Bır +4 Bar? +...) (275) 
where 
Bk = SA, S-1, 
and in particular i 
By=[01, 02- - -> Cn) (276) 


As before we are trying to find a solution of the system (275) in the form: 
Y, = 2" (I + D z 4D? +...) 
On substitution we obtain W, = B, and the other coefficients are determined 
from equations of the form 
B, D; — Dy B, + ED; = Ep (277) 
where E, is a matrix expressed in terms of the preceeding matrices Dm, where 


m < k. Bearing in mind that B, is a diagonal matrix (276) we obtain, from 
(277), the following equation for the elements of the matrix Dg: 


er {Dihi — {De} ej + k{ Dily = {Er} 


1 
(Dely > Gregg en: 


i.e. 


122) REGULAR SYSTEMS 459 


If the difference of the zeros (9; — g;) in the equation (272) is not an integer 
it is possible to determine all the coefficients. Notice that when there are equal 
zeros among the zeros of the equation (272) but the matrix A, can be obtained in 
the diagonal form (it has simple elementary dividers) then the above calculations 
remain valid. 

In our arguments we did not touch the problem of convergence; this, as 
we have said already, can be done as in [98]. Notice also that we assumed 
above that the constant term in the unknown solution of the equation (273): 


Y =” (140,240, 27+...) 


ig a unit matrix. This, however, is insignificant. It is only important that the 
matrix should have a determinant which is not zero. In fact, let 


Y =" (C9 + 0i +0 +...) 
where D(Cj) # 0. Consider a new solution 
Cot Y = Cg rY CoCo (Co + Cre +022 +...) 
But we know that for any analytic function of a matrix 
Cot (M°) Co = f(Co-! W° Co), 
so that, for example; 
Corte’ Co =e” (W =00 W’ Op) 
and, consequently, the new solution will be: 
Cot Y =o" (14+ 0,¢2+C,274+...) (Cy =Cp71C;). 


Similar arguments can be used also in the solution of the equation (275). 


122. Regular systems. Consider a system of simple equations the coefficients 
of which are rational functions with poles of thefirst order at a finite distance 
and zero poles at infinity. Let z = aj be a certain pole of the first order of the 
coefficients. Each of the coefficients p,,(z) has at this pole a residue u(t) 
and these residues form a square table U}. We can therefore write our system 
as follows: 





where U; are matrices consisting of constant elements. We shall try to find 
a solution for the system (278) so that at a point z = b, which is not one of the 
points aj, it becomes a unit matrix; let us denote this solution by 

Y(b; x). 


Bearing in mind this initial condition we can rewrite the system (278) as 
an integral: 





Y(b; 2) =I + i Y(b; 1) 2 dz, (279) 


= 


of its elements. 

We shall now use, as usual, the method of successive approximations viz. 
we assume that Y, = 1 and make the successive approximations according 
to the usual formula: 





x mn U 
Y, (2) =I+ f Yaa (2) Ss — dz. (280) 
b det 


We have from the method of successive approximations: 
¥(b; x) = Y, + (Y, (2) — ¥,) + (Y: (2) — Y, (2) +... 
or, assuming for the sake of briefness that 
Za (£) = Y, (2) — Y, (£) (4.= 2), 


where we have, from (280), 





dz, (281) 


T— Qj 


Zn (2) = jmo 


we can write: 


¥(b; 2) = I + Z, (2) +Z (2) +... (282) 


We shall determine the first few terms of this expansion by using the general 
formula (281). Introducing the notation 


x 
d dr a. 
Dy, (a;,; 2) = [= - log ———_ 
bh ; T— ah b—a 
we have 





ı (z) = [ax 


a dz = 2. U; Ly (aj; 2). 


Similarly, introducing the notation 


x 
Dy (aj; T) 
Lp (aj, ajy 2) ae | EET dr, 
we have 
Xm U, 
-| È aben 9 È aa 
or 


Z (x) = P Uj Uj Ls (2 joa j z), 


m. Continuing this further and introducing the tormulae: 


t= Gaj 
L, (a;,; x) = KAETI , (283) 
x 
l Lo (Gj -» Ajri 2) 
b 
which successively determine the coefficients Lilaj -++,@;"; æ), we obtain: 


1,...,m 
2, (2) = 2 Ujo- Ujy Ly (ajo. -s ap 2), 
Assess dD 
where the summation includes all letters shown under the symbol of summation 
and every letter, independently of the others, runs through all the integers, 
from 1 to m. Finally, from (282), we obtain the following representation for 
our solution in the form of a power series of the matrix U z 


eo lpm 
Yb; z) =I% Š Uj- Up Ly (Gj, 05,5 2), (284) 
v=l jees dv 
where the coefficients of this series are determined by the recurrent relationship 
283). 
i The solution Y(b; x) can be analytically continued in any direction except 
through the singularities a;, and the series (284) gives this solution in the whole 
domain of its existence, i.e. for every analytic continuation. In fact, we shall 
show, to start with, that the series (284) converges for every analytic continua- 
tion of the coefficients D,(a;,, ..., @j; £). Let l be a curve which originates at 
the point x = b and remains at a finite distance from the points a,. Let ò 
be the shortest distance from the points a; to the curve J and e the length of 
the are of this curve from the point b. Using the usual inequality for an integral 
round the contour | we obtain the following inequality for the coefficients of 
the series (284) on Ł [4]: 


S 
ds 
g(a a) <[S-= 
Qo 


whence 


S s 
Ly (a;,3 x)| sds l 2 
|Zo (ajv aja 2) Di ds PE = or (+) 


and generally on l: 
1 x 
Islanan < i (5T - 


But the power series 
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converges tor every z and we can therefore say that the series (284) is absolutely 
convergent for every matrix U; and for every analytic continuation of its coef- 
ficients [96]. It also follows from the above inequality that the convergence 
will be uniform in every finite domain (in general, in a domain with several 
sheets) which lies at a distance greater than zero from the point aj. Finally, 
differentiating the series (284) term by term with respect to x it can readily 
be shown that it also satisfies the system (278).In fact we can rewrite itas 
follows by isolating one of the summations: 


m 
reS ae Uj; L, (aj; £) + 


+5 5 On Uj, «UO jy U j Ly (ayy + +s Ojy Gj; 2). 
v= 1 j= I joe ody 


Differentiating with respect to z and bearing in mind that from the definition 
di, (aj; z) 1 
dr z: TzT—a j 
and 


ADs (ajy, jaji 2) _ D (ajy: -> ajy Z) 
dz r— aj 


we obtain by differentiating 











dY(b; z) m , m Uj 
=e ~ -f r ary +5 a Uj Uy Ly (aj api 2) È, z— aj 
or 
dY(b; x) I m 
= = =Í + 2 = „Uhe - U jy Ly (aj, sae ajy; z)| oz = 
i.e. 
dY (b; x) 
— = YQ, 23) sa ; 


Finally it becomes clear that the constructed solution (284) becomes a unit 
matrix when z = b because, from the definition (283), the coefficients of the 
series (284) vanish when z = b. The above considerations give rise to the fol- 
lowing theorem. 

THEOREM. A solution of the system (278), which becomes a unit matrix 
when x =b, ia determined with respect to x by the series (284) in the whole domain 
of its existence and for every matrix U p 
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If we make cuts J; in the x-plane from the points a, to infinity, so that the 
cuts do not intersect, then in this cut plane, which will be a connected domain, 
the solution (284) will be a single-valued function of z, but on opposite edges of 
the cut it will have different values, viz. when encircling each of the points 
a; in the positive direction our solution will be multiplied, on the left, by a con- 
stant matrix V, which we called an integral matrix corresponding to the sin- 
gularity aj. We shall now deduce an expression for the integral matrices V) 
in terms of the matrices U; which are part of the coefficients of the given system. 
At the initial point x = b our solution is equal to J, i.e. it becomes a unit matrix 
and, consequently, to obtain an integral substitution V; we must determine 
the value of our solution during analytic continuation round the closed con- 
tour Lj, which encircles the points a; and returns to the point b. 

This value can be obtained directly from formula (284) when the formulae 
(283) are integrals round the above closed contour 1; and, in this case, the coef- 
ficients obtained will obviously no longer depend on z. 

We shall introduce the following notation: 


re dr _ f2mi when j=), 
Pilaz b) =) T— ay, =f when 7 #j, (285) 
3 
and 
Dy (Bj, >- + +s Ojo T 
Papaa b) = [ ZO r == Blot) aye, (286) 


$ zr—a 
4 jv 


We thus obtain V} in the form of a power series of the matrices U; and this 
series converges absolutely for every choice of these matrices: 


= l,m 
V j= I +2) j 2 Uj- Uj, P; (aji -e By b). (287) 


THEOREM. The integral substitutions V; are integral functions of the matrices 
U; as determined by the series (287), the coefficients of which are determined by 
the formulae (285) and (286). 

Instead of the formulae (286) the following formulae can be proved which 
connect the values of P; for adjacent values of v: 


b 


P EET; PAER P j(a;,,..-, @jy3 6 
Piers = [|e — = Bien 88D ay, 


i b — ay b— aj 


(288) 


We shall not give the proof of this formula. 

If we analytically continue the constructed solution round any contour which 
originates at and returns to a point z then this closed contour is, in the analytic 
continuation sense, equivalent to several circuits round the points aj in the 
positive or negative directions. Consequently, on returning to the point x 
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our solution is multiplied, on the left, by a constant matrix which is given as 
a product of factors Vj or V71. In these circumstances it is usually said that 
the integral matrices V; form a group of the equation (278). 

Let us explain this by a simple example. In the figure the singular. 
ities @,, @, and a, are marked and the continuous line indicates the path of 
the analytic continuation 1 which consists of 
a number of circuits round the points aj. The 
dotted line indicates a contour, equivalent to 
the contour of the analytic continuation, and 
it is assumed that r = b. 

The first circuit encircles the point a, and on 
completing this circuit we arrive at the point b 
with the solution V,Y(b; x). The next circuit 
encircles the point a, and after completing this 
circuit the constant matrix V, remains un- 
altered and the matrix Y(b; x) is multiplied, on Fic. 72 
the left, by V3, i.e. after completing the second 
circuit we arrive at the point 6 with the solution 
V,V,Y(b; x); finally, after completing the third circuit, we return to the point 
b with the solution 





V, V, Vs! Y (b; 2), 


Any solution Y(x) of the system (278) differs from the solution Y(b, x) 
by the constant matrix 


Y(r) =CY (b; 2), 
and its integral substitutions will be as follows [120]: 
CV; c~, 


Consider now the matrix Y(b;x) ! which is the inverse of the matrix 
Y(b; x). This matrix, as we know from above, satisfies a system of linear equa- 
tions 





dY b OU zga 
E =~ 2 Ta; Y(b; x)7!. 


Applying to this system the method of successive approximations we obtain 
the following representation in terms of a power series of the matrix U f 
æ l,m 
Yb; y =1 +Y D Up- -nU jy Lh (aj. -s aji 2), (289) 


251 jr-sjv 


the coefficients of which are determined by the formulae: 


x 

dz T — aj, 
POTES SES ener, ese! L 290 
Li (aj; 2) J ea ha, (290) 

and 

LE ( 

b (Gin. -sOi T 
Llap napa) = — | AEE de. (291) 


z — ay, 
b J: 


122] REGULAR SYSTEMS 465 


The expansion (289) is absolutely convergent for every matrix U; and for 
every analytic continuation with respect to the variable x. The resúlta are 
obtained in exactly the same way as above. Bearing in mind that 


[Vj Yi; a)! = Ysa) V7, 


we can see that by encircling the singularity a; the matrix Y(b; x)! is multi- 
plied, on the right, by the matrix Vy! and it is thus possible to obtain an 
expression for V; in terms of a power series of the matrix U, by using the series 
(289) and by analytically continuing its coefficients foid the closed 
contour l; which surrounds the points aj. This gives us the series 


lym 


vj" -1+5 È Un- UjpPY (Gjo -> ajib) (292) 
ld joe ujv 


in which the coefficients are successively determined by the formulae: 


P} (aj; ©) = -|5 :; (293) 


È Ft aa ay, 


Lp (jas. +> Oh T 
P* (a jp- -> @j b) = — [ASP ag 


hy 


Notice one particular case when the system (278) can be solved in final form, 
viz. we assume that the matrices U; commute in pairs, i.e. we have for any sym- 
bols i and j: 

U, U; = U; U.. 

We will show that, in this case, the solution Y(b; x) of the system (278) 

can be written in its final form as follows: 


. = r—a U, T — üm Um 7 
Yea) = ($) - G=) . (294) 





It can readily be seen that the above function becomes a unit matrix when 
x = b. We will show that it satisfies the system of equations (278). Differentia- 
ting according to the usual laws for differentiating products and bearing in 
mind that 











d (F—2)"— d Ujlog = e Uj Sie 
dr \b—a, “de ° = b— aj r—aj'’ (295) 
we obtain 
ano z) -=y g=" g ea U; aa 
fla b-—a, b — aj- xr—aj; \b— aj 





= 
AETS : 
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Since the matrix U; commutes with the matrix U, it will also commute with 
every other function f(U,) which is given as a power series of U;. We can 
therefore write the above formula as follows: 








dY (b; x) 33 m (a... e Uj 


dr fa b— a b— am r—aj’ 
whence dY(b;z) _ Yb; 25 U; 
dæ fF ej’ 


i.e. the matrix (294) does, in fact, satisfy the system (278). The formula (294) 
can be obtained from the system (278) if we perform a purely formal separation 
of the variables in this system without taking into account the fact that we are 
dealing with matrices and not with numerical variables. In this case this is 
possible owing to the fact that the matrices U; commute in pairs. The right 
hand side of formula (294) represents the sum of the series (284) on the assump- 
tion that the matrices U} commute in pairs. It also follows from the formula 
(294) that in the case under consideration the matrix Y(b; x) acquires on the 
left, the constant factor shown below, on encircling the point a; 


e2”! U U j . 
This follows directly if we write the formula 


x— 
b— 





a 
a 





[= U . U4 log 
b—aj zS 


and use the known many-valuedness of the logarithm. 

Notice also that the relative position of the factors on the right-hand side 
of the formula (295) is unimportant, for both factors only contain one ma- 
trix U; and do therefore commute. 


123. The form of the solution in the neighbourhood of a singularity. We shall 
now consider the logarithms of integral matrices with an additional numerical 
factor 
- 1 æ (— 1) 
Fig ag 


1 v 
W j= 8V) (V;— 0. (296) 


We have taken the principal value of the logarithm to be given by a power 
series which converges when the matrix V is sufficiently near to a unit matrix. 
It follows from the formula (287) that this condition will certainly be satisfied 
if the matrices U} are close to a zero matrix and we shall assure this to be so 
in future. Substituting in the series (296) the expression for (V; — 1) from the 
formula (287) and grouping similar terms together we obtain an expression 
for W, in the form of a power series of the matrices U, which converges 
when these matrices are sufficiently close to a zero matrix: 


æ leum 
W; =A 12 Uj Ubh (aje ajy b). (297) 
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We shall not evaluate the coefficients of this expansion since it can easily 
be done by the direct substitution of our series into another series. Consider now 
the elementary function 


x—ay 
ae (298) 





| T— üj W; Pi: log —— 

b—a j ) = 
Taking the corresponding values of the logarithm which vanish when x = b 

we can see that the function (298) becomes a unit matrix when x = b and, 


by encircling aj, the logarithm acquires the term 222 and the function (298) 
becomes the new function 


Wy 2ni +log 2% z— aj \W _ © — a, \ W 
é ( a] =p, T= = Vj a; 





the relative order of terms in this expression is unimportant for both are power 
series of one and the same matrix W; and, consequently, commute with each 
other. We can therefore see that the elementary function (298), after encircling 
tj, acquires on the left the same factor V; as the solution Y(b; x) and it also 
becomes a unit matrix when x = b. We can therefore write: 


—a;\Wi n 
ren= |g) "FOO; 2), (299) 


where Po; x) is a matrix equal to a unit matrix when x = b and which is 
single-valued in the neighbourhood of the point x =a;. We will now show that 
it will not only be single-valued in the neighbourhood of the point z =b but that 
it will also be regular at the point x = b, i.e. the factor [(c —a die —a j] contains 
not only the branch-point of our solution but also all the characteristics of the 
solution at the poini a; as was the case with regular singularities of equations of 
the second order. 
We have from (299): 


— aj 





Sy -W 
Yb; 2) = ( ; ) "V(b; x), (300) 


ay 


whence, differentiating with respect to x: 





a¥ Wb; x) Wj ( —aj x —aj)\-W; dY (b; a) 
dz xz—aj 


ey Y (b; ») + (5 Ta; 
or, using the equations (278) and (300): 


aO; z) Wi x e 4 m 
S ea aa TOS ae 








i.e. the matrix Y (b; x) is a solution of the system of equations 


Op: z VU) (p - 
dy Oe). T) -70 (b; 2) ee. Ww ,Y (b; z) : (301) 


Aa r— aj 
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Looking at the right-hand side of formula (300) we can see that both factors 
are power series of the matrix U, and therefore their product is too; if all the 
matrices U, are equal to zero then W; will also be zero and the first factor to 
the left on the right-hand side of (300) becomes a unit matrix. Similarly for 
Y(b; z) and therefore also for ¥(b; x). It is thus possible to seek YU((b; x) 
in the form of the following power series: 

~ @ 4....- m Por 
YO; Hl SS Upee Uj DP (Gps... ays 2). (302) 


r~i jir. ajv 
Substituting the series (297) and (302) in equation (301) and comparing 
the coefficients of the product U, ... Uj, we have: 


acy) (Qj) «+++ jy; £) _ EP (anseo a2) 
dz T — aj, 





1 
t— a; 





y ao 
> Qj (Gj, +++) Be b) LS) (Qjagy s+ +++ @fy 3 2) 
k=1 


and, in particular, 


ALY (aj, 5 2) _ 1 Glan; 4) 
z— aj 





dz r—a;, 


Notice that in the above sum with respect to k the second factor becomes 
devoid of meaning when & = » and, in this case, it should be replaced by unity. 
In future we shall often deal with analogous sums in which the factors of border 
terms become devoid of meaning when the accepted method of notation is used; 
they should then be replaced by unity. 

We have already mentioned above that the matrix Pun; x) becomes a 
unit matrix when x = b for any matrix U; sufficiently close to zero, i.e. all 
the coefficients in the expansion (302) must vanish when x = b. Bearing this 
in mind and using the above formulae we can write the following formula which 
successively determines the coefficients in the expansion (302): 








x P 

: 7{j) 
~ Lg’ (@j,,.--,4@,3 2 
Wiarna =f | ° e Ciprs ) 

? w 
1 is xij 
a > Qj (Gj, +--+ Op b) LY (Qjnyrs ++ o Bins z)|az. (303) 
j k=l 


In particular, when » = 1, we have: 


LY (aj, ; 2) = jl : Ei S Jee. (304) 
; 


raj, r— aj 





The coefficients in the expansion (302) must be single-valued functions in the 
neighbourhood of 2 = a;, for we know from above that the sum of the series 
is a single-valued function. It follows that the residue at the pole z = a, 
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under the integral in the expression (304) vanishes and therefore the func- 
tion (304) also regular at the point x = aj. We shall now continue the proof 
from (» — 1) to v. Let us suppose that all the functions 


TY (aj,.--+, api 2) (305) 


are regular at the point x = aj when s < v. We will show that the functions 
(305) will have the same property when s = v. We have the formula (303) 
for these functions. As a result of the regularity of the function (305) when 
s < v the integrand in formula (303) can only have a pole of order one at the 
point x = aj. However, if the residue at this pole had been other than zero then 
the function (303) would have been many-valued in the neighbourhood of the 
point x = aj, which is impossible. It therefore follows that the integrand func- 
tion in formula (303) and the integral itself will be regular at the point x = aj. 
We shall not give a more detailed determination of the coefficients in the 
expansion (302) here. 

All the above arguments applied only to the case when the matrices U, were 
sufficiently close to zero. Later we shall give a representation of the matrix 
W; and of connected matrices which will hold for any matrix; it will then be 
evident that the singularities in this representation will be those matrices 
U, among the characteristic zeros of which are zeros which differ from one other 
by an integer other than zero. 


124. Canonical solutions. The solution Y(b; x) depends on the choice of the 
point b at which we approximate the matrix to a unit matrix. For this reason 
the matrix Y(d; x) is known as a matrix (solution), normal at the point x = b. 
This latter point must not be one of the singularities aj. We obviously cannot 
make any initial conditions at the singularity x = aj but we can attempt to 
construct a solution which would have the simplest form in the neighbourhood 
of this singularity; this can be done in exactly the same way as in the construc- 
tion of a solution in the neighbourhood of a regular singularity of an equation 
of the second order. We shall now construct this solution and call it the canonical 
solution at the singularity x = aj. 

We can write: 


— s wW Pas Ow se 
Y (b; 2) = (5#) THO (b; x)= (x — aib — a) “YN; 2), 
3 


where the relative position of the first two factors on the right-hand side is 
unimportant for both factors contain only the one matrix W,. Combining the 
factor (b — a; p)" with the factor Y)(b; z) we can write: 


Y (b; z) = (x — aj)": YO (b; r), (306) 
where 


yO (b ; z) = (b — aj)” y” (b > x) 


is a matrix, regular at the point x = aj. If all matrices U, are zero matrices 
then ¥)(b; x) becomes a unit matrix and, consequently, the determinant of 
this matrix is not zero provided that U, is sufficiently close to zero. The deter- 
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minant of the matrix (b — a) "j = e7 W} leg (6—a)) is not zero for it is the deter- 
minant of an exponential function of a matrix [93] and, consequently. the 
determinant of the matrix Yb; z) is not zero at the point z= aj if all 
matrices U, are close to zero, i.e. in this case the matrix ¥U)(b; z)-! will be 
regular at the point x = aj. Every solution of our system differs from the solu- 
tion Y(b; x) by the constant factor C (the matrix on the left): 


Y (x) =CY (b; 2) (307) 
and we assume that the determinant of C is not zero so as to obtain a comp- 
lete solution. In place of formule (307) we can write: 

Y (2) =C {z — a)“sic-0Y¥ (b; z); 


but from [121]: : 
C(a— aj)" 0! = (z — a)i, 


where 
Wj =0W;0™!. (308) 


We now choose a matrix C equal to 
C=[¥% b; a], (309) 
so that we have: 
OYO (b; z) =1 when z=ūj. 
We thus obtain a solution which we denote by 6;(x) and which we call 
canonical at the point x = aj. This solution has the form: 
8; (x) = (£ — a4)"5 6; (x), 


where 0 j (2) is a matrix, regular at the point x = Gj, which becomes a unit matrix 
at that point. We will now show that in this canonical solution the matrix w, 
coincides with the matrix U;. 

Notice, first of all, that all the matrices constructed above are given as power 
series of the matrix U, provided the latter matrices are sufficiently close to 
zero. In this case the matrix Wi, like the matrix W}, should have no constant 
term in its expansion, i.e. we should have the following expansion 


o Il,...,m 
Wj= 2, = Oj, . + Ujy Fj (Gj, «++ Oy). (310) 
r=] Jw. 


Differentiating with respect to z the formula 
8; (2) = (s — aj) "4 6, (2), 


we obtain, as in the previous section, the following system of equations for 
the elements of the matrix ,(2): 


U; W ; 9; (z) 


T — Q; T — aj 


3 








aper 0, (2) 2 (311) 


dg 
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If all the U, are equal to zero then B(x) becomes a constant matrix and, 
as a result of the condition at the point z = aj, it must be a unit matrix, i.e. 
we must have the following expansion: 


6; (x) +5 "3" Uj- Up Ny (Qj, «+. ays 2). (312) 
v= 1. 

All coefficients in this expansion must be regular at the point aj and must 
vanish at that point since the sum of the series, for any U,, should become a 
unit matrix at the point x = a,. Substituting the expansions (310) and (312) 
in the equation (311) we obtain the following equation: 


x. 
Ny (ahoh 13 2) 
Mop oap a) = f |] LR len 





ar) 3 Ty (ajs oes s Ajk) Nj (Cjayr +++ By x) | de, (313) 


and, in particular 
x 





1 J; (a 
Nj (ay,5 2) = | = ea): dg 
: Jl2-a, 2®-a, 
aj 


Owing to the regularity of the left-hand side, this latter equation shows 
that 





APE 1 when j=ĵ, (314) 
a e 
ih 0 when j, ¥j. 
Let us consider the equation (313) when v = 2: 
x 
: Nj; (aj; 2) 1 ; iz 
Ny (2,5 ajz 52) -Í aap Baa, PONN (ap: 2) +l awl} i 
aj 


It is given that we must have N j(ajsia;) = 0 and, consequently, the first 
term of the integrand has no pole at the point x = a}. It follows that the 
second term does not have a pole at that point either and that the square 
bracket vanishes when z = aj; therefore all the coefficients J J(aj Gj) must 
be zero. Similarly, considering the equation (313) when v = 3 we can see that 
all the coefficients J (Gj > Gj,» @;,) are zero etc. As & result of this and (314), the 
expansion (310) becomes the simple equation W’, j = Uj and we have the fol- 
lowing representation for the solution canonical at the point z = aj: 


6j (2) = (z — aj)” 8; (2). (315) 
Formula (313) enables us to evaluate successively the coefficients in the 
expansion (312). Bearing in mind that 
l1 when j,=] 
J = 
(4) o when j, £73 
J} (Gj,. esaj) =0 when »>2, 
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we have: 
x a 
1 Op; 
Ny (ays) = | [———- dz, 
a T— üj T—üj. 


Nj (aj, -ee Ojai z) = ôn Ny (Qj, +++ ajy; 2) T 
T — ajy z— dj : 


Nj (Gh ++ Fy 2)={| 


a 


where ôp = 1 when p = q, and pq = 0 when p Æ q. 

By describing a circuit round the point a; the solution (315) acquires a 
factor e2?*/Y7 on the left. Any other solution, as we know, will have an integral 
matrix, similar to the matrix e?7!U/, i.e. by describing a circuit round the sing- 
ularity a yj any solution of the system acquires on the left a factor which is a matris 
similar to the matris o?™iU1 , 

Let us now return to the formula (315). The second factor, as we said before, 
is regular at the point x = aj. The inverse matrix 


0; (x)? 


will, therefore, also be regular at the point z = a; for the determinant of the 
matrix 6;(z) is equal to unity at the point x = aj. In general, if any solution 


Y(x) can be represented in the neighbourhood of the point aj in the form: 
Y (x) = (æ — aj)”; F (2), 


where the matrix Y(x) is regular at the point aj and its determinant at that 
point is not zero, then the matrix Wi is said to be an exponential matrix of 
the given solution. It can be shown that this matrix is determined in a unique 
way for a given solution when the matrices U, are close to zero. In particular, 
for the solution, canonical at the point aj this will be the matrix U; itself, and, 
generally, for any solution, it will be a matrix similar to the matrix Uj. 

Note. In all the above arguments we have used the fact that the representation 
of a function of a matrix in the form of a power series of these matrices is unique. 
This uniqueness theorem forms the basis of the method for the comparison of 
coefficients; we used this method above by substituting a series with unknown 
coefficients into both sides of the equation and comparing the coefficients of 
similar terms. The hypothesis that the sum of a power series of a matrix U, is 
a single-valued function of x near x = aj and that all the coefficients of this 
series must be single-valued, is also based on this theorem of uniqueness. 

We said earlier in [94] that the uniqueness theorem holds if the sums of 
the power series coincide for matrices of every order. In all our arguments the 
order of the matrices was immaterial and it was therefore permissible to use the 
uniqueness theorem. 


125. The connection with regular solutions of Fuchs’s type. Let us now 


consider the canonical solution at the singularity x = a; 


8; (x) = (z — a,)"4 6; (2). 
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For the sake of simplicity we assume that the order of the matrix n = 2, 
ie. that we have a system of two equations with two unknown functions. 
Let S; be a matrix which converts U, to the diagonal form: 


Sj Uj S;* = (01, 02]. 
Consider the integral matrix: 


Zy (2) = S58; (2) = (z — a) 17" S; 8; (2), 
or 

Zj (2) = (z — a))level Z, (2), 
where =: z 


is regular at the point z = aj. Denoting by Zx) the elements of this latter 
matrix: 
Z9 (2), Z (s) 


Z (a) = |2 
1) = ZD (a), ZY (0) 














where Zip (z) are functions which are regular when x = aj and bearing in 
mind that 

ns 01 0 
(x as a;)len ea] = f ay) : 














0, (=a) 


(z — aj)" ZY (2), (£ — ape ZY) (2) 
(x — aj) ZY) (2), (£ — ay)* ZY (a) 


we have: 
a S Zi) (a), ZY) (a) 


Z = 7 
ve ZY (2), ZY (a) 























0, (x — aj)" 














Every line of this matrix contains a solution of the above system [120]. 
We thus have two solutions of the system which have the same form as the 
solutions of one regular equation in the theorem of Fuchs [99]: 


Y n (2) = (£ — a)” ZY) (2); Y (2) = (2 — aj)" ZY (a) ; 
Ya (x) = (z —a j)" ZY) (2); Ya (a) = (£ — a)" ZY (a). 

In these formulae the first subscript of Y (x) gives the number of the solution 
and the second the number of the function. Notice also that from the definition 
of Z;(z) and the fact tbat 0;(a;) = 1 we have 
ZY) (aj), ZË (aj) 
ZY (aj), ZY (aj) 


Zj (a;) = =D) 














where S y is a matrix, the determinant of which is not zero. The number ZY}(a;) 
must be the constant term in the expansion of Zz) into the Taylor’s series in 


powers of (x — aj). 
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The numbers @, and ẹ, which in [98] were the zeros of the determining equa- 
tion are, in this case, determined from the characteristic equation of the matrix 
U;. In the works of I. A. Lappo-Danilevski the integral matrix 0 (x) is known 
not as the canonical matrix but as the metacanonical matrix at the singularity 
x = aj. In this terminology the matrix Z;(x) can be called canonical at the 
point z = aj. 

126. The case of the arbitrary U,. The formula (297) in [123] determines an 
exponential substitution W, for an integral matrix Y(b; x) in the form of a 
power series of U, which converges only when the U; are close to zero matrices, 
Similarly, formula (312) in [124] gives the analogous representation for the 
regular factor of a canonical matrix 0,(z). We shall now examine this repre- 
sentation for arbitrary matrices U,. 

By definition we have for the U, which are close to a zero matrix [123] 


_ 1 ESAS ae. ae 
i= im 8 VI= dag Sy (I 1)’. 


Let us denote by @,, Qs, .--, @n the characteristic zeros of the matrix Uj. We 
know from [124] that the matrix V; is similar to the matrix e**/4/ and there- 
fore the characteristic zeros of the matrix V, will be: 


2 2nies. ` 2zi 
Mm = ot; y, = eter, |; ng = n, 


If we suppose that the 7; are ull different and use Sylvester’s formula we can 
write: 
1 2, (Vy — m). (Vy — Myer) (Vy = nen). + (Vy — Mn) lee hes 


W,==— 
IS Qt Gk — M). (k — Mer) (Me — Terr) == MH — Tn) 





In future, for the sake of simplicity, we shall only consider the case when 
n = 2. Replacing ng by the expression containing @, we have: 


ant 
es — ent e —e" 
= oni 2nig 
w= Oe ain ee Ta (316) 
When o, = @, this formula becomes 
Wj= fe = =] + — Vj. (317) 


Above we obtained a representation of V; in the form of a power series in 
U, for any U,. Similarly formula (316) gives a representation of W, for any 
U,- This formula becomes devoid of meaning when @, and o, differ by an integer 
other than zero, for then the denominator on the right-hand side of (316) 
vanishes while the numerators are other than zero. Thus for W, as functions 
of U,, those matrices U) will be singularities, the characteristic zeros of which 
differ by an integer other than zero. With regard to the remaining matrices 
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U, the function W; has no other singularities. The existence of these singularities 
causes the series (297) to converge only when the U,’s are close to zero matrices. 

We will show how the series (297) can be used for obtaining W j in the form 
of a quotient of two power series which converge for any U,. Let us construct 
a numerical function of U;, i.e. a function which for a given U f has a definite 
numerical value: 





A (U)) = oe Tile tea) erties = ernie = sin z (Q1 = @2) 


anie es) a — ea) Ce 


We can represent it in the form of a power series which converges for any 
o and o: ay 
mn = 27 
Denoting by {U;},, the elements of the matrix U; we can write the quadratic 
equation which is satisfied by ọ, and a,: 


{Uju —e {U he = 
{Ope {Uj }o2 — e 


We have further: 
(e1 — @2)® = (01 + @2)? — 40102» 


and, bearing in mind the property of the sum and product of the zeros of a 
quadratic equation, we obtain an for expression (9, — €z)? in terms of the ele- 
ments of the matrix Uj: 


(01 — @2)? = (Opn + {U e)? — 4 (Opi (Uj) — {Opie {U za). 
Substituting in (319) we obtain an expression 4A(U;) in terms of the elementa 
of the matrix U}: 


4 (J) = a (2v Pa ar KEII + {U h} — 4 (Upu {Uj}22 B {Uhe {Ud 


and this series converges for every U}, i.o. it is an integral function of the 
elements of the matrix Uj. 
For the sake of briefness we denote the terms of the above sum by 4,( Uj): 


A(U) = ZU), (320) 


where ô (U) = 1 and, when »> 0, 6,(U,) is a homogeneous polynomial of 
degree v in the elements of Uj. It follows from the formulae (316) and (318) 
that the elements of the product 4(U,)W; are integral functions of the elements 
of Uj and, in general, they are integral functions of the elements of all the 
matrices U,. This function can be expanded into homogeneous polynomials of 
the elements of U, [83]. Bearing in mind the expansions (297) and (320) we 
can write the expansion into homogeneous polynomials as follows: 


= v 1,...,m 
A (U)) W= 2. = j 2; Uj- -Ujsò-s (Uj) Qj (2), « BJs; b) ) 
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The above series converges for every U,. We thus obtain an expression for 
W; in the form of a quotient of two integral functions of the elements of U,: 


Ld 


œ 1,...,m 
2 2 > Uj, «++ Ujg dy-g (Uj) Qj (aj, + + -aja b) 
Wp eee . (821) 


Sò, (U) 
v=0 





Notice that the numerical terms in the series in the denominator depend only 
on the elements of the matrix U,. Arguing in the same way as before we can 
show that the products 


A (U) (z—a;j)”i and 4 (U;)(@— a)" 


aro integral functions of the elements of U,. It follows from the formula (306) 
that 
A (Up YY (b; x) = Y (b; £)? 4A (U; (£ —a;)"1. 


The matrices Y(b; x) and Y(b; z)-!, as we know, are integral functions of 
the matrices U, and, consequently, the product AU) XB; x)! is an integral 
function of the elements of U,. The canonical matrix 8 (x) can be written in the 
form [124]: 

6; (2) =YP (b; a) ¥,(b; 2), 


and, consequently, 4(U,) 6,(x) is an integral function of the elements of U,. 
The same can be said about the product: 
4 (Uj) 6; (x) = (2 — ay) Ys A (Uy) 8; (2), 


since (z — a,)-U! is an integral function of U}. Using the expansion (312) we 
can also write the canonical matrix 6;(x) as a quotient of two integral functions 
of the elements of JU,: 


© Po fle.eee m 
(z — aj)" > 3| D Un- Und -5 (Uj) Nj (Qj, +++ Of 2)| 
y=0 S=0 \Jty.. sis . (322) 


Š 3, (U) 
y= 





6; (2) = 


Notice that in all the above formulae, A( U;) can commute with every matrix. 
The numerators in the formulae (321) and (322) contain series the terms of 
which are matrices which because of the factors U,, and the numerical factor 
6,_,(U;) depend on the elements of U, . 

The formulae (312) and (322) give the canonical matrix in the form of a 
power series or as a quotient of two power series, in terms of the elements of the 
matrix U,. At the same time the coefficients N AC e.e BS x) depend on z. 
We can, conversely, write 0;(x) in the form of a Taylor’s series in powers of 
{x — aj). The coefficients of this series will also depend on the elements of U;. 
This series will converge in the circle | æ — a;| < E which contains no sing- 
ularities except x = aj. 
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We had the equation (311) for 0;(z) and we have shown that w, =U}, 
1.0. 


dð; (x) a, < Us U; 6; (z) 
ae = 0) (2) & z~a,  £—4, 


Substituting this in the equation 


T; (a) =1+4 2 AP (2 ~ aj), (323) 
where Ap are the unknown matrices which are independent of x, and equating 
the coefficients of equal powers of (x — aj) we obtain an equation for the 
successive determination of the matrix Al), 


= (9) 
Uj AP + pA — A”) Uj = a) PrO A Ur (p =1,2,...). (324) 
#i (=¥ (a, —a,)P~4 

We have already met similar systems in [121]. We are not giving here the 
solution of the equation (324) or the proof of the convergence of the series 
(323). We can use for this the same method of proof as in [98]. Notice only that 
the product A( Uj) AP is an integral function of the elements of the matrix 
U, and that the following formula holds for this product: 


k 
A ) AV) — Six 1 ô k (—1)'k! iy oj], 
(4) Pap» ort eS Al(k— å)! ERSA 


where T, denotes the right-hand side of the equation (313). 


127, Expansion in the neighbourhood of an irregular singularity. We shall 
now consider a system of linear equations, the coefficients of which have a 
pole of any order at the point x = 0 and, for the sake of simplicity, we assume 
that the coefficients of this system are quotients obtained by dividing a certain 
polynomial by a whole positive power of the variable z. Using the matrix 
method of notation we can write this system as follows: 


dY t 
Sg =Y y Tp”, (325) 


where Tp are the given matrices. The point x = 0 will, in general, be an 
irregular singularity of the above system but we can nevertheloss apply the 
method of successive approximations; we thus obtain the solution in a finite 
form which will hold for every analytic continuation with respect to x. This 
solution, as always, will be given as a power series of the matrices T, which 
occur in the coefficients of the system. Let us take a point b, other than x = 0 
and construct the solution Y(b; x) which becomes a unit matrix when x = b. 
For this solution we can write the usual integral equation 


x 
Y (b; 2) =1+ 9 ¥ (b; 2) 5 Tp dz. 
b p=—s 
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Assuming that Y, = 1 and 
x t 
Yn(2)=1 + f Yni (2) X Tp (x)Pdz, (326) 
ò p=—s 
we have 


Y (b; 2) = Y, + [Y (2) — Ya] + [Y2 @) —Yi@]+..- 
Writing, for brevity: 


Z, (z) = Y, (x) — Ypi (x) (Zo = 1), 
we can, from (326), write 
Z, (2) = | Zp (2) x Tp x? de. (327) 
p=-—s 


Let us introduce functions of x which are determined by the following recur- 
rent relationships: 


x 


x 
Lp, (b; ea era Lpy-++sp, (b; 2) = f Lpo- opp, (05 2) eda, (328) 
ò 


On evaluating by the method of successive approximations we have, from 
(327): 


x t t 
nan X Tp dr= X Tp Lp (b; 2); 
Pim —sS 


Pı" —sS 


Xe, vf t 't 

Z:(3)=) X Tplp b; 2) X Tp cdco= X Tp,TpLpp, (bs 2), 
pı" —s Pa=—s P1,Pa=—s 

and in general 


t 
Zhe X Tp- TpLp.p (È; 2) 


Pis -+- Py=—S 


Thus the required solution is obtained as a power series of matrices 


@ t 

Y (b; z)=1 + 2 a «++ Tp, Lp,..-p, (05 2). (329) 
We can, as in [122], prove that the above series converges absolutely and 
uniformly and that it gives the required solution of the system. In this case we 
can perform the squaring shown in the formulae (328) and we can therefore 

write the coefficients of the series (329) in a definite form. 
Instead of the functions (328) we shall consider, first of all, the above squares, 
but only after using a different method for determining the arbitrary constant 


Mp (a) = (ode; ...3 


x 
Mp,...p, (2) = f Mpp (£) 2?» da. 
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We shall find the arbitrary constants in these equations as follows: when 
pıt- +P, +» #0, the function M, 1... P, (©) must be of the form: 


Mp... zP (z) = Pit... +P, te P app, log” z, (330) 
where aft) p, are numerical coefficients. Tf, however, Pt... +p, +v=0 
then the constant of integration will remain arbitrary. We will show, first of 
all, that this determination of the arbitrary constant is possible. When » = 1 
wo have: 

x pitt, 1 
Mp (2) = È 2 dz = atl 


a) + log, when p,+1=0, 





, when p +140 


where a?) is the arbitrary constant. We shall now assume that formula (330) 
holds for every Mp, ... pa (7), when å < v, and investigate the function Mp,...p,p (x): 


Mp.. (z) = fapt. Pyt? 2 at) -Py log” x: ops dz. 


Pyas P=) 
There are two cases. When pı + ... + Pı +? +10, integrating by 
parts we have: 


P+... +p, vt 
T Ver u 
(z) = = ot) -Py log” z — 


Mp,... 
ieee Pit-ee-+ Pon tetl pay 





x 
2 ght... -tPy jt ” (4) 
a log’—l zdr. 
| Pı +--+ Por HYH Z PPP 8 


Continuing to integrate by parts we finally obtain the following expression: 


Mp, (£) = ght. .-+HPpp tet. Sal), re log“ z, 
rosy 


Pgs 


where the coefficients af), can be expressed linearly in terms of 
the aft) . p, and will contain no other arbitrary constants except the constants 
: i 
in af 

aoe Py 


If, however, Pı + ... +P, +%+1=0 then 


ahit.. ++ ary, — 1. 
T 


and we have 


» av) 


(0) Spy... nti, Stu) u 
Mp, -Pyp () = Ghi.. bt 2, = aa log’ ** z = 2 abi- -Pya log” x 
where aW) p, is a new arbitrary constant. We have thus shown that it is 


possible to determine the constants so that formula (330) holds. It also 
follows directly from the above that the arbitrariness of the coefficients is due to 
the arbitrary choice of the coefficient of) p, When pi +... +p, +7=0. 
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We shall now write down relationships which make it possible to evaluate 
the al) p, Successively. When » = 1 our earlier calculations give: 


——— when 140, 0 when p, +10, 
af) = p +l P+1F al) — 
: l when p +1=0. 
arbitrary when p, +1=0, 


It also follows from the definition of M, p, (x) that : 


d 
dr Mp,...p, (z) = Mp,..-p,_, (ax) 2P» 


and from (330) 


(Pit. HPH Sof. p, logtz+ 3 pal) p logie = 
p= 


u= 
ES) 
= 3 of. .py_, log” T, 
p~ 


whence 
(Pit -e Hpo t+») ap. p, =0, 


(Pi + ee H Po tr) OB op, + (H + Wap ty, = Oey, 


(wu =v—l1, »— 2, ..., 1, 0). 


Consider first the case when p, + ... + p, + » #0. We then have: 
1 
Y= af p, — (+1) abit), |. 


al’) =O: a pany 
cha Pe Py De ee FD HY 


The successive application of this latter formula when u = v — 1, v — 2, ... 


gives: 
af? 1 a?—) 
OP Po pF eee F pe Fy PE Po 


ag- 1 [egra = deat af) |: 


le Te ees Cr Fy PP 


and, in general 


(uy 1 (u) Z +1 (+1) 
a= p Fo FPF” [n Pde Fp Fr PPa t 





— FN +2) uray _ 
a (Pit... +p,+7)? ahi.. -Ppa T e E 
(= 17e AH. = aen | : 
(Py +... +py+)" 4 Pi Pos 


When p, + ... + p, + » = 0 the above formula gives: 


af *1) 1 9 _ 
Py Gd apy. Py, (u =0, 1,..., »— 1), 
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and a) p, Temains arbitrary. Summarising all that has been said above we 
obtain the following formulae for the determination of the coefficients a: 
al) — l e lion pı +1#0 
Pı +1 
a l 0 when p, +10 
spi= l1 when p,+1=0 


ay). p, = 0 (pi +--+ py +r £0) 





O ee [e 
CP = DF wes py FY | PeP 


etl ott) 
Pite + Py ty Pe Pon 


(2+ 1) (u +2) (+2) 








+ (Pı +- +p,+r)? api.. Pya sÈ 
pipa (u+ 1)... (— 1) ee (331) 
(Pi +.. -+ p, +9)” 47! Ls -Ppa 


(u=v— 1l, v—2,..., 1,0; p+... +P, +r #0), 


(+) — qt» 
apr.. Py = Fp,..-Py, 


(u=v,v—1,...,2, 1; p+... t+ p,+rv=0O). 


To find an expression for the functions LZ,» (b; x) in terms of M,,  » (x) 
certain new functions Mi > -Ps (x) have to be troduced which can be determined 
as single-valued functions with the aid of the following successive equations: 


Mp, (2) = — Mp, (2), 
CE (332) 
p, (2) == Mpr--Py (x) Moy Py (z). 
p=0 
In the above sum in the term corresponding to p = 0 the factor M5, s -Pu (x) 
becomes devoid of meaning when u =0 and must be replaced by ‘unity. 
We will now show that 


Ld 
Lpy...p, (0s 2)= X Mp,...p, (6) Mp, ,.--p, (2) (333) 
u=0 
where, when u = 0, the first factor is replaced by unity and when g = v 
the second factor must be replaced by unity. 
When v = 1 this formula is self-explanatory since we have from the evalua- 
tion of our functions: 


Lp, (b; 2) = My, (2) — Mp, (b) = Mp, (2) + Mp, (b). 


To prove the validity of the formula (333) for every v we shall prove that if 
it is true for v then it is true for » + 1. 
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On supposing that formula (333) is valid for all L}... 
we have: 


Lp. 


pa (2) when å < », 


x 
Pa% T) = Jnn (b ; x) avn dz = 


X +» 
= | Z, Mapy ©) Monor (Puida. 
ie 


But from the definition of M, p (2)? 


j Mpix- -Py (2) Pon dz = Mp, a-p ©) — Mpu pr -Popa È) 


and consequently: 


Lan... Dogg Ci D= S Mpy O Mp, od, Mogi Po ©» 


+ Poss “Puss 


or, bearing in mind the usual condition for border terms in the above sums 
and also (332) we can write: 


vty 
Lp,...7,, (03 %) = 2, Moy...7 (0) Moy y...Pyys (®)» 


i.o. formula (333) appears to be valid for yy... Pp (03 T) also and we can 
therefore say that this formula will also hold in the general case. It follows 
directly from (332) that M; Si «py 2) has the same form as Mp «Pp (x) but that 
coefficients are different 


Mpy....p, (2) = Dt +P 2 ap”) p, log” z. (334) 
=o 


To simplify the construction of the relationships which permit the evaluation 
of the coefficients ay), , we shall prove the validity of the following formulae 
for M5, pipe 

x x 
Mp (2) =— f zdz; Mp,...p, (2) = — J a”! Mp,...p, (z) dx. (335) 


The constants of integration are, in this case, be so chosen that the 
formulae (334) holds. This will, as before, determine the apy”) Py when 
Pı +... +P, +» #0. We shall consider below the choice of a, sy py When 
prt... +p,+ r = 0. When » = 1 we have: 


d 


d 
Pr Mp, (x) = —— Mp, (2) = — xP 


dz 
and, consequently: 
x 
Mj, (x) = -f z’ dr. 
Let us now suppose that the equation 


d 


ap Min... (£) = — 2”! Mpa.. .p, (2) (336) 
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holds for À < » —1. We willnow show that it is also valid when 4 = v. We have 
from (332): 

d v1 d 
T My,...2, (r7)=— ¥ [ Mrpese--t (x) da Mpy...p, (2) + 


= 
Mọ d 
+ MB.ry (E) ee Moy. --ty (| 
or from (336) and the definition of My,..., (x): 
d * Py "ot at 
dg Mrr, (z) =a > Moy... (x) Mp, ,,.-.Py() = 


u=1 
7—1 à 
= 2 VPP (2) Mpp Py, (P) 2P. 
ja 
But according to (332): 


»—1 
p> Mp,...Py (z) Moy Po (x) =0 


and 
v—l 
Z Mb. .Py (2) Moy ay -ty (©) = — Mir..n, (2) 
p= 
and therefore 
d 
dz Mh...py (z) EE gP Mpy...p, (x), 


which we wanted to prove. Using the formulae (335) we can introduce relation- 


ships for apt”) , analogous with those deduced above for af), . The proof will 
be exactly the same and we shall only give the final result: 





1 
ax) — — reer when p +10 
qt) 0 when p, +10 
Ri 1 when p,+1=0 


an” p= 0 (+--+ + Py +? #0) 


a —1 [a5 _ +1 CERY) 
PeP pite tpo Le pHo p a 


(u + 1) (u + 2) Saas 
k (pi +... +P, +”) ap3...p, te + 


+ 








E S E agh] (337) 


(Py +... + py rye? P2---Py 
(4 =v — l, y—2,..., 1,0; Pt see +p,+%<0); 


* 1 = 
app, te a ag 1) 


(u=, »—l,..., 2, 1; p,4+.-..+p7,+¥=09). 
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From these relationships all the a*, except a5) p, can be determined, when 
pt... +p, +»=0. As a result of the dangle: -valued determination of 
M;, h -Py `æ) from the formulae (332), these latter coefficients can also be 
expressed in a definite way in terms of the known coefficients a and a*. To 
find these expressions we replace M,, _, (x) by M},...p, (2) in formula (332) 
using their expressions in the formulae (330) and (334). After substitution in 
both sides of the equations we obtain polynomials in log 2: 


2 af) a logs z= — oy 3 ax) Py log’ 2) (= OP a .p, logs 2). 
=o 


Bao \s=0 s=0 


Comparing terms which do not contain log v in this formula we obtain the 
relationship 


z 0 o 
2 az) Py ay)... p,=0 (338) 


or, separating the first and last terms: 


af, Py F = Taw, Pu appa -Pp + Op ap). py = 9. (339) 


These latter relationships enable us to determine the ap, p, When 
Mt... +p, +r=0. 

Lastly, if we replace Mp...p, (7) and M; P, (x) in the expression (333) 
by their expressions from (330) and (334), then” we obtain a definite expression 
for the coefficients of the series (329): 


Lp, 7 (b; 2) = . phat... +tPu FA gp Pott ...+Pyte—# x 
y=0 


x = ap) Pu log? b > raft p108“ 2. 


Introducing these expressions into the formula (326) we obtain the final 
expression for the solution: 


Y (b; z) = 
=I + x 5 Tr, E pPit...tPutE ppu+tit... +tPrtr—H y 
»=l Pi... P, =—s P izo 
v—, 
x 3 an?) Py log’b S do plog" x. (340) 
k=0 


From the above considerations we arrive at to the following theorem. 
THEOREM. The solution of the system (325), which becomes a unit matris 
when x = b, can be determined for every analytic continuation with respect to 
x and for any matrix Tp given in the form of the series (337); the coefficients a 
are determined from the relationships (331) and when pi +... +p, + 7=0, 
a?) pp remain arbitrary. The coefficients a* are determined from the relation- 
ships (337) and (338). 
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Formula (340) determines the use of the method of successive approximations 
in its application to the system (316). 

By describing a circuit round z = 0 the solution Y(b; x) is multiplied on 
the left by a constant matrix V. It is net difficult to obtain a formula for the 
any positive integral power V™. If m is an integer, either positive or negative, 
we can obtain V” if we take the value of Y(b; x) at the point x = b, obtained 
as a result of completing a circuit round the point x = 0, | m | times in the posi- 
tive direction when m > 0, and in the negative direction when m < 0. After 
completing this circuit the initial value of log x becomes log x + 2mmi and 
we have: 


© t š ? H Fi 
v™=I+ > X Tp- Tp, Bt Pvt” SS ap” p, log*b x 
»=1 Pr.. Py =—S p=0 A=0 
v—u E 
x 2 Op) aP (log b + 2mni)". (341) 
=0 


The value of log b in the inside sum is the same as log b in the outside sum 
and the coefficients in the above power series are polynomials in log b. It can 
be shown, but we will not do so here, that the coefficients of all terms con- 
taining log b will cancel each other, so that instead of formula (341) we can 
use the simpler formula 


w v * o 
v"=I+ > S Tpm Dp, tett yy aO p, X 
r=] Dj,...,.Py=—s u=-0 
"Ss aO ik 2 
x 2 appir opp (2AM). (342) 
=0 


Let us now return to the fundamental expansion (340). It can readily be 
seen that the series on the right-hand side can be formally obtained as a product 
of two series, viz. it can be represented as a product of two power series of 
matrices as follows: 


Gi t 7 
[HS $ tne ty, wht F afl, 10gb) x 
P=) Pi.» Py =—S p=0 
x [2 + > > Tp . Ug ah ict hgh > af», log“ z| 2 (343) 
YH Pu- -Py =—S imo 


The first factor does not contain z and is a constant matrix. If we cancel 
this factor, in other words, if we multiply the product (343) on the left by 
a constant matrix, which is the reciprocal of the First factor, then we are left as 
a result with the series: 


© t v 
1+5 S Tp- Dpat tt” N a, p log" x (344) 


vel pi... =S eo 
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which should also be a solution of the system (325). The above considerationg 
are only formal in character but it can be proved that the series (344) does, 
in fact, converge and give a solution of the system when the matrices T, are 
close to zero. This solution (344) no longer depends on the choice of the point 
b at which we approximated the solution to a unit matrix. We are not going 
to investigate in greater detail the solution given by the series (344). A detailed 
investigation of the system (325) can be found in the original works of I. A. 
Lappo-Danilevski. 


128. Expansions into uniformly convergent series. The series constructed 
above were uniformly convergent in a closed domain without singularities, 
In the neighbourhood of a regular singularity, after the isolation of this sin- 
gularity, we obtained a Taylor’s series, which converged uniformly in the neigh- 
bourhood of the singularity. We shall now describe the construction of series 
which converge uniformly on the real axis in the neighbourhood of an irregular 
singularity which we place at infinity. This leads us to a consideration of the 
asymptotic representation. Let us consider a system of two equations of the 
first order of the form: 


dY z T, , T 
T =YT =Y (m+ ate), (345) 


where Tp are constant matrices. When T, = 0, then z = œ is a regular sin- 
gularity. Assuming that Y—Y, S, where S is a constant matrix, we obtain a 
similar system for Y,, but the coefficients will be T; = ST, S-! and we can 
choose S so that the matrix T; is given in canonical form. We shall assume 
in what follows that in the system (345) the matrix 7’, is already in the canoni- 
cal form. Let us consider the case when 7, has a purely diagonal form: 
To = [€ @,], and the real parts of a, and a, are different. Without loss of 
generality we can assume that 


Ria) > R (az), (346) 


where 2(z) is the symbol of the real part of the complex number z. 
Let us now introduce the elements ¢;, of the matrix T: 


= 1 1 : 
ty =a; + ZP tik = Ses (i #k) (347) 
s=1 
and assume that 
T=P,+P, (348) 
where P, is the diagonal matrix: 
P, =[a +2 , ap +e) =|: (349) 


The elements P;, of the matrix P are: 


= 1 
Py = Py are G#); Py= X PR (350) 


S 
s=2 
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We replace Y by a new unknown matrix Z according to the formula 


Y= RG dX a claxt tp tog x—ay, ayx-+ iff log x— a] z. (351) 
On substituting in (345) we obtain an equation for Z: 
= = ZP, — PZ + ZP, (352) 
or, introducing the parameter 4, we have: 
a = ZP, — PZ + 42P. (353) 


We shall try to find a solution of this equation in the form of the series 


Z= X Zmd. (354) 


Substituting in (353) we obtain: 





2 = ZmPo — Pom + Zm-:P (m= 1,2, 3,...), (355) 
or, for the elements 2(7) of the matrix Zm: 
(m) 1 1 2 
Se = ote tthkeste aff) oae+P wera; AP) 4. D af) Py, (356) 


and it can be assumed that Z, = 1. The above equation can easily be solved and, 
ag a result, a formula for the successive evaluation of the zim) will be obtained: 


3 — 
zim) — ota fora 3! zp- Py dz, (357) 
Sml 
where 
Tik = (a; — ap) 2 + (PIP — PR) log s = aya + By log x. (358) 


In formula (357) the interval of integration is (z),z) when i > k, and (œ, z) 
when i < k, where z, is a sufficiently large real value of z, and z > x). We 
assume, in any case, that z, > 1. For the elements z, of the matrix Z, which 
must satisfy the equation (352), we obtain the series: 


z= ek (G#k), 
ime (359) 


zy=1+ X 2h. 
mel 


If we can prove the uniform convergence of these series in the infinite interval 
o < £ < œ, then it follows from the formulae (357), that the series composed 
of the derivatives: 

S df 


mal dg 


(i, k=1, 2), 
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converge uniformly in every finite part of the above interval and that the matrix 
Z satisfies the equation (352) while the matrix Y, given by the formula (351), 
satisfies the equation (345). 

We shall now prove the uniform convergence of the series (350). It fol- 
lows from (350) that: 


a a a 
Pil <= GAR; |pul< sz (360) 


where a is a positive constant. Also, using the rule of |’Hépital it is easy 
to obtain the inequalities 


-r a a 
e e fea Ž dr <5 > qik< +: (361) 
where rj, is the real part of r;, and a, is a positive constant. In these formulae 
and in the formulae below, the integrals should be understood in the same 
sense as above. Notice that as x, increases the value of the constant a, re- 
mains unaltered. 
We have from (355) and the fact that Z, = 1: 
aP = o'a f e'a pgds (+k); 2) =f pude, (362) 
and from (360) and (361) we obtain: 
[Wi < en; PIE (363) 
Also from (355), (363) and the condition z > z, > 1: 


| 242) | < on [ 2% dz < Z oe fatas < 2m a ; 
g T, T 


3 To T 


P| < f2 Shar < 2a, 


e wre f orit g Se La), a 
| zi) | < 2a, fe 2 = dz < z a 





[29 < [3 P lpalae < f (5 S420, St) ae, 


s=1 
whence 
[| < Govt. a, 
Ti T 
Further inequalities are of the form: 

( (2a,)?°"~? (2m) (2a,)™" „a 

Ca slew |< om} a’ 
(2a) a ( (22,)2" a, ‘ x 

Jag | < = St; | 22"*9)| < z7 = (364) 
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They can readily be proved, as above, by induction from 2m to (2m -+- 1) and 
from (2m + 1) to (2m + 2). 
It follows from these inequalities that if we take x, > (2a,)? then the series 


z | 
m=0 


will converge uniformly in the infinite interval x <x < œ, when either 1#k 
ort =k. 

Hence, bearing in mind the formula (351), we obtain the following solution 
for the system (345): 


(1) 
Yip = 0 a! ziy (i, k = 2), (365) 


where, as always, 2 is the number of the solution and k denotes the number of 
the function. It follows from the formula (359) and the inequalities (364) that 


ENS l 7 
ee (=) G4; zy=l+0 (=) (366) 
and, from (346), this shows that the solutions (365) are linearly independent. 


When substituting the expansions (360) in the integral (357) we obtain the 
following integral: 


x x 
XB log x f eax th log x dz and ett log x f etx FB log x dz (367) 
: z" J 2" 
9 


where Q(a)> 0 and n > 1l. 

Integrating by parts and assuming that eflogx— gfu we can write the 
asymptotic expansion of these integrals in powers of 1/z. 

Using the expansions (350), the expansions of the integrals (367) into asymp- 
totic series and calculating the upper bounds of the firstand last terms of the ex- 
pensions by evaluating the inequalities (364) more accurately, we obtain the 
asymptotic expansion of zi in powers of 1/z; this, according to (365), will give 
us the asymptotic expansions of y,,. Let us separate the first terms in the 
asymptotio expansions of zig: 

We have from (362): 


o l i 1 ip Wp Eik 
zP — 71t xbw nex | goaxtfa log x ( = + E + se) dz (<k), 
Xe 


x 


ip @ ; 
2p = omext haloes | ete x— Bux log x L + aa ae su) dz (é > k) ; 


æ 


x 


(2) (a) 
t t £ 
zip If a t z5 i u ) dr, 


æ 


490 LINEAR DIFFERENTIAL EQUATIONS [128 


where ¢;, and ep — 0 as x œ. Integrating by parts we obtain from this: 


zi) = = ap Sik oie al + 


r zi ay (fke-> 0 as to; t, k= 1, 2). (368) 


Substituting these expressions in the formulae (357) when m = 2 we have: 


+ 


x T? z? 





2) = o7% x—Pi log ‘eats log x s = al?) P e) 
s=] 
(4) (3) 
57 i? e) 
x (se +- ae | t 


When ¿Æ k this gives the asymptotic representations 








Ap = Pu oes clk of,» 0 (as ao) (i # k). (369) 
Also 
from which it follows that 
pa hy + oip + fu, (370) 
From (369) and (370) we have the inequalities: 
[P| < 2 ; [el < = (b is a constant). (371) 
From this, (360) and the condition z > zx, > 1 we obtain: 
[2 | > 2ab o "a f oft Sas, 
12| < 2ab | dr. 
Ineqalities, analogous with (361), can readily be obtained: 
oe Je ra zdr <2 +; fia < a (b, being a constant) , 


from which we obtain the inequalities: 


lP] <abbr B= 1,2). 
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Substituting this in the formule (357) when m = 4 and bearing in mind that 
z> z> l we have: 


2 + , 
| 242 | Pica e~a fo oa —~ dz < ab -— (2by)" aoe 
To To r 


| zP l < mefa < ab (2b,)*+ = A 


Continuing in this way we obtain the general inequalities: 


| 22" | cap LA jajaa A 


sm-1 met ama x? 


(2m+1) (2b,°""* 1 3 (am+1) (2b,)?"—* De. 
|2% [abe age | 28 Lobe z 
from which it follows that: 


[| + Laem? | < ab PH a 4 28) 3 
(371,) 


ee 


| 2(2™| + | 2fgm*2) <ab L + 2) 


Using the series (359) and the formulae (368), (370) and (371) we obtain: 


i) f 0) 
TEE ipti et +, (372) 


where nand n; — 0 as z— œ. Substituting in (365) we obtain the asymp- 
totic expansion for yip- In the same way as before it is possible to separate 
the following terms in the asymptotic expansion z;. The above method with- 
out modifications can also be applied to a system of n equations provided 
that the real parts of the characteristic zeros of the matrix T, are different. 

Let us now assume that the numbers a, and a, which form part of the 
diagonal matrix T, = [a,,@,], have the same real part a. Replacing Y by a 
new unknown matrix Y, = e% Y we obtain an equation for Y in the form 
(345) in which T, is the diagonal matrix [a,t, a,i] with purely imaginary terms 
on the main diagonal. We will suppose that the equation (345) already has this 
property. If, at the same time, the matrix T, is equal to zero, then without 
making any modifications, we can use the above method to obtain a uniformly 
convergent series and the asymptotic representation. When T, = [a, a], then 
the substitution Y, = e`% y gives a system with a regular singularity at 
infinity. 

Let us apply the results we have obtained to a linear differential equation 
of the form: 


vt(o+ t+ SH. Ju + (b+ +i +...Jy=0. (373) 
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The usual separation of the functions y, = y and y, = y’ gives a system in 
which 

0, — bo 
T= 














1, — a, 
and the characteristic equation of this matrix has the form: 
A2? +a +b = 0. (374) 


When the real parts of the zeros of this equation are different we can use 
the above method for the construction of the series. This method of successive 
approximations was first worked out by N. P. Erugin in his paper Transform- 
able Systems (1946). 

In the works of V.V. Khoroshilov (Proc. Acad. Sci. SSSR., 1949) it was 
worked out for this case when the real parts of the zeros of the characteristic 
equation for the matrix T, were different. 


CHAPTER VI 


SPECIAL FUNCTIONS 


§ 1. Spherical functions 


129. The determination of spherical functions. In this chapter we 
shall study certain special classes of functions which are met with in 
the solution of equations in mathematical physics. All these 
functions are usually determined as solutions of certain linear equations 
with variable coefficients. For example, in problems connected with 
the vibration of a cord we met trigonometric functions and in problems 
connected with the vibration of a round membrane we met the Bessel 
functions. 

We shall begin with the study of the so called spherical functions 
which are closely connected with the Laplace equation. We have 
already encountered this equation. In the Cartesian system of coor- 
dinates it has the form: 

ZU 
AU = a Oy? ie a 

We shall seek a solution of this equation in the form of homogeneous 
polynomials in the variables z, y and z. 

Let us consider the simpler cases. The only homogeneous polynomial 
of zero degree is an arbitrary constant a which evidently satisfies 
the equation (1). The general form of homogeneous polynomials of 
the first degree will be: 

U, =az + by + cz. 

This polynomial also satisfies the equation (1) for every choice of 
the coefficients a, b and c. In other words, we have here three linearly- 
independent solutions of the equation (1), viz. z, y and z and their 
linear combination with arbitrary constant coefficients gives a 
general solution of the equation (1) in the form of a homogeneous 
polynomial of the first degree. Consider a homogeneous polynomial 
of the second degree 


U, = ax? + by? + c2? + day + eyz + fax. 


493 


=0. (1) 
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Substituting in the equation (1) we obtain a relationship for the 
coefficients, viz. a + b + c = 0. We can, for example, put 
c = —a— b and, consequently, the general form of homogeneous 
polynomials of the second degree, which satisfy the equation (1), 
will be 

U, =a (x? — 2) + b (y? — 2) + dzy + eyz + fzx. 


Here we have five linearly-independent solutions of the equation: 
viz. 2? — 2, Y — 27, zy, yz and zx and the linear combination of 
these solutions with arbitrary constant coefficients gives the general 
solution of the equation in the form of a homogeneous polynomial 
of the second degree. 

Let us consider a homogeneous polynomial of the third degree: 


U = ax? + by + c2 + dz?y + ex®z + fy + gy?z + heat key + læyz. 
Substituting in equation (1) we have: 
6 (ax + by + cz) + 2dy + 2ez + 2fx + 2gx + BZha + 2ky = 0. 
Equating to zero the coefficients of z, y, z we obtain three equations 
which connect these coefficients: 
F 1 
Sat f+h=0 a=—5(+h), 
3b+d+k=0 or b=—T(d+h), 
1 
3c+e+g=0 c=— 5 (e +g), 


so that the general solution of the equation (1) in the form of a poly- 
nomial of the third degree will be 


U, =d (xy — 42°) +e(2%— 2) +1(yx— 2) + 
+9 (y2-+) +h(2e— 25) + k (2 —~zy) + læyz. 


In this case we have seven linearly-independent solutions for the 
equation. 

We will now show that, in general, there are (2n + 1) linearly- 
independent homogeneous polynomials of the n-th degree which satisfy 
the equation (1). We shall now count the number of coefficients in 
a homogeneous polynomial and the number of equations which 
they must satisfy. A homogeneous polynomial of the nth degree 
in two variables 

ag" + ax" y+... + a,y" 
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has (n + 1) coefficients. A homogeneous polynomial of the nth 
degree in three variables can be written in the form: 


ag" + p (z, Y) H... + Pr (2, Y) Z + Gn (2 Y)» (2) 


where p(z, y) are homogeneous polynomials of degree k. Consequently 
the total number of coefficients in the homogeneous polynomial (2) 
will be: 

1424...$¢n4(n$1p= SEVP? | 


Substituting the polynomial (2) in the left-hand side of the equa- 
tion (1) we obtain a homogeneous polynomial of degree (n — 2) 
which has, in all, (n—1) n/2terms.In this way (n + 1) (n + 2)/2 
coefficients of the polynomial (2) will be connected by (n — 1) n/2 
homogeneous equations. If these equations are independent then the 
number of arbitrary coefficients will be: 


(et ot?) ms vais =2n +1, 


which is what we had to prove. It is still not quite clear whether the 
above equations will, in fact, be independent. We shall therefore give 
another complete proof of the above proposition. We can write the 
polynomial (2) as follows: 
Ue > apgr P YTZ, 
Pt+qtr=an 


1 OptatrU, | (3) 


where a = — 
pI pigtrt aa? dy? az 


Equation (1) can be rewritten in the form 
&U &U &U 


oz? Oa? oy? 


By using this equation we can eliminate in the expressions (3) any 
differentiation with respect to the variable z higher than the first 
order; we can therefore write: 


wU a (eu , æU 
onn ene (or tar) = 
= git (80 4, BU) 4 gH (OU UY 
— ðr? dy \ Oa? Oy? Ox dy? | dy? Qa? J 
dU "U aU 


z 3x5 Oy + 3z? Jy? + Ox dys i 


In this way only those coefficients a,,, remain arbitrary which 
either cannot be differentiated with respect to z or which can only be 
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differentiated once. These coefficients are as follows: Qpqy (P + q = n) 
OF apq (P + q = n — 1) and their total number is equal to (2n + 1), 
which is what we had to prove. 


130. The definite expression for spherical functions. We shall now 
establish the definite expression for homogeneous polynomials men- 
tioned in the previous section. Introducing spherical coordinates 
we have 


z=rsinOcosp; y=rsin@sing; z=rcosé. (4) 


In this case a harmonic homogeneous polynomial of the nth degree 
can be represented in the form 


U,, (x, y, z) =r" Y (0, 9)- (5) 


This polynomial, which is a solution of the equation (1), is usually 
known as a volume spherical function and the factor Y,(6, p), which 
is a polynomial in cos 6, sin 6, cos ọ and sing, is known as a sur- 
face spherical function or simply as a spherical function of order n. 
It is our aim to find (2n + 1) linearly-independent spherical 
functions. 

We begin by observing one simple fact about the solution of the 
equation (1). Let us write the following integral which depends on 
the parameters x, y and z: 


U (2, y, 2) = f f+ teoost + tysint, t) dt, (6) 


where we assume that above integral can be differentiated under 
the integral sign with respect to x, y and z. After differentiation we 
can readily see that the function U(z, y, z) satisfies the equation (1) 
for every choice of the function f(z, t) as long as the above differentia- 
tion is permissible. In fact: 


AU (a, y, 2) = f (1 — cos? t — sin? t) f” (z + iz cost + iy sint, t)dt, 


where by /”(z, t) we denote the second derivative of f(t, t) with respect 
to t. Notice that this argument is a complex quantity. Subsequently 
by using formula (6), (2n + 1) homogeneous polynomials of the 
nth degree, which satisfy the equation (1), can readily be 
constructed. 
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They can be written as follows: 


f (2+ ixcost + iysint)"cosmidt (m=0, 1, 2,...,n), (7) 


f (2+ ixcost + tysin t)"sinmtdt (m=1, 2,...,n). (8) 
Introducing spherical coordinates into the integral (7) we obtain the 
following expression for the spherical functions: 


n 


f [cos 0 + isin 9 cos (t — ¢)]" cos mt dt = 


n-o 
= f (cos 0 + isin 6 cos y)” cos m (p + y) dy. 
Sar 
Bearing in mind the fact that the integrand on the right-hand side has 
a period of 27 with respect to y we can take any interval of integra- 
tion, 27 in length [II, 142]. Hence the above integral can be rewritten 
as follows: 


f (cos@ + isin 0 cos y)” cos m (p + y) dy. 


Expanding cos m(y + y) and bearing in mind that the function 
sin my is odd we can rewrite these spherical functions in the form: 


cos mp f (cos 0 + isin 0 cosy)” cosmydy (m =O, 1, 2,..., n). (9) 


-7 


Similarly integral (8) gives the following n spherical functions: 


sinmp f (cos0 + ¿sin ð cosy)” cosmydy (m= 1, 2,...,n). (10) 


-7 


The linear independence of all the (27 + 1) functions (9) and (10) 
is directly due to the fact that the dependence of these functions on 
ọ is due to the factors cos mọ and sin mọ; these functions cannot 
be linearly dependent for they are orthogonal in the interval (— x, +7) 
OHI, 142]. We have thus constructed all the (2n + 1) spherical func- 
tions of order n. The coefficients of cos mp and sin mọ in the expres- 
sions (9) and (10) are functions of 6. We can express them in terms 
of the Legendre polynomials. 
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We have the following expressions for the Legendre polynomial 
[102]: 

1 qd” 
n12" dr” 








P, (x) = [(x? — 1)"J. (11) 
Let us also introduce the functions P,,,,(x), which are expressed in 
terms of the Legendre polynomials as follows: 


= aZ dP, (2) ats d'tm = 
Fin OND tse ag eee (x? — 1)". (12) 
We can now introduce different expressions for P,(z) and P,,,,(z). 
According to Cauchy’s formula we can write 


1 pe" 
(a2 — 1)" a | ea dz, 


where C is a closed contour which is described in the counter-clockwise 
direction and which contains the point z = x. From this and from 
(11) we have: 





Pa = garg |“ Goa e (18) 


ani do (ea) 
Take as the contour C a circle, centre z = x and radius |g? — 1 |! 
(we assume that x4-+1). The variable z is given by the formula: 
1 
z= x + (2? — 1} e?,, 


where the choice of the value of (z? — 1)!” is immaterial and where 
it can be assumed that y varies from (—2) to (+2). Replacing the 
variables in the integral (13) we have: 


n 


n 1 1 
i i 
Pi =p [ {eae are fe tree] tay, 
=x 2 (z? — 1)? el? 


Performing elementary calculations and remembering that the 
integrand is an even function we have: 


Pa (2) = a f [z + (x? — 1)? cos y]" dy = 


= + [ [a + (2? — 1): cos y]" dy. (14) 
0 
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Let us carry out analogous calculations for P,,,,(z). In place of 
(13) we have: 


Pram (z) = 


antrai (z — z)" +m+1 


m 
(1—2?)8(n +1) C aa (2—1) ae: 
č 
and performing the above change of variables we obtain: 


2n 


Pam) = — gee Se eam) fi + (a? — 12 cos y]"e—™"dy, 


or, bearing in mind that sin m y is odd, 


Pa,m (œ) = 


7 1 
en p eC eee) | [x + (a? — 1)? cos y]” cos my dy. (15) 
If we put x = cos @ in either the integral (14) or (15) then the 
integrals which appear in the formulae (9) and (10) will be obtained. 
Bearing in mind that the constant factor of a harmonic polynomial 
or of a spherical function is irrelevant we arrive at the following 
conclusion: (2n + 1) spherical functions of the n-th order can be written 
in the form: 


P,,(cos6); Pp m(cos9)cosmp; P,, (cos 6) sin mp (16) 


(m= 1, 2,...,m), 


where P,(x) are Legendre polynomials as defined by the formula (11) 
and Pn,m(x) is given by the formula (12). Notice that the factor (1—2?)"/? 
becomes sin” 6 when z = cos 0. Multiplying the solutions (16) by 
arbitrary constants and adding we obtain the general form of a 
spherical function of the nth order: 


Y „ (0, p) =a 9P,, (cos 8) + > (am cos mp + bm sin mg) P,, ,, (cos 6). (17) 
m=1 


In place of trigonometric functions we could, by constructing linear 
combinations of the solutions (16), use exponential functions, so 
that instead of taking the spherical functions (16) of the nth order 
we would use the following system of spherical functions of the 
nth order: 


P,,(cos 6), Pym (cos) ei, Pam (cos 0) e? (m=1, 2,...,n). (18) 
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It follows from this construction that the general form of homogeneous 
polynomials of the nth order of the variables (x, y, z) which satisfy the 
Laplace equation, will be r” Y„(0, g), where Y„(0, p) is given by the 
formula (17). 


131. The orthogonal properties. We shall now prove the orthogonal 
properties of spherical functions (16) on a unit sphere and evaluate 
the integral of the square of these functions on the unit sphere. 
We begin by evaluating the integrals: 


1 
= f [Pa m (2)? de. 
ži 


From the definition of these functions we have: 


a” P, (x) d” Py 
= | Pan(altae= fa ap ERR PPA a, 


and when m= 0 we obtain the integral of the square of the Legendre 
polynomial: 


=f [Pn (2)]? dx. 


We have shown earlier [102] that 
1 
2 
= f [P æ] de= 3: (19) 
1 


At the end of this section we shall again give the procf of this 
formula but at present we shall evaluate the integral Im by using 
formula (19). 

Integrating by parts we can write: 


a” Pa (2) d7? Pa (e) 5H 
m 


Lin = (l = x2)" de api 


x=-1 





— jege 1 Pa(z) d as z2)" Ta de 


dx? da 
or 
1 
da™—! Pa (£) d om d” Py (x) 
In =~ |G" ap [a — «ym | dx (20) 
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But the function 
Pale) 1 qitm—t (g2 — 1)” 
O di Pn dz”řtm-1 








> 


as can readily be assertained by using the equation (84) from [102], 
satisfies the equation 





dt? P, (a) d™ P, (x) 
(1 — 2?) r TE SA a E 
+ (m+) (n—m + 1) Re 0. 
m-1 


Multiplying by (1 — x°)", we can rewrite it in the form: 


d a” Pa (2) m-1 4" * Pa (2) 
gju- gE) — (n+m) (n—=m+1\(1— z?) ne. 


m 
Substituting in formula (20) we have 


=(n + m)(n—m +1) ee a DA 
-1 
or 
Imn = (n +m) (n — m + 1)In- 

Pu this as a reduction formula, we obtain 
=(n+m)(n—=m + 1)(n+m-— 1)(n— m + 2)Im-3 =... = 
pa E E a = 
= (telly, 


— m)? 





=(n+m)(n+m—1)(rn+m—2)...n—m+)h= 


This, with (19), gives the following final expression for the integ- 
rals of the squares of the functions Pa m(2): 


1 
3 = 2 (n+ m)l 
| Pan 0] de = ar ET em ; (21) 





This result makes it possible to evaluate the integral of the 
square of a spherical function. The spherical functions Y,„(0, p) 
can be regarded as being given on the surface of a sphere of unit 
radius; 0 and ọ are the usual geographical coordinates of points on 
the surface: = const. are the meridians and @ = const. the parallels. 
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With this choice of coordinates an element of surface are, as is wel] 
known, is expressed by the following formula [II, 59]: 

do = sin ô d9 dọ. (22) 


We shall prove, first of all, that two different spherical functions 
Y,(0, gp) and Y,(9, p) of different orders, i.e. when p+ q, will be 
orthogonal on the surface s of a unit sphere, i.e. 


{ {Y (0, p) Y, 0, p)do = 0. (23) 


Let v be the volume of this sphere and s be its surface. Applying 
Green’s formula [II, 193] to the harmonic functions: 


U,=r?Y, (0,9) and U,=r¥,(8, 9) (24) 
we obtain 
aU, aU 
[J0 oge) f [Jew av,—0,a0,) 20 


where AU, = AU, = 0. 
In this case, differentiation along the normal coincides with dif- 
ferentiation along the radius r, so that the last formula and (24) give: 


SS [aY,(9 p) ¥,(8, p) — pY,(9, p) Y,(8, p)Jdo=0, 


from which formula (23) follows directly. 

We shall show that the spherical functions (16) which correspond 
to one and the same value of n, will also be orthogonal. In fact, 
integration over a unit sphere involves, among other things, integration 
with respect to ¢ in the interval (0, 2). But the functions (16) contain 
the following factors which depend on ọ: 


1, cosg, sing, cos29, sin 2p, ..., cosng, sinng, 


and the product of any two of these factors, when integrated over 
the interval (0, 22), is zero [II, 142]. It can be shown similarly that 
the functions (18) also form an orthogonal system. 

Lastly we can evaluate the integral of the square of each of the 
constructed functions. Let us consider the spherical function P,(cos 6) 
which does not depend on g, and construct the integral of its square 
on the surface of a unit sphere 


tid 


n 2 
§ f P2 (cos 6) sin 6 dé dg. 
00 
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On introducing the new variable of integration z= cos 6 and recall- 
ing formula (19) we have: 
n 27 


1 
| f Pè (cos 8) sin a9 ag = 2n f P2 (x) dz = TER ; 
00 i 
Similarly for other functions: 


n 2a 1 
f f [Pam (cos 0)]? sin? mg sin 6 d0 dp = 2 f [Pa m(x)]?dz. 
00 Ži 


The latter formula and (21) finally give: 


ff [Pn (cos 0)]? do = ==” 


2n +1’ 
ff [P n,m (cos 8) cos mp]? do = ae 





S 





(n+ m)! 
2n +1 (n— m)!’ 


: 2 (n+ m)! 
| | [Pam (cos 0) sin mg]? do = a mimi ` 
s 


(25) 


We shall use these formulae in future in connection with the 
expansion of an arbitrary function which is given on the surface of 
a sphere, in terms of spherical functions. 
We shall now prove formula (19). Using the definition (11) of the 
Legendre polynomials we can write: 
1 


_ 1 O [Le seta gy 
ties 2°" (nl)? Í dz" 


dz" 
Integrating by parts we have: 

l a"* (gt — 1)" a (a? — 1)" pat 

0. 27" (nl)? | dz”? dx" Wee 
1 
1 d'H (gt? a4 (gt 1)" 
2 (nl)? J an age 
-1 


The polynomial (x? — 1)" has the zeros z = 41 each of order 
n. Its derivative of order (n — 1) has the same zeros which, however, 


are only of order one [I, 186], and, consequently, the first term on the 
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right-hand side in the above equation is equal to zero. Continuing to 
integrate by parts we obtain: 


niin [eE g de, 





2?" (nt)? da™* 
But 
2n y7 
TEM -E e...) = (2n), 
therefore: 


1 
= (— 1y eS ee fa 
I, =(—1)" ars Je 1)" dz 

Introducing the new variable of integration ọ according to the 
formula x = cos p we obtain: 


jo CEDE? -2n f inet pdp = 


g2n 
nt s 


— (n+l) (n +2)... 2n .2 


n12?” 


sin2"+1 » dg, 


O wy 


and, using the formula (28) from [I, 100] we obtain the formula (19). 


132. The Legendre polynomials. We shall now study the Legendre 
polynomials in greater detail. Notice, first of all, that if we use 
the definition (11) and apply the Leibniz formula for a derivative 
of the nth order to the product (z? — 1)” = (z + 1)” (z — 1)" we obtain: 


d” (2 — 1)" nd(et+ 1)” d7! (s — 1)" 





Pia) =a et ea tet 
+ ety" , (a — "| $ 
dz” 
Bearing in mind that 
n n k a 
a" (ez — 1)" — n! and Beet =0 when k <N, 
dz” dz x=1 


we obtain directly from the previous formula: 


P,(1)=1. (26) 
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We shall now use a special method viz. the method of the domina- 
ting function, in the study of further properties of the Legendre 
polynomials. We shall also use this method in future in the study 
of other special functions. 

Place at the North pole N of a unit sphere a positive charge (+1) 
and let M be a variable point, the spherical coordinates of which 
are r, 0 and g. The Coulomb field created by this charge will have 
the following potential at the point M: 


1 1 
a V1 — 2r cos 6 +r? i 27) 
where d is the distance from the charge to the variable point M. 
The function (27) will be a regular function of the variable 7 at 
the point r = 0 and we can expand it in positive integral powers of r: 


= = a (8) +a, (6)r +a (6) 724 ..., (28) 


where the coefficients in this expansion are polynomials in cos @. 
We could calculate these coefficients exactly by applying to the 
function 


L 
d 


P.. 
2 


[1 + (r? — 2r cos 6)} 


Newton’s binomial expansion and by subsequently collecting together 
terms with equal powers of 7. However we shall approach the 
problem somewhat differently. 

The function (27) in the usual system of coordinates can be expressed 
as follows 


ZH t@ty+ 2-22) 


vin 


(29) 


We can obtain the series (28) if we apply Newton’s binomial ex- 
pansion to the function (29) and subsequently collect together, in 
the infinite series so obtained, all terms of equal value with respect 
to x, y and z, i.e. all terms of the series (28) which are homogeneous 
polynomials in z, y and z. As we know, the function I/d is a solution 
of the Laplace equation [II, 119] and consequently, the same can be 
said about the individual terms of the series (28) i.e. the terms of this 
series must be volume spherical functions. These functions do not 
depend on the angle » and, consequently, each term of this series 
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must appear in the form of a product c, Pn (cos 6), where c, is a 
constant which has to be found. We thus have: 
1 
VI — 2r cos 6 +r? 


If we take 0 = 0 we obtain, since P,(1) = 1: 


= co + cP} (cos 6) r + cP, (cos 8) r? +... 





1 2 
Top SS FO + ey? +... 


from which it follows that c,=1 for all n; we thus obtain the follow- 
ing final expansion of our elementary potential in powers of r: 


1 


Visser en Pa eos eae (30) 


On replacing cos 0 by z and r by z we can write: 


1 ao 

lo —_—— y P ns. 31 

V1 — 222 + z? =, n(x) z ( ) 

This formula can be used as a definition for the Legendre poly- 

nomials viz.: we can say that the Legendre polynomial P,(x) is the 
coefficient of 2” in the expansion of the function 


1 
Viti pe (82) 
in positive integral, powers of z. In other words, the function (32) is the 
dominating function of the Legendre polynomials. 

We shall now determine the radius of convergence of the power 
series (31). Values of z for which the expression under the radical 
vanishes will be the singularities of the function (32). Solving the 
corresponding quadratic equation we obtain the following zeros: 


zg=a+Vo?—Ll=2z+t)l—2%t. (33) 


Since x = cos 0 we can assume that z is real and that it lies in the 
interval —1 < % < +1. In this case the zeros (33) will be conjugate 
complex zeros and the square of the modulus of each zero will be: 


2? + (T7 = 1. 


When x = +1 the zeros (33) coincide and are both equal to +1. 
Thus when —1 < x < +1 the singularities of the function (32) will 
lie at a unit distance from the origin and, consequently, the series 
(31) will converge when |z| < 1. Thus the expansion (30) will be 
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valid when r < 1, i.e. for all points inside a unit sphere. For points 
outside a unit sphere we have another expansion. In fact, when r > 1, 
the function (27) can be rewritten as follows: 


1 
ja —2- cose + (=) l 


In this case l/r < 1, so we can apply the former expansion and 
we finally obtain the following formula for the potential (27) outside 
a unit sphere: 


pa 
V1 — 2r cos @ +r? 





al 
r 


1 S Pa (cos 8) 


pp ee r = 4 
V1 — 2rcos 6+ 7? = piri (34) 





No term of this sum has singularities outside the sphere and each 
term vanishes at infinity. 

Until now we have considered a sphere of unit radius. For a sphere 
of any radius & we have, by taking Æ? or r? outside the radical: 











1 = 7" 
(Rom Rese pe A (O88) per eR (85) 

= > P, (cos 6) = R). (36 
Poe ae PAo ea 


From formula (31) the fundamental properties of the Legendre 
polynomials can easily be deduced. Differentiating this formula with 
respect to z and multiplying subsequently by (1 — 2az-++ 2) we 


obtain 
r—z = 
e a 1l — 222 2 nP, (x) 22-1 
= + 2) È nP, (2) 


or 


(£ — 2) SP, (x) 2" = (1 — 2az +2) X nP, (2) 2. 
n=0 


n=1 


Comparing the coefficients of like powers of z we obtain a relation- 
ship for successive Legendre polynomials: 


(n +1) Pays (x) — (2n + 1) 2P, (2) + nP,_,(t)=0 (37) 
(n = 1, 2, 3,...) 
P (x) — «Py (zx) =0. 
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Similarly, differentiating formula (31) with respect to x and multiply. 
ing it subsequently by (1 — 2xz + 27) we have; 


Pa (x) = a (z) + Pans) 2x Sa i (38) 


or, substituting P,,,(z) from (37): 


dP dPr-s 
2 Sp) TE = aP, (2). (39) 


Eliminating x dP,(z) jdz from (38) and (39) we obtain: 


Pra) Prale) — (2n + 1) Pp (2). (40) 


This formula remains valid when n = Oif we assume that P_,(z) = 0. 
On supposing in formula (40) that the symbol n is equalto 0,1, ...,n 
in succession and adding we obtain the new relationship: 


Py (2) + BP, (2) +.. -+ (20 + 1) Pa (2) = Sa @ 4 MPa) (41) 


Let us write formula (40) replacing n by n — 2k + 1: 


OP an-2k+ APs 
M (7) _ Ma (2m — 4k Paa- 


Adding with respect to k from k= 1to k= N, where N=(1/2)n when 
n is even, and N=(1/2) (n + 1) when n is odd, we obtain the formula: 


oP (z) 





=> (2n — 4k +3) Pong (£). (42) 


It follows from formula (11) that P,(z) contains only even powers 
of x when n is even, and only odd powers of x when n is odd. Similarly, 
it also follows from this formula that: 


1-3...(2n—1) , 
2-4...2n ý 


Pa(— 1) =(— 1)". (43) 


Pan (0) = (— 1)" Pan41 (0) = 0 


Applying Newton’s binomial expansion we can write: 


1 1 1 


Yl — 2r cos 6 + r? yi — eir Yl—e-iér 


[8 13...2n PA 1-3.. Bai EoI 
aen ms 2-4.. Pe 


133] THE EXPANSION IN TERMS OF 8PHERICAL FUNCTIONS 509 


where, when n = 0 and m= 0, the terms of the series must be 
assumed to be equal to unity. Multiplying the series and comparing 
the coefficients of like powers of r we obtain the following expression 
for the Legendre polynomials: 


P „(cos 0) = a,a,, cos n6 + a,a,_, cos (n — 2)04...+ 


+ a,a, cosné, (44) 

where all the coefficients a, are positive and are given by the formulae. 
3...(2k —1 

a=1; a, = He D (k=1, r P E (45) 


From this it also follows that 
| Pa (C080) | < aga, + a1 an-1 + - - -+ 4,0 = Pa (1) = 1. (46) 


The formulae (37) make it possible to evaluate the Legendre poly- 
nomials successively. Let us write the first five of these polynomials: 


P (z)=1; P, (&@)=x; P,(x)= + (822 — 1); 
(47) 
Py (2) => (52° — 82); Py (a) = 4 (35! — 302? + 3). 


When f(x) is a certain function given in the interval (—1, +1), 
the question of representing it by a series of Legendre polynomials 
arises 

f (x) = a + aP, (x) + aP: (x) +... (48) 

Using the fact that P,(x) is orthogonal and also the formula (19) 
we can see, as in the theory of trigonometric series, that the coeffici- 
ents a, are given by the formulae 


a, +> fi (2) P, (2) de. (49) 


It can be shown that for this choice of coefficients the series (48) 
converges in the interval (—1, +1) and that its sum is equal to f(x) 
provided this latter function satisfies certain very general. conditions. 


133. The expansion in terms of spherical functions. Any function 
given on the surface of a sphere of any radius, is a function with 
geographical coordinates 0 and p so that we can denote it by f(9, p). 
Let us suppose that it can be expanded in terms of spherical functions, 
i.e. that it can be represented on the sphere in the form of a series 
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analogous with the Fourier series: 


7(0, p) =a + > {af Pn (cos 0) + 
n=1 


+ > (a® cos mp + bW sin mg) P,, m(cos8)}. (50) 
m=1 


Using the property of orthogonality of spherical functions together 
with the formulae (25), we obtain the following expression for the 
coefficients of the series in the same way as for a Fourier series 


2 I)(n—m)! 
a) = “Taner Jf (8, p) Pn, m (cos 8) cos mg do , 


op = ara poyi) SAO p)P n,m (cos 8) sin mp do ea (61) 
(2) 


(ôm = 2 when m= 0 and 6,,=1 when m>0; Pro (x 


Speaking more strictly these considerations are ae ieee 
in the determination of the coefficients of the series (50). We must 
subsequently substitute the values of the coefficients obtained from 
the formulae (51) in the series (50) and prove that with certain assump- 
tions made with regard to the function f(0, p) this series will converge 
and its sum will be equal to /(6@, pọ). We shall prove this in the next 
section. 

As a preliminary we shall explain certain integral relationships 
which must be satisfied by spherical functions. Let Sp be the surface 
of a sphere of radius # and Y,„(0, pọ) — a spherical function of 
order: n. The function 


U,(M) = "Yn (0, p) 


is a harmonic function and we can apply Green’s formula [II, 193] 


to it: 
at 1 
aU, 1 
Ual m-aj a — Ura aas, (52) 


where d is the distance from the variable point M’ on the sphere Sp 
to the point M which lies inside the sphere, ds is an element of the 
surface area of the sphere and v is the direction of the outside normal 
to the sphere Sp so that, in this case, 0/av = 0/aR. We therefore 
have 





1 1 
d YR? — 2Rr cos y +r? 


? 
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and also from (36) 


1 = rk 
77 S Pilco y) oe (r< R), 
k=0 
s0 that 
ə (1 ə (1 = rk 
(a) = oR (a) = — Z (k + 1) Ph (cos y) ae 
and 


Up, E 
py Tr 1 Y„ (8, p). 


In these formulae y is the angle between the radii-vectors OM and 
OM’. Substituting all this in formula (52) and assuming that the radius 
R is unity we obtain: 


mY, (9, p) = Eff for, (r, gp) ÈP, (cos y) r* + 


+ Y, (6, p) > (k + 1) P;, (cos y) r| do, 
k=0 


where 6’ and p’ denote the geographical coordinates of the variable 
point JM’ on the unit sphere. Since r < 1, the above series converge 
uniformly with respect to 6’ and ọpọ’ and the Legendre polynomials 
satisfy the inequality (46). Integrating these series term by term we 
have 


o k 
mY, (O, p) = S f f k+ n 1) Fp 0, g) Px (cosy) de. 
k=0 S 


It follows directly from this sum that all its terms vanish except 
the term corresponding to k=n; this gives us the following integral 
formulae which are important in the applications of spherical func- 
tions: 


ff Y0, g) Pml(cosy)do=0 when m¥n. (53) 
s 


fS Zn, 9) P, (cosy) do = 5**_ Fn (0, 9). (54) 


We now introduce a formula which expresses cosy in terms of 
trigonometric functions of the angles 6, p, 6’ and g’. We draw for 
this purpose two radii OM” and OM’ of the unit sphere, the ends of 
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which have coordinates (0, p) and (6’, g’) respectively. The projectiong 
of these radii on the axes of coordinates will be: 


sin ĝ cos g, sinô sing, cos@ and sin 6’ cos¢’, sin 0’ sing’, cos6’, 


and the cosine of the angle between these two radii will be expressed 
as the sum of the products of these projections, i.e. we obtain the 
following formula for cos y: 


cos y = sin @ sin 0’ cos (p — g’) + cos 8 cos 0’. (55) 


Let us return to the series (50) again. If this series is uniformly 
convergent and its sum is equal to /(@, p) then we have the formulae 
(51) for its coefficients, in the same way as we did in the theory of 
trigonometric series. We can now unite into one term those terms 
of the series (50) which are spherical functions of any given order 
n, ie. put 


f (8,9) = ÈY. (8, p). (56) 


On replacing 6 and by 6’ and 9g’ in this expansion, multiplying 
by Pn (cos y) and integrating with respect to the variables 6’ and 9’ 
we have, from (53) and (54), the following formula for the terms of 
the series (56): 


Y,,(6, er es ') P, (cos y) do. (57) 





This formula gives the sum of those terms of the series (50) which 
stand under the symbol of summation with respect to n and which 
refer to the given value of n. 


Substituting the values of the coefficients (51) in a separate term of the sum 
(50) we have: 


_ & (n-m)! 2+1 
Yn) = Xp mi (n+ m)l 20,7 





eer) ne g’) cos mp’ Py m (cos 6’) do + 





+ sin mo | fi (0, p’) sin my’ Py m (cos 6’) hl Prim (cos 8) 
s 
or 


Ya (8, p) 


— l m’ ul (n— m)! 2n +1 , E 
SS e 3 eF öm Pym (cos 0’) Pn, m(cos 8) cos m (p’ — g) do. 


(58) 
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A comparison of the formulae (57) and (58) gives 


n — m)l 
[freon [Pa cosy — 3 -CR x 
S 


X Pam (cos 8’) Pym (cos 8) cos m (p° — p] de =0. (59) 


Strictly speaking we deduced this formula on the assumption that f(9, p) 
is the sum of the uniformly convergent series (50). In particular this formula 
will certainly be valid if the sum of the series (50) can be obtained in a finite 
form. Notice that the angle y is one of the geographical coordinates (latitude) if 
we take one of the points with geographical coordinates 6, p for the North pole. 
Hence r° P,,(cos y) is a homogeneous harmonic polynomial of the nth degree and, 
consequently, P,(cos y) is a spherical function of the nth order of the variables 
6’ and g’. We thus see that the square bracket in formula (59) is a finite sum 
of spherical functions and it is therefore correct to assume that f(6’, g’) is equal 
to this finite sum of spherical functions. Hence with this choice of functions 
we find that the integral of the square of the above square bracket is equal to 
zero and therefore the whole expression in the square bracket must also be 
equal to zero: 

P, (cos y) = 5 ee ele. p (cos 6’) Pn, m (cos 8) cos m (g — p) (60) 
n y= 2, mF mlp ™™ nm p p). 

This formula is usually known as the addition theorem for the Legendre poly 

nomials. 


134. Proof of convergence. We will now show that the arbitrary function 
f(8, p) which is given on the surface of a sphere and which satisfies certain 
conditions, can be expanded into the series (56) in terms of spherical functions. 

Bearing formula (57) in mind we obtain the following expression for the 
sum of the first (n + 1) terms of the series (156): 


S, = aa {fre p^) > (2k + 1) P; (cos y) de 
S 


Let us introduce new geometrical coordinates y and f, placing the North 
pole at a point with former geographical coordinates @ and g. At the same time 
the function /(6’, p’) will, in this new system of coordinates, become a new 
function F(y, f) and we have 

l n 27 n 
S= | [FO B) Š (2k + 1) Py (cosy) sin y dy d8. (61) 
0 o0 


We now introduce a new function ®(y) which is the mean value of the func- 
tions F(y, 8) on different parallels of the new system of coordinates 


1 27 
Oy) = r | P pap. (62) 
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We now introduce a new variable z = cos y and put 

® (y) = Y (2). (63) 

Integrating the formula (61) with respect to 8 we can rewrite it in the form 


= 5 [Oo È Ck +1) Py (c08y) sin y dy 
DT, 
or 
= Irog Z (2k +1) Py (x) de, 


i.o. from (41) 


-3]¥6 z) (Suo (z) +o Aae) de. 


We assume that the function f(8, p) is such that y(x) has a continuous deri- 
vative in the interval (—1, +1). Integrating by parts we have 


1 
Sn = y [Y 2) (Pan (E) + Po 0) KTE, — > | [Pars @)+ Pa (@)] P(e) de, 


x= a1 


or bearing in mind that 
Pa(Ql) = Pan Q)=135 Pa(—1) = — Pra (1) = (— 1)", 


we have 


1 
Sq =F (1) — 5 | [Pan (2) + Pr (2)] Y (2) de. (64) 
-1 


Let us now explain the meaning of the first term ¥(1) on the right-hand side. 
We have from (62) and (63) 


en 
W(1) = z fro 6) ap. (65) 
o 


But, when y = 0 and @ is arbitrary, this point is the North pole of the sphere 
or, which comes to the same thing, the point with the former geographical 
coordinates @ and g. In other words F(0, £) = f(8, p) does not depend on £ 


and formula (65) gives 
¥ (1) = f (8, 9). 


We can therefore rewrite the formula (61) in the form 


1 
1 
Sa= 1 (8, p) — y | [Pan (2) + Pa] Y (2) dz. (66) 
-1 
We have to prove that 
ine Sn =f (8, P), 
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i.e. we have to prove that the integral in the formula (66) tends to zero as 
n increases indefinitely. Let M be the maximum value of the continuous func- 
tion Y’(z) in the interval (—1, + 1). The modulus of the above integral will be 
gmaller than the following expression: 


1 1 
M M f 
F [Pas (a) [de + E | Pa) dr. 
-1 -1 
We therefore only have to show that the integral 


1 
f | Pa (a) | dx (67) 
-1 
tends to zero as n increases. Using Buniakowski’s inequality [III,, 29], we 
have: 


1 z 1 1 1 
[ S1Pa 1a] < f Pi(a) dz f 1? dz = 2 f P} (z) dr 
-1 -1 -1 -1 


or from (19): 
1 


fire las <- 
-1 


Vn pi’ 





from whence it follows that the integral (67) tends to zero as n — œ. 


The above method of proof of the expansion theorem in terms of 
spherical functions is taken from the book Differential Equations in 
Partial Derivatives in Mathematical Physics by Webster-Sage. The 
fact that an arbitrary function which satisfies the above general 
conditions [¥(x) has a continuous derivative] can be expanded in 
terms of spherical functions shows that spherical functions form a 
closed system [II, 155] on the surface of a unit sphere. The fact that 
this system is closed was first proved by A. M. Liapunov (1899). 


135. The connection between spherical functions and limit probl: ms, 
We will now show the connection between the theory of spherical 
functions and certain limit problems of differential equations. let us 
write the Laplace equation in spherical coordinates [II, 119]: 

G) 3U 1 əf, 0U 1 &U 
ir (Se) + a) + see pr =O (68) 

We will seek its solution in the form of a product of functions of r, 

and @ and » respectively: 


U =f i(r)Y (8. p). 
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Substituting in the equation (68) 
d F 1 ts] R ƏY (0, 
Y (0, p) S [Pr OLHO fos ir eino =| + 


1 2Y (8, p) 


sin? 0 Og? = 05 


+ 





on separating the variables this can be rewritten as follows 





d $ 1 ə (ƏY 1 Y 
‘dr [es o] 2 = sin @ 00 (5) + sin? 0 dg? . 
f(r) = Y 
The left-hand side contains only the variable 7, the right-hand side 
only 6 and and both sides will therefore be equal to one and the same 


constant. Denoting this constant by A we obtain two equations: 





r? f" (r) + 2rf’ (r) — Af (r (69) 
and 
4,Y+AY=0, (70) 
where, for the sake of briefness, we put 
að 1 @Y 
Ay Y= Se i lay (sino 3 =) a sinf dg? |: (71) 


The function f(r) we know already, viz. from (5) it should be equal 
to r" and therefore we will pay greater attention to equation (70). 
The function Y(6, 9), as we have seen above, is a trigonometric 
polynomial and, consequently, it must be finite and continuous 
on the whole sphere, i.e. for any choice of the angles 9 and ọ and, 
in particular, wheni 6 = 0 and @ = x and sin @ vanishes. We thus 
come to the followng limit problem: find values of the parameter A, 
for which the equation (70) has continuous solutions on the whole unit 
sphere and construct these solutions. The first part of the problem 
presents no difficulties for we know that f(r) is equal to r” and, sub- 
stituting this in the equation (69), we obtain an infinite number of 
solutions for the parameter 4 viz.: 


A,=n(n+1) (n=0, 1, 2,...). (72) 
At the same time the equation 


7? fh (r) + 2rfa (T) — n (n + 1) far) =0 (73) 


will have one solution f,(7) = r” and another solution f,(7) = r7"~’. 


Substituting A = n(n + 1) in the equation (70) we obtain an equation 
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for spherical functions: 


curler (sino 8) 4 Se | tat 1Y,=0. (74) 
In this case the individual value of 4, = n(n + 1) corresponds to 
(22 + 1) individual functions. These will be spherical functions of 
order n. Owing to the fact that spherical functions form a closed 
system on a unit sphere these functions give all the values of the 
individual functions in the equation (70). Substituting the expressions 
(16) in the equation (74) and putting x = cos 6 we obtain for Py (2) 
the following differential equation of the second order: 


g | — at) Pea) + (a, a) Pam (e) = 05 (78) 


when m= 0 an equation for the Legendre polynomials P,(z) is 
obtained. The individual values and the corresponding individual 
functions P,,»(z) solve the following limit problem. Find values of 
Àn for which the solution of the equation (75) remains finite in 
the interval —1 < x < +1 including its ends. Notice that at the 
singularities x = +1 the equation (75) has a determining equation 
ele — 1)+ e — m?/4 = 0 the zeros of which are g = +m/2. 

The solution which corresponds to the zero ọ = —m/2 becomes 
infinite at the corresponding singularity. 

The above problem involves the finding of those values 4, for 
which the solution corresponding to the zero @ = m/2 at the point 
x = —1 will still correspond to this zero at the point x = +1. 

The values A, = n(n + 1) give the solutions of this problem and 
the corresponding individual functions are determined from for- 
mula (12). 

The orthogonality of spherical functions is directly connected with 
the fact that these functions solve the above limit problem for the 
equation (70). Similarly the functions P,,,(z) are orthogonal on the 
line (—1, +1): 

1 
| Pom (®) Pa,m (x) dz = 0 when p #q. (76) 

-1 
This can be proved by using the equation (75) in exactly the same 
way as we did in [102] for the Legendre polynomials. Notice also one 
other fact connected with the theory of spherical functions. If we 
use the solution /,(7) = 7" of the equation (73) we obtain the solu- 
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tion 7” Y,(8, p) of the Laplace equation. This is a harmonic poly- 
nomial of the nth degree. If we use the second solution f,(7) = r "~? 
of the equation (73) we arrive at the following conclusion: the function 

Y „ (8, p) , 


pitt 


(77) 


where Y,(0, p) is a spherical function of order n, is a solution of the 
Laplace equation. This solution becomes infinite when 7 = 0 and it 
is obviously not a polynomial in z, y, z. 


136. The Dirichlet and Neumann problems. Spherical functions are 
used in problems of mathematical physics connected with the Laplace 
equation with reference to a sphere. As an example consider the 
Dirichlet and Neumann problems which we mentioned earlier [II, 192] 
in connection with a sphere. It is necessary to determine a harmonic 
function inside a sphere of radius R when its limit values are given 
on the surface of that sphere (the inside Dirichlet problem). We ex- 
pand the given limit values in terms of spherical functions: 


= SY, (69), (78) 
n=0 


and construct a new series by multiplying the nth term of the 
above series by (7/R)", where r is the distance of a variable point 
from the centre of the sphere: 


U (r, 0, p) = PRAGUE J” (r< R). (79) 


Bearing in mind that (1/R")¥ "(6,~) 7” is a harmonic polynomial we 
can see that the function (79) is harmonic inside the sphere and also 
that, when 7 = R, the series (79) becomes the series (78) so that this 
harmonic function satisfies the necessary limit conditions. 

Consider now the exterior Dirichlet problem, i.e. assume that it is 
necessary to determine a function, harmonic outside a sphere, which 
becomes zero at infinity [II, 192], from its limit values (78) on the 
surface of the sphere. Bearing in mind that Y,(6, p) r-"-1 are har- 
monic functions which have no singularities outside the sphere and 
which are zero at infinity we obtain the solution of the exterior 
Dirichlet problem in the form: 


U(r,8,9)= X Yn (0, p) (ŽV. (80) 
n=0 
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We shall now consider the interior Neumann problem. Suppose that 
it is necessary to determine a harmonic function U(r, 0, p) inside a 
sphere from the values of its normal derivative on the surface of the 
sphere 


w=t@,9) =R). (81) 


We know that the integral of the normal derivative of a harmonic 
function vanishes [II, 194]: 


i.e. the given function /(6,~) which appears in the condition (81) 
must be such that 
{ {F(0, p)do=0. (82) 
s 


On recalling the formula (57) which determined the spherical functions 
obtained in the expansion of f(6, p) and also that P, (cos y) is constant 
when 7 = 0, we can see that the condition (82) is equivalent to the 
fact that in the expansion of f(9, p) in terms of spherical functions 
all spherical functions of zero order are absent, We therefore have 


1(9,¢) = Èr. (9, p). (83) 


It can readily be seen that the solution of the Neumann problem 
will be given by the following formula: 


ve 


U(r,0,9)= S+¥ (6.9) per tO, (84) 


il 
- 


n 


where C is an arbitrary constant. 

In fact this series determines a harmonic function and differentiation 
along the normal coincides, in this case, with differentiation along the 
radius 7. It can easily be proved that, by differentiating the series 
(84) with respect to 7 and putting r= R, we can obtain the series (83), 
i.e. the limit condition (81) will be satisfied. In the case of the exterior 
Neumann problem the function f(@, p), which appears in the condition 
(81) will no longer satisfy the condition (82) and we have an ex- 
pansion of the general form (78) for it. It can readily be seen that 
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the solution of the exterior Neumann problem will be given in the 
form of the series 


=i 1 Rn+2 
U (r, 8, p) = — 2 nyi Y” (6, 9) ar (85) 


where we assume that the direction of the normal v coincides with 
the direction of the radius r. 


We will now consider one special case of the exterior Neumann problem. 
Let us suppose that a sphere of radius R moves in a limitless fluid resting at 
infinity with a velocity a directed along the Z axis. Take a system of coordina. 
tes with the origin as the centre of the sphere which moves with the sphere. In 
this case the normal component velocity of the fluid with the surface of the sphere 
will be given by the formula: 


az 
— =q cos ô. 
7 


If we suppose that the fluid is stationary and has a potential velocity, we 
have a problem in which the function U is to be found from the following 
conditions: (1) outside the sphere U must be a harmonic function, (2) at in- 
finity the component velocities, i.e. the derivatives of the function U with 
respect to the coordinates, must vanish and (3) on the surface of the sphere the 
function U must satisfy the condition 


ðU 
or = — a cos b. 
In this case f(8, p) = —a cos 0, or, remembering the expression for the 


Legendre polynomial we have 
Í (0, ¢) = — aP, (cos 0), 
i.e. the function f(8, g) is a spherical function of the first order. The solution 
of the problem will be given by the formula 
aR? 


“gr COS 0. 


a Ra 
U (r, 6, 9) = gP: (cos 0) = 


137. The potential of voluminous masses. Let us suppose there is a bounded 
volume V in space which is filled with a mass of density 0(J’). The potential 
of this distribution will be expressed by the treble integral 


U (M) = [f [5> av, (86) 
v 


where d is the distance from the variable point M’ of the volume V to the point 
M at which the value of the potential is being determined. Let O be the origin 
and we will introduce into our considerations the lengths of the radius-vectors 


r=|OM|, 7r’°=|OM’| 
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and the angle y made by these vectors. We now consider points M at a suffici- 
ently great distance so that the value ofr is greater than the maximum value of 
r’. For these points we have the following expansion [132]: 

1 1 < r” 

— = OS HM y P. cos —— 

d Yr? — 2rr’ cosy +r? 2 =) riti? 
which converges uniformly with respect to r’ since | P,(cos y)] < 1. Substituting 
this in the integral (86) we obtain the expansion of the potential U(M) in nega- 
tive integral powers of r: 


UM) = Se, (87) 
where 
Y, (8,9) = f S f o (M°) r” P, (cos y) dV. (88) 
Vv 


We will now determine the first three terms in the expansion (87). On re- 
calling the expression for the first three Legendre polynomials and also the 
self explanatory formula: 

ape. 
rr 


we can write 
wo’ + yy’ +22" 
T 


, 


P,(cosy)=1; 7’ P, (cosy) = 


, , 1)? — p’? 
r’? P, (cosy) = > AF ee 
T 
Substituting these in the formula (88) we have first of all 
Yo (9, vp) =SSfe(m)avam, 
Vv 
ie. the coefficient of l/r in the expansion (87) is equal to the total mass m 


of the volume V. We obtain further: 
Y, (8,9) = f f f o (M^) r P, (cos y) dV = 
V 


==[[feanvar+4 ff feanyav+=[ffeanear. 
v v 5 


The above integrals express the product of the mass m and the coordinates 
of the centre of gravity. We shall assume that the origin is so chosen as to coincide 
with the centre of gravity of the mass. In this case we shall obviously have 
Y\(9, p) = 0. Lastly we shall evaluate Y,(6,g). To do so we introduce the 
moments of inertia of our mass with respect to the axes: 


A= ff feytz AV; B= ff S eMe”); 
Vv Vv 


O = f f fo (Mh) (a2 + yay, (89) 
V 
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and also the products of inertia with respect to the axes 
D=SSSemm)yzvav; E=SfSe(M)z 2’ av; 
v V 
F=fffeMmry av. (90) 
v 


It can be shown, but we shall not do so here, that the system of coordinateg 
can always be chosen so that the products of inertia (90) vanish. We will 
assume that the coordinates have been chosen in this way. Substituting the 
expression r’? P,(cos y) in the formula (88) we can see, as can easily be shown, 
that the following expression for Y.(8, p) is obtained: 


1 (B+C —2A)2* C+A—2B)y¥ A + B— 2C) 2? 
HoOget es OAS tee EAS )z 


and for the potential U(M) we have up to terms of the order of 1/r? 
U(M)= 


1 (B+C~2A)2*+(0 + A —2B)y? + (A + B —20)2 
Tz 7 





m 
T 


+... (91) 


Replacing x, y and z by spherical polar coordinates we can rewrite this ex- 
pression as follows: 





U (M) =24 
+4 (B+C —2.A)cos’psin?6+ (C+ A—2B)sin’psin?6+ (4-+B—2C)cos?0 4 
5 = +... 
(92) 


138. The potential of a spherical shell. Suppose that on the surface 
Sp of a sphere of radius È a mass with surface density o(J1’) is distri- 
buted. The potential U(M) of this simple layer will be expressed on 
the surface of the sphere by the integral 


U(M) =| f LUT) ds, (93) 
Sz 


where d is the distance from the point M to a variable point M’ 
on the surface of the sphere. The expression l/d will have different 
forms inside and outside the sphere Sp. 

If we assume, to start with, that r< R, we obtain [132]: 


1 i rn 
ad~ F Pa (cos p) -paFT ’ (94) 


n 


Liss 
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where y is the angle between the radius-vectors OM and OM’. The 
density o(J’) is assumed to be a given function f(@’, gp’) of the 
geographical coordinates of the sphere. 

Substituting the expansion (94) in the integral (93) and remem- 
bering that ds = R do = FR? sin @’ ddg’@’ we have: 


U (M) = Sez | [70 g’) Pn (cosy) do. (98) 
n=0 5 


The above integrals are directly connected with the expansion of 
the function (0, œ) in terms of spherical functions, viz. if 


f (8, p) = D Y,„ (8, P), (96) 


n=0 


then, as we know 
2n +1 1 ot 
Yn (8,9) = 2 | [f (0, g’) Pn (cosy) do, 
s 
and, consequently, the expansion (95) can be written as follows: 


Similarly, using the expansion (36) we have 


o 


U (M) = an Sat Y,,(9,9) (r>R). (98) 


n=0 


By using this expansion we can note certain properties of the 
potential of a layer. Notice, first of all, that the expansions (97) and 
(98) are the same when the point M falls on the surface of the sphere. 
In this case we put r = R and obtain the following result: 


U (Mo) = 42 R $5 Yn (6,9), (99) 
n=0 


where 0 and ọ are the geographical coordinates of the point M, on 
the surface of the sphere. We can thus see that the potential of a simple 
layer varies continuously as the point M passes through the surface 
of the sphere. This property of the potential of a simple layer holds 
not only for a sphere but for surfaces generally. 
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Let us now investigate the behaviour of the normal derivative of 
the potential (the normal component of the force) when the point M 
moves across the surface of the sphere. We denote by (3U (M ,)/av); the 
limit of the normal derivative as the point M tends to the point M, 
along the radius from inside the sphere, and by (@U(M!,)/av), that 
same limit as the point M tends to the same point M, from outside 
the sphere. y denotes the direction of the outward normal to the sphere 
at the point M,. In this case this direction coincides with the radius 
OM). Differentiating the formulae (97) and (98) with respect to », i.e, 
with respect to r, and putting r = R we obtain the expressions for 
the above limits: 


IU (MAX), & n 
ae tn Son Yn 9), (100) 
(e =e 4a STT Y„(0, 9). (101) 
n=0 


This shows that the normal derivative of the potential of a simple 
layer has, in general, a discontinuity on passing through the surface. 

The following formulae follow directly from the formulae (100) 
and (101): 


(e206) = OO) 4 È Y, (6, 9); 


(Seto) 4. (SU eo) = ir Somer (6,9), 


and from (96) and (99) we can write: 


Gee aa: = 2) = — 47e (Mo), (102) 
(Pe) + (22) = BLOA (103) 


Formula (102) shows, among other things, that the discontinuity 
in the normal derivative is equal to the product of (—42) and the density 
at the given point on the surface. 

Let us now explain the meaning of the right-hand side of the for- 
mula (103). Denoting, as before, a definite direction by v, viz. the 
direction of the radius OM „, and bearing in mind that in the integral 
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(93) only the factor 1/d depends on the coordinates of the point M, 
we have 
ƏU (M nd øl 
Sp =f fear -E (zdis (104) 
Se 


But we have also: 
ð (i 
£Q)-— hove. 
where w is the angle made by the radius-vector M’ M and the direc- 
tion v. Let us evaluate the integral (104) on the assumption that 


the point M lies on the sphere, viz. at the point M,. In this case 
we have d = 2È cos and, consequently: 


0 fil 1 
Or (z) E 7 * 
We thus obtain the following expression for the integral (104): 
1 you 1 
= sz | fe (M’) 7 ds = — zg U (M,). 
Se 
Let us denote this by dU(M,)/d». We can then rewrite the formula 


(103) as follows: 


(ae ), fs ( OU (fo) ), —92 ou (Mo) : 


From this follow the expressions for the limits of the normal 
derivative of the potential of a simple layer which are given below: 


(Se) = SP + 2e Mo), 
ƏU (Mo) R (Mo) (105) 


These formulae are also valid for bodies other than spheres. 


139. The electron in a central field. When dealing with an electron in a 
field created by a positive nucleus we have, according to Schrédinger’s theorem, 
the following equation: 

k (y oe 
Ha ( it 








z + at =) — eV (r)y= Ey, (106) 


where h is Planck’s constant, u is the mass of the electron and e is its charge. 
Vir) is the given function which depends only on the distance r from the origin, 
and determines the potential of the field, y(z, y, z) is the wave function 
and, finally, E is a constant which determines the energy level of the given 
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physical system. The solution of the equation (106) must be finite in the 
whole infinite space and remain bounded at infinity. We shall seek this 
solution in the form of a product of functions of r multiplied by functions which 
depend only on 6 and g. Expressing the Laplace operator Ay in terms of spherical 
coordinates we can write: 


ey 2 Oy 1 
Sea Ge te tae 


where, as before [135]: 


— 1l ð f. ay 1 @y 
eS sin 6 oe (ine) + sin?@ dp? ` 


The equation (106) can be rewritten in the form 


h? [ Op 2 Op 1 a 
lar tetas y| + eV (ry + Ey =0. 
Writing the expression y = f(r) Y(0, gp) and separating the variables we 


have: 
2 


Y h? 


ETRA 


Both sides of this equation will be equal to one and the same constant 
which we denote by 4. This gives the equations 


= = [vr (r) + 2y (r) +510] ~eV (r) f(r) — Ef(r)=0. (108) 


The equation (107) should have a continuous solution on the whole surface 
of the sphere. We know already that in this case the parameter A will be 
equal to —}(l + 1) and the solution will be expressed in terms of spherical 
functions Y,(6, p). Substituting the above value of å in the equation (108) we 
obtain an equation for the determination of the function of r which we now 
denote by f,(r): 


h2l(L+1) 


oe |r (r)=0. (109) 


h? thd h2 iF E 
gel + fi + [E+ ev n- 
The values of the parameter E are determined from the condition that the 
solution of the equation (109) is bounded when r = 0, as well as when r tends 
to + œ. In general, we can obtain an infinite number of such solutions. They are 
usually numbered starting with the integer (I -+ 1), i.e. they are numbered 
in the following order: 


wet, 1+2, l+3, 


Hence the values of E depend on two symbols, viz. on the integer / and on 
the number n. / is known as azimuthal quantum number and n as the principal 
quantum number. When l and n are given we have, in general, a definite function 
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fa (r) which satisfies the equation (109) as well as the above limit conditions 
when r = 0 and r = + œ. As far as the functions Y,(6, p) are concerned, there 
will be (2l + 1) of these: 


Yop)  (m=—1, —141, ..., 1-1, D 


and for the full definition of the wave function we must also determine the 
value of the third symbol m. This is usually known as the magnetic quantum 
number. It is of importance in disturbance problems of a given physical 
system caused by a magnetic field acting along the Z-axis. 

Let us now consider the particular case when the potential is the Coulomb 
potential 


Vina =, 


where k is a constant which is equal, for example in the case of a hydrogen 
atom, to unity. Substituting the expression of the potential in the equation 
(109) we obtain the following equation (k = 1): 








hè hk , f e kèl(l +1) = 
Op ft (r) + fie) + [B+ - =F | =o. (110) 
We replace r by a new variable z: 
Ber 
z= 
and put 
Eh? 
E= jer and 83=2 +1. (111) 


We also replace f,(r) by a new unknown function y: 


f(r) =v. 


Substituting all this in the equation (110) we obtain the equation 


d? y l dy 2 a? 
ety at (et+e-ay=o 
which we considered in [116]. 
Let us now consider the negative values of the parameter Æ. In this case, 
as before, we obtain an infinite number of discreet values for the constant 
E, viz. having put 

















l= 1 
¥— 2e : 
we obtain the following value for the parameter A: 
8+1 
=2t}l 4p (p=0,1,2...) 
whence 
1 s41 12 1 1 

oe zote tgn EL ~~ 2p FI FIF’ 


2 
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and, consequently, from (111) we obtain the following values for the para. 
meter E: 
2a eio ato e 
Eu =— gap fii ~~ n’ (112) 

where n is the principal quantum number equal to (p + 2 + 1). 

We thus see that in the case of a Coulomb field the values of the parameter 
E are independent of the azimuthal quantum number |. If we fix n, and there- 
fore also the value of the parameter E then, since n = p +l + 1, we can 
give l the following values: 


læn—l, n—2, ..., 0. 
Every value of ! corresponds to (2l + 1) natural functions of y. Therefore 


for the parameter E, as given by (112) we obtain the following total number 
of natural functions: 
143454... +H(2n— l) =n. 

If, instead of Schrödinger’s equation we had taken the Dirac equation for one 
electron then we would have obtained functions analogous with spherical func- 
tions. These “Spinning spherical functions” are dealt with in the book The 
Origins of Quantum Mechanics by Prof. V. A. Foch. 


140. Spherical functions and the linear representation of rotating groups. 

We have already mentioned the fact that homogeneous polynomials of the 
variables (x, y, z) which satisfy the Laplace equation give a linear expression for 
a group È of the space rotating about the origin. 

We thus see that a set of spherical functions of order J gives a linear expression 
for the group R which is of the (21 + 1)th order. Let us consider this problem 
in greater detail. 

Let us consider spherical functions of order / in the same form as given by the 
formulae (18) and introduce for them a special notation: 


QI (p, 0) = el"? P, m(cos0)  (m=—1, —141, ..., 1-1, D, (113) 


where 
P, -m (cos 6) = P{” (cos 6) 

Let {a, $, y} be a certain rotation of the group R with Euler angles a, f 
and y. As a result of this rotation a point on the sphere with coordinates (g, 6) 
will move into a new position (ø, 6’) and the function Qe’, 6’) can be expres- 
sed linearly in terms of Qe, 6). The matrix of this linear transformation will 
correspond to the rotation {a, £, y} of that linear expression for the group R, 
which is given by the functions (113). The simple dependency of these func- 
tions on the angle g shows that a rotation about the Z axis through an angle 
a, ie. the rotation {a, 0, 0}, corresponds to the diagonal matrix 


ea, 9, 0, 2, 0 
0, e™il-da 0, 1.2, 0 
0, 0, ei 2)¢ 0 (114) 
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Denote by {D,(R,)}j, the elements of the matrix corresponding to a definite 
rotation R,, where the symbols 7 and k take the values —J, —1+],..., L 

Take for R, the rotation about the Y-axis through an angle £f, as a result of 
which points on the sphere with coordinates p = 0 and @ move to points g’ = 0 
and 6-+ f respectively. Bearing in mind the form of the functions (113) we can 
say that for the given choice of R, the matrix D,(R,) transforms the functions 
P (cos 6) into the functions P, m [cos (8 + 2)], i.e. 


I 
P,mlcos(8 +8))= > {D;(Ro)}ms Pps(cos0) (m=-—1 —141, ..., 1). 
sZ 


Returning to the formulae (12) we can see that PP (cos 6) vanishes when 
8 = 0 if 8 # 0. Putting 6 = 0 in the above formulae we have 


Pi, m (cos B) = {Dy (Ro)}mo Py (1) = {D; (Ro)}mo- 


This shows that the elements of the column k = 0 of the matrix D,(R,) 
are, in general, other than zero, i.e. they contain zero elements only for excep- 
tional values of $£. 

Thus among the matrices D;(R) are the diagonal matrices (114) with dif- 
ferent elements, as well as matrices, all elements of a certain column of which 
are other than zero. As we saw in [III,, 69] the matrices give, in this case, an 
irreducible expression for the group R and we can therefore say that the expres- 
sion given by the matrices D,(R) is irreducible. The functions (113) are orthogonal 
in pairs but they were not compared to unity for integrals of the square of the 
modulus. Ascribing to these functions suitably chosen constant factors, we 
can construct comparable functions: 


of” Qf” (9, 6). (115) 


These functions now give the unitary irreducible expression for the functions 
DR) [I1,, 63] which is equivalent to D,(R) and in this new expression the 
rotation {a, 0, 0} corresponds to the old matrix (114) since the constant factors 
we have chosen do not change the character of the dependency of the functions 
(113) on ọ. 

Multiplying the functions (115) by arbitrary factors the moduli of which 
are unity we also obtain a unitary expression with the same matrix (114) which 
corresponds to the rotation {a, 0,0}. One of these representations is exactly 
the same as that which we constructed in a different way [III,, 62]. 

The individual functions of the Schrédinger equation which we considered 
in the previous section, fall into groups in accordance with the values of I, and 
each group contains (21 4+- 1) individual functions (J being the azimuth quantum 
number). The functions which form such a group are numbered by m, (m being 
the magnetic quantum number) which runs through m = —l, —1+1,...,1. 
It follows directly from the form of the functions (113) that 

1 ə 


T y A 0) = ma” (p, 8), 
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i.e. the mth function of our group is the individual function of the operator 


1 ə 


L=T Ge? (116) 


and m is the corresponding individual value. Also each function (113), as we 
know, satisfies the equation: 


— A, OS™ (p, 6) =1(1+ 1) Qf (p, 9), 


i.e. each function belonging to the above group of (2l + 1) functions is an 
individual function of the operator 


1 rə a 1 2 
2 _ ee oo (Sore Lare= 
La at “sine le (sine a5) + sin @ |: (117) 


and the corresponding individual value is equal to U(J + 1). The operator L, 
differs only by the factor h from the operator of the component of the quantity 
of movement on the Z-axis. Similarly, the operator (117) differs only by the 
factor h? from the operator of the square of the moment of the quantity of 
movement. 


141, The Legendre function. Let us consider the Legendre equation: 


(1 — a) $4 — 97H 4 n(n +1)u=0 (118) 


where we assume that x is a complex variable and where n can be 
any number. Both zeros of the determining equation (118) are zero 
at the singularities x = +1 [102]. Hence at both these points we have 
one regular solution and one solution containing a logarithm; this latter 
solution wil) not be bounded in the neighbourhood of the singularity. 

We shall try to satisfy the equation (118) by an integral of the form 
(13) which is a Legendre polynomial when n is a positive integer: 


1 (e — 1)" 


u (2) = gara | ayer 
c 


dt. (119) 


Substituting in the equation (118) we have: 
d?u du 
(1 — z?) -F = 2r- + n(n + l)u = 


n+l me (@—1)n [= 


= ntin ni (t — (t — ants 
c 


(n + 2) (#2 — 1) + 2 (n + l)t(t—2)] dt = 


E (Cee aa 


Qnt+l1 nz dt (t = g)nt2 
c 
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which shows that formula (119) is a solution of the equation (118) 
provided that by describing the variable point ¢ round the contour C, 


the expression 
(2 — 1)A+1 


Ga arte (120) 


returns to its initial value. When 7 is a fraction then the integrand 
jn (119) has three branch points: t = 7 and t = +1. By describing 
the point ¢= 1 or ¢= —1 in the counter-clockwise direction the 
numerator (i? — 1)"+! acquires the factor e@"*))*"! and by describing 
the point £ = x the denominator acquires the term e7 t9, 





Fra. 73. 


Let us cut the ¢-plane from t = —1 to t= —co along the real axis and 
take as the contour C a closed contour originating at a point A on the 
real axis which lies to the right of the point t = 1 and round which 
the points t= 1 and t = gv are described in the counter clockwise direc- 
tion (Fig. 73). 

We assume that zx does not lie on the cut and that the con- 
tour C does not intersect the cut. The original value of the many- 
valued integrand function is determined from the conditions that 
arg (t — 1) = arg (t+ 1) =0 and | arg (t — x) | < x, whent > 1. Asa 
result of this the expression (119) returns to its initial value when ¢ de- 
scribes the contour C. Notice also that, according to Cauchy’s theorem, 
the value of the integral does not depend on the choice of the point A 
to the right of t = 1 on the real axis or on the form of the contour. 
It is only essential that the contour should not intersect the cut. 

We thus obtain the solution of the equation (118): 


1 (2 —1)" 
gnting | (¢— arti 
c 


Pa (2) = dt, (121) 


where C is the contour we described above. This solution is a regular 
function of x in the whole cut plane and, in particular, at the point 
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x = l. But, as we know from [102], the equation (118) is obtained 
from Gauss’s equation when a = n + 1, 8 = —n and y = 1, and when 
the independent variable z in the Gauss equation is substituted by 
(1 — 2)/2. Since the solution (121) is regular when xz = 1, i.e. when 
z = 0, it must be the same as the hypergeometric series given below, 
except for the constant term: 











l-z ? 
P, (2) =CF(n+1, =m 1; 45) (129) 
To determine C we evaluate P, (1): 
1 (2 — 1)" l (+1) 
Pa (1) = gating | Gone = print Jet dt, 
č 


and, evaluating the last integral in accordance with the theorem of 
residues, we obtain P,(1) = 1; hence the formula (122) when z = 1, 
gives C = 1, i.e.: 





P, (t) =F (n +1, —n, l; 5) (123) 


When n is a positive integer we obtain a Legendre polynomial. 
It also follows from the formula (123) that owing to the fact that 
F(a, B, y; z) does not alter when the positions of a and £ are inter- 
changed, we have for any n 


Pp (2) = P-n- (2)- 


By using the formula (121) the relationships (37), (39) and (40) from 
[132] can be tested. The function P,(x), which is the solution of the 
equation (118) has, in general, singularities at v = —1 and z= œ. 
Formula (121) defines this function in the whole cut plane. 


142, The Legendre functions of the second kind. We constructed one 
of the solutions of the equation (118). We shall now try to construct 
a second solution. We know that when y,(z) is one of the solutions 
of the equation 

y” + pay’ + a(x) y= 0, 
then a second solution can be constructed according to the formula 


—~Sp(z)dx dr 
y (2) = Cy, (2) [PO —F, (124) 


where C is an arbitrary constant. Consider, first of all, the case when n 
is positive. At the singularity z = co of the equation (118) the deter- 
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mining equation has the zeros p, = n + 1 and 9, = —n. The solution 
of the equation which corresponds to the first zero vanishes when 
g= oo. Using the formula (124) we can write this solution as follows: 


Qn (2) = Pa (2) J-a rr (125) 


The function Q,(z) has singularities at z = +1 and is regular in the 
g-plane which has a cut from z= —1 to y= 1. Formula (125) defines 
Q,(z) in the whole’ plane. Notice that the zeros P,(x) lie in the in- 
terval (—1, +1). 

Let us express Q,(x) in terms of a Legendre polynomial and loga- 
rithms. To do this we replace u(z) by a new function v(x) in the 
equation (118) according to the formula 





u (2) = 4 P, (2) log ++ — v (a). (126) 


We obtain the following equation for v(x): 


d?v 


(1— 2?) £2 — or 4 n(n 4 1) v= 2P; (2), 





and from (42) we can rewrite this equation as follows: 





(1 — 2?) oe ~ 20% 4 n(n + 1)» 
N 
=2 Y (2n — 4k + 3) Prong (2), (127) 
k=1 


where N = n/2 whenn iseven, and N=(n+1)/2 when n is odd. 
Bearing in mind that P,_.,4,(x) satisfies the equation: 

(1 — 2?) Pa- (2) — 22 Pa—ox+1 (2) + 

+ (n — 2k + 1) (n — 2k + 2) Pr—ok+1 (2) =0, 


we can see that the equation 


(1 — z?) — 22S taint 1) w= 2 (2n — 4k + 3) P,_on (T) 





has a solution 


Qn — 4k +3 
(2) = Ee e ak EDP n—2k+1 (2). 
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This, from (126) and (127), gives the following solution of the Legendre 
equation (118): 
1 N  m—4k+3 
AA PACT E Pe (z). (128) 
It can be expressed in terms of P,(z) and Q,,(z) 

Up (x) = C, P, (2) + C3 Qn (2). (129) 
From S and the obvious expansion 


1 1 
teil, as tort: ((z|>1) 





1 
u (2) = 4 Pn (2) log 2+ 


5 > log + 





it follows that u(z)/z"~? remains bounded as z — œ. On the other 
hand on the right-hand side of (129) P,(x) is a polynomial of the nth 
degree and Q,,(x) tends to zero like 1/(z"*!) as x —> co, This being true, 
we can say that O, = 0, i.e. 





l l 
C, Qn (2) = u (2) = +P, (x) log 2E — R, (x), (130) 
where R(x) is a polynomial of the 4 — 1)th degree. It follows that 
Qn (2) Sanz) (z) 
O lR] Ta t Pe 


where S,(z) is a polynomial in z. On the other hand, from (125): 








a [ Qn (2) | Z 1 , 
dz | P,(z) (1 — 2?) [Pa (2) P 
Comparing this equation with the one above we have: 
Cp Sala) 
(l — a) [Pa (2)? ~— 1-2 (P,(z)} ' 
whence 
= [P, (2)? + (1 — 2’) S, (2), 
and putting z = 1 we obtain C, = 1, i.e. from (128) and (129) we have 
finally: 


1 1+ — 4k +3 
Qn (2) = -z Pn (£) log 37 SS tec F Peh (x). (131) 


The function Q,(z) is usually known as the Legendre function of the 
second kind. 

The logarithmic terms are due to the character of the singularities 
z = +1 of the equation (118). Q,(x) can easily be written in the form 
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of a definite integral. Notice that when n is a positive integer the 
expression (120) vanishes for ¢ = +1. Therefore, when constructing 
the solution of the equation (118) in the form (119) we can simply take 
the line —1 < ¢ < +1 as the contour C and we have: 


aen 
=o J opd (132) 


where C is an arbitrary constant. This integral tends to zero like 
1/z"** as x— œ, and therefore this solution differs only by its con- 
stant term from Q,(xz). Let us determine the constant C so that the 
solution (132) is the same as Q,(z). It follows from the formula (11) 
that the coefficient of z” in the expansion of P,(x) is equal to: 
2n (2n — 1)... (n +1 2n! 
n= Satin Hey) = Tapes: (133) 
Returning to the formula (125) we can see that the expansion of 
the integrand in whole positive powers of x-1 begins with the term 
(—lfanz’"*?) and the expansion of Q,(x) begins with the term 
7 (2n + 1 es Comparing this with the formula (132) we obtain 
the following equation for C: 


1 





1 
gu A a, (2n +1)? 
or 
2 1 
20 | sin?" p dp = ana? 
0 
hence [I, 100] 
2n (2n — 2) ... 4-2 2 1 
(2n + 1) (2n — 1)...5-3 ~ ag(2n+1) ’ 


and from (133) we obtain C = 1/2"+!. Substituting this in the equation 
(132) we obtain an expression for Q,(x) in the form of the integral 


6 fj aie a (134) 


gn+1 (æ entl 
= 


This expression holds in the whole of the z-plane except on the line 
—l<a< +1. We shall now express Q(x) as a hypergeometric series. 
To start with let us rewrite the formula (133) in terms of the function 
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T(z) and use, for this purpose, the relationship (143) from [73] when 
z= n + 1l, and the formula ['(2n + 2) = (2n + 1) (27 + 1): 


3 
a= n+) zir (n+) (135 
ne (Pa +124 ant iyyar(nt 1) ) 
Notice also that the substitution ¢ = z? transforms the Legendre 
equation (118) into the equation 





du 3—1 du n(n+1) 
Sb ae dp a n 
and this is the Gauss equation with parameters a= 7/2 + 1/2, 
8 = — n/2, y = 1. Using the first formula when z =t and replacing t 


by x? we obtain the solution of the equation (118): 


Cc 
ua) =r P(F+S. S41, m+ Hi ae) (zl>V, (136) 


which at infinity has the same properties as @,(z) and only differs 
from it by the constant term. The constant C must be so chosen that 
the solution (136) coincides with @,(z), the expansion of which 
in powers of 1/x begins with the term 1/{(2n + 1)] a,z"+?. Hence 


O = 1/(2n + 1)a, and we have: 


Var (n+]) 1 n l n n 3 1 
Qn (2) = APOE Fiti 241, $44; 4). (187) 
ant P(n +3) antl (3 2° 2 2 2 z) 


Until now we have only investigated the function Q,(x) when n is a posi- 
tive integer. @,(x) can also be determined as the second solution of the 
equation (118) when n takes any value, in the same way as we did with 
P,(z). Consider the integral (134). This integral retains its meaning 
when the real part of (n+ 1) is positive and it can be used for the deter- 
mination of Q,(x) for these values of n. In general Q,(x) can be deter- 
mined by the contour integral (119) but the contour must be suitably 
chosen. The expression (137) holds for all values of n except when n 
is a negative integer. It must be remembered that when n is not a 
positive integer then the point x = oo will be a branch-point for the 
function @,,(z). It is determined in a plane cut from z = —~ tor = 1. 
When n is a negative integer then, putting n = —m — 1, where m 
is a positive integer or zero, we can see that the equation (118) becomes 
d? u 
dz? 





(1 — z?) — 224 4 m(m+1)u=9. 
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and P,,(z) and Q,,(x) are the solutions of the equation (118). The 
formulae (37), (39) and (40) from [132] can readily be tested for Q,(z). 


§ 2. Bessel functions 


143. The determination of Bessel functions. We first met Bessel 
functions in connection with the vibration of a round membrane 
[II, 178]. Let us recall the results which we obtained at the time 
and establish the connection between the wave equation and Bessel 
functions. 

The wave equation in two dimensions is as follows: 

SU feu | PU 
oe T (~aee + a) (1) 

When dealing with the vibration of a round membrane we intro- 

duced plane polar coordinates 


Z=rcosg; y=rsing, 


and found those solutions of the equation (1) which are in the form 
of a product of three functions, one of which depends on ¢, the 
second on r and the third on p. These solutions, as we saw above, 
have the following form: 


(a cos wt + $ sin wt) (C cos pp + D sin pg) Z, (kr), (2) 


where a, 8, C and D are arbitrary constants, while the constants œ, k 
and a are connected by the relationship: 


w? = ka?. (3) 


Z,(z) in the above formula denotes an arbitrary solution of the 
Bessel equation 


Za + 2%, (2) + (1— 2) Z, (2) =0. (4) 


Notice also that the constant p in the expression (2) can have any 
value. We have taken p as an integer since we wanted a solution with 
a period of 2x with respect to the variable g. We also want our solution 
to remain finite when r = 0 and therefore we took as Z,(z) that 
solution of the equation (4) which remains finite when z = 0, i.e. we 
took the solution J,(z) (p > 0), which is a Bessel function. The value 
of the constant k, and hence of w from (3) was determined from the limit 
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condition. Later we shall deal with the applications of Bessel functions, 
At present we shall study the properties of the functions satisfying the 
equation (4) and we begin with the above Bessel function. 

The Bessel function, except for the constant term, is determined 
by an expansion of the form [II, 48]: 


C2? z? zi 
na= ehi -rr teea] ©) 


When p =n is a positive integer or zero, then the constant factor C 
is equal to 1/2" n ! and, as always, 0 ! = 1. Hence we have the following 
expression for a Bessel function with a positive integral subscript 


== nP $ 3) (6) 


When p is not an integer then we take the constant term in formula 


(5) to be equal to 
1 


C= Sre FI 


and we obtain the following expression for the Bessel function: 


Jn) = gree l aie yb Iere (a-l 


or, as a result of the fundamental property of the function T(z): 


ae (—1)* z \p+2k 
)= nreno) ") 


When p = n is a positive integer the latter formula is the same as 
formula (6). Consider now formula (7) when p is a negative integer 
p = —n. We know that T(z) tends to infinity when z is a negative 
integer or zero. Hence in the expansion (7) all terms will vanish in 
which the argument of the function T(z) in the denominator is equal 
to a negative integer or zero. These terms will correspond to the follow- 
ing values of the variable of summation: 





—ntkt+1<0, ie k<xn—l. 


In other words we have to start the summation from k = n: 





Jn (2) pore HT leg 1)* Gyr 
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Replacing k by another variable of summation 1 = k — n and 
taking (—1)" outside the summation symbol we have 


E = (— 1) z \nt2l 
Jn) =O D 3 parar lE) > 


i.e. 
foe ey n+2i 
J-n (2) =(- 1" S rama (3) 
i.e. 
J_, (2) =(— 1)" J, (2) (n being an integer) (8) 


In other words the Bessel function with a negative integral subscript 
(—n) differs only by the factor (—1)" from Bessel a function with a 
_ positive integral subscript. 

When p is not an integer then the functions J,(z) and J—p(2) 
will be two linearly independent solutions of the Bessel equation 
[II, 48]. The series (7), as we know, converges for all finite z's. 


144, Relationships between Bessel functions. We shall now deter- 
mine certain fundamental relationships between Bessel functions with 
different subscripts. Differentiating the power series (7) we have: 


(— 1k = (1K -2k zka 


d Jp(z) _ 
dz z2 2% 2 agp aT sak = 2% RID (p+ k+l) Qpt2' 








or, substituting the variable of summation k by k + 1 and starting 
the summation with k = 0 








= au S  (— VUZE 41) _ _z2k+1 
a (k+l (kF p42)  2PFk+2 
or 
d Jp(z) _ (— 1k z \p+142k 
dz 2 =-72 kI (p+l+k+1) (5) 


Comparing this with (7) we obtain the following formula: 


a Jp (2) eres J p41 (z) ; (9) 





dz zP zP 


Carrying out the differentiation the fraction we can rewrite this 
formula as follows: 


Fp (2) = -Ipm (2) H (Re=-)) (10) 
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Divide both sides of the formula (9) by z: 


Ld J __ Jm 


z dz zP zp+1 





The above relationship can be formulated as follows: the differen- 
tiation of the fraction J,(z)/z? and its subsequent division by z is 
equivalent to the addition of unity to p and to the change of sign 
of the above fraction. 

Using this rule several times over we obtain the following formula 
which is valid for any positive integer m: 


dm Jp (2) J (z) 
(2 dz)m peo Ty orm . (11) 





This formula can be rewritten as follows: 


am Jp(e) Ipom (2) 
anne (OU angen (12) 


Differentiating now the product z2°J,(z) with respect to z: 


a _ Seka wtb) zeri 
a= 5 kI ipp kil) orm’ 


or, bearing in mind that (p+ k + 1) = (p + k) T (p + k) we have 


d p a (— 1)* z p—l+2k 
ag RS wT (p—1+k+)) (3) 


2 


i.e. from (7) we obtain a formula which is analogous with the formula 
(9): 
L eJ (2) = 2 Jp h). (13) 


Differentiating the product we can rewrite this formula as follows: 
, J 

B@Q=J,,9- Pe. (14) 
Divide both sides of formula (13) by z: 


— 2 J p (2) = 2-1 J p (2). 
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Applying this formula several times over we obtain a formula which 
js analogous with formula (11): 


dam 


wan? Ip (z) = 2P J pm (z) (15) 
or 
dm P 2P—™ J p-m (2) 
Taym ? Jp (2) = —sam (16) 


In the formulae (11) and (15) we have used the following notation: 


am d d d 
(z dz)m te) = zdz zdz ``’ zdz f (2), 
where the number of differentiations with respect to z and of sub- 
sequent divisions by z is equal to m. 
Comparing the formulae (10) and (14) we obtain a relationship 
between three successive Bessel functions 


J 
PRO _ Jpn (2) = Ipm (2) PE 


or 


ae = J,a 2) + Ips): (17) 


Using the above formulae we will show that Bessel functions, the 
subscripts of which are equal to one half of an odd integer, i.e. 
+ (2m-+-1)/2 where m is an integer, can be expressed in terms of elemen- 
tary functions. To show this we consider formula (7) when p = 1/2: 


J (2) => cw ) (3) 


1 3 
2 = ur (k+5 


1 
5+ 2k 


Applying the fundamental property of the function T(z) several 
times over we have 


ress (rere =F Ie Bre—y 
-etie rG) Sema a, 


and we therefore obtain 





2. k 3+2k = Ke g2k+1 
J (2) = te Fe = Ea SOn. 
1) 2 k!2k-1:3... (2k +1)¥x —3 mz gm (2k + 1)! 
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i.e. 


J, (2) =| sinz. (18) 


Applying now formula (11) we have for any positive integer m: 


— 2m+1 


7 sinz 
Tams, () =( iF [ear * gage (55). (19) 


Analogous results are also obtained for negative subscripts. Formula 
(7) when p = —1/2 gives 


J, (z) = j= COs z, (20) 


2 
and using formula (15) we obtain for any positive integer m 
— m+1 


2 “7 dm Cos 2 
J omer) = B 2 (z dz)m ( z ) 
2 





(21) 


In [II, 48] we have written Bessel functions in an expanded form 
when p = +3/2 and p = +5/2. 


145. The orthogonality of Bessel functions and their zeros. As we 
have already said we have used Bessel functions in connection with the 
vibration of a round membrane. At the time we used the usual Fourier 
method and, in order to satisfy the initial conditions of the problem, 
we had to expand the given function into a series of Bessel functions. 
We then obtained series, analogous with the Fourier series and found 
that Bessel functions have the property of orthogonality [II, 178] in 
the usual sense. We shall now consider this problem from a more 
general point of view and explain some additional circumstances. 

As we know the function J,(kz) satisfies the equation [l], 48]: 


dJ p (k l1 dJ, (k: à 
Pipe) 5 L Melt) + (re — B) J, (ke) = 0, 


or, multiplying by z we can write this equation as follows: 


= [> ]+ (122-2) J, (ke) =0 


In future we shall assume that the symbol p is real and also that p > 0 
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We take two different values of k and write the corresponding diffe- 
sential equations 


|p 2B] e- 2), (k, 2) = 0, 


dz 
Sf. Oo (kx?) | + (2-2) J, (k2) =0. 


Multiplying the first equation by J,(k,z) and the second by J,(k,2), 
we subtract and integrate over the finite interval (0, l): 


fpi (k, 2) —— = [2 Setia] Ty (hy 2) gy [2 et Jla 


I 
+ (k? — 18) f 2J, (k, 2) Jp (k22) dz = 0. 
0 


The first integrand represents the complete derivative with respect 
to z of the difference 


d T. Gp (ky aJ, (k 
-gh TEA J (hee) —2 Wel?) 7, (hy 2)], 


and the equation can therefore be written iri the form 


[z Wp (hs?) 7, (k2) — puhan, t aj 


=0 
+ (ki — kå) f 2J p (k, 2) Jp (k32) dz = 0. 
But j 
SEL = kd; (ke), 
where we write 
Jy) = ge Io (2), 
and consequently, the above formula can be rewritten in the form 


[ky 2J’ (ke, 2) J, (ey 2) — ky 2% (ky 2) Tp (k 2) 


+E- fenka, (kz) dz = 0. (22) 


Let us recall the expansion of Bessel functions 


(— 1k z2k 


IO =? Saree EF PFE (23) 
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Owing to the fact that p > 0 the term in the square brackets 
vanishes when z = 0 and we finally arrive at the following formula 
which is of fundamental importance to what follows: 


Uke, J; (k, 1) J, (leg 2) — k, J; (k,l) Tp (k, D] + 
I 
+ (k? — k?) f 2J, (k; z) Jp(kaz)dz=0. (24) 


When / = 1 this formula becomes: 


k, Jp (k) Jp (kz) a k, J; (k) Jp (k) F 
+ (lt — HB) fep (ky2) Jp (ln) dz = 0. (25) 


In the above calculations we have assumed that p > 0. It can readily 
be shown that the integrals retain their meaning and the term in the 
square brackets in formula (22) vanishes when z = 0 when we make 
the even wider assumption that p > —1. 

We shall show, first of all, that the Bessel function cannot have 
complex zeros. Suppose, to start with, that it has such a zero a + ib 
where a # 0. All the coefficients in the expansion (7) are real and, 
consequently, the function J,(z) must have the conjugate zero a — ib 
as well as the zero a + ib. If we now suppose that in formula (25) 
kı =a + ib and k, = a — ib, where ki + kå, we have 

I 
È 2J p (k, 2) J, (k,2)dz = 0. 
0 

J,(k,z) and J,(k,z) will have conjugate complex values and there- 
fore, the integrand in the above formula is positive, so that this 
formula is contradicted. The case when a = 0 remains to be con- 
sidered, i.e. it must be shown that the function J,(z) cannot have 
purely imaginary zeros +7b either. In fact, substituting in the 
formula (23) we obtain an expansion with positive terms 


. . ~ 1 2k 
J, (ib) = ye ET p+ k+l) -Dpr * 


This is directly due to the fact that, according to the formula (111) 
in [71] the function T(z) is positive when z > 0. We thus arrive 
at the following result: if p is real and p > —1 then all zeros of the 
function Jp(z) are real. Notice also that it follows directly from the ex- 
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pansion (23) which contains even powers only that the zeros of J,(z) 
will in pairs have equal absolute values of opposite sign so that it is 
sufficient to consider positive zeros only. In future we shall only con- 
sider these zeros. Let us write the asymptotic representation for the 
Bessel function [113]: 


7,6 = |Z cos ( BNO (a) 


or 


As z moves towards infinity along the positive part of the real axis 
the second term in the square bracket tends to zero while the first term 
passes from —1 to +1 an infinite number of times. It follows that 
Jp(2) has an infinite number of real zeros. 

If z = k, and z=k, are two different positive zeros of the equation 


J, (2l) = 0, (26) 


then formula (24) gives directly the following property of orthogonality 
of Bessel functions 


CATE EE (27) 
0 


According to Rolle’s theorem, the function Jp(z) must also have an 
infinite number of real positive zeros, and if we now denote by k, and 
k, two different positive zeros of the equation 


Jp (al) = 0, (28) 
then, from (24), we obtain exactly the same condition of orthogonality 
(27). 

Let us now consider a more general equation than the one above, 
viz. an equation of the form 


aJ (zl) + 8zJp (z’) =0, (29) 
where a and f are given real constants. Let z = k, and z = k, be two 
different zeros of the equation (29), i.e. 

ad, (k,l) + Bk, J,(k, I) =0; ad, (kD + Bk, Jp (k,l) =9. 
It follows directly that 
kı Jp (k, D) Jp (kzl) — kz Jp (kyl) Jp (k11) = 9, 
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and, consequently, the term in square brackets in formula (24) will 
again vanish, and we have the same condition of orthogonality as 
before. The equations (26) and (27) are particular cases of the equa- 
tion (29). As before, it follows from the conditions of orthogonality, 
that the equation (29) cannot have complex zeros a + ib, where 
a #0. 

It can be shown similarly that the equation (29) has no purely 
imaginary zeros provided a > 0 and f > 0. 

Let us recall the two relationships 

a a ae Zou) : À fen J p41 (2)] = 2+ J, (2). (30) 

According to Rolle’s theorem, the first of these shows that between 
two successive zeros of J p(z) there can only be one zero of Jp4,(z). The 
second relationship shows that between two successive zeros of J p4 (2) 
there can only be one zero of J p(z). A comparison shows that the posi- 
tive zeros of J (z) and J p(z) separate one another, i.e. between two posi- 
tive zeros of J p(z) there is one and only one, zero of J p+(2) and vice versa. 

Let a and b be the smallest positive zeros Jp(z) and Jp (2) respec- 
tively. Remembering that z = 0 isa zero of 2+! J p-1(2) and applying 
Rolle’s theorem to the second of the formulae (30) we can see that 
Jp(z) must have a zero in the interval (0, b), ie. a < b. 

We thus find that the smallest positive zero of the function J p(z) will 
be nearer the origin than the similar zero of Jp4,(z). Notice also that 
the function z2~?J,(z) is a solution of the equation [111]: 


qd? d 
z5 +(2p+1) 4 +y =o, 


and therefore the functions z? J,(z) and d/dz [z~?J,(z)] cannot have 
common positive zeros [104]. Consequently, from (30), the same can be 
said about the functions J,(z) and J, ,,(z). 

The orthogonality of Bessel functions is of great importance in the 
expansion of a given function into Bessel functions as, for example, 
in the vibration of a round membrane. 

It is also essential to be able to evaluate an integral of the form 


! 
f zJ? (kz) dz, 
ò 


where z = k is a zero of an equation of the form (29). Consider the case 
when k is simply a zero of the equation (26). Take the formula (24) 
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and assume that k, = k, while k, is variable and tends to k. We thus 


have 
l 


(k, + k) | 2J, (k, 2) Jp (k2) de = 


0 


Ue ( a Jp (ky 1) 
—k * 


When k,—> k both the numerator and the denominator of the 
fraction vanish since J,(k,l) tends to Jp(kl) = 0. Expanding by the 
usual rule we have in the limit: 


2k f ad? (kz) dz = l kJ? (Kl) 
or 
i p 
[273 (kz) dz = > Jp (kl). (31) 


0 


Now let us consider the known relationship 


a Jp) ere I ps1 (2) 
dz zP zP 


and put z = kl. We have 
J, (Kt) = — J p+: (dd), 


so that the above formula can also be written as follows: 


i 
[ 2J3 (kz) de = 


ò 


Ps, 
2 J+ (kt). (32) 
When z = k is a zero of the equation (28) we obtain similarly 


i 
S23 (kz) dz = — J} (kI) J, (kI). (33) 


But we have: 


J; (Kl) + 7; (Rl) + (1- Ean ) J, (kt) =0 





and using the equation J,(kl) = 0 we can rewrite the formula (33) as 
follows: 


—, 
Š 
— 

= 
& 
fu 
R 
l 
bol 


(r = T) J (kl). (34) 
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146. Converting function and integral representation. Consider the 
analytic function of the complex variable ¢ 


a, (: 2 
(ad ; (35) 
This function has essential singularities at the points t = 0 and 
t=oo and it can therefore be expanded into a Laurent’s series in the 


whole t-plane; the coefficients of this expansion will be functions of 
the parameter z in expression (35): 


pee te 
PU |e > a, (2). (36) 
n=-a 
We will now show that these coefficients will be the Bessel func- 
tions J,(z). In fact we can represent the coefficients of the expansion 
(36) by the following contour integral [15]: 


1 1 
a, (2) = — ja el" i) du, 


where l, is any simple closed contour which encircles the origin in the 
positive direction. We now replace t by another variable of integration, 
according to the formula u = 2t/z, where z has a fixed value other 
than zero. The point u = 0 corresponds to ¢ = 0 and the contour J, 
will be transformed in the ¢-plane into another contour which also 
encircles the origin in the positive direction. Changing the variables 
we obtain the following expression for the coefficients: 


a, (2) = — ($ y [AR a dt. 


On the contour 7, we can represent the exponential function by a 
power series which converges uniformly with respect to t: 


z a 
-5 Q, (— lk 22k 
e “= 2 a Oe 
k=0 


Substituting this in the previous formula we obtain 
-1 x Z \P+2k f n-k- of 
a, (2) = -5z Aa a (3) fe e'di. 
=o % 


When n + k is a negative integer then the point t = 0 will not 
be a singularity of the integrand in the above formula as this will 
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be equal to zero. When (n + k) is a positive integer or zero then, 
remembering the expansion of e‘, we can see that the residue of the 
integrand at the point t = 0 is equal to l/(n + k)!. Thus when n 
ig a positive integer we have 


_ Ny (He [zyx 
ant) = S mater (3) ' 


i.e. a(z) is, in fact, the same as J,(z). If we replace ¢ by —l1jt in 
formula (36) then the left-hand side remains unaltered, and this shows 
that a_,(z) = (—1)" a,(z), i.e. when n is negative we have from (8) 


a_, (2) = (— 1 Jn (z) = Jn (2) g 


Hence, instead of the formula (36), we can write the following ex- 
pansion: 
ae eee +o 
ai SJ, (2) t. (37) 
fica 
In other words the function (35) is the converting function for Bessel 
functions when n is an integer. Formula (37) is convenient for 
deriving the properties of Bessel functions when n is an integer. We 
shall use this function for deducing the integral representation of 


Bessel functions when n is an integer. 
On putting ¢ = e" in formula (37) we have 


+a 
etiz sing — 7 J (z) ein? 
2, £ 
or, separating the real and imaginary parts, where we assume that z 
and @ are real: 


cos (zsin g) = Jy (z) + SJ, (2) cos ng + > J, (2) cos ng, 
= > Jal 


n=l n=—l1 


sin (z sin p) = SJ, (2) sin np + > J, (z) sin ng, 


n=1 neal 
or, from (8), we have: 
cos (z8in g) = Jy (2) + 2 S Jn (2) cos 2ng, 
= (38) 
sin (zsin p) = 2 _ Y J,,_, (2) sin (2n — 1) ¢. 


n=l 
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The formulae (38) represent the expansion of the functions into a 
Fourier series; applying the usual method for determining the coeffici- 
ents we obtain the following integral representation for Bessel functions: 


oi 


cos(zsing)cos2npdp (n=0,1,...), 
(39) 


He 


sin (zsin¢)sin(2n —1)pdg (n=1,2,...). 


a 

==] 

a 

Jana (2) == J 

0 

The same method for determining coefficients gives the following 
two equations: 


1 n 
= feos (z sin p) cos (2n — 1) pọ dọ = 0, 
0 


= fsin (z sin p) sin 2ng dọ = 0. 
0 


The formulae (39) can be combined into one formula which will be 
valid whether n is even or odd. Consider in connection with this the 
integral 


= f cos (ng — zsin g)dg = 


n. 
= l feos (esin ) cos ng d Pi (ea ) sin ng d 
=r] p pdp + p) sin ng dg. 
0 


When n is even, the first term on the right-hand side is J,,(z) and the 
second is zero so that the sum is equal to J,(z). When n is odd, the 
first term will be zero and the second term will be J,(z) so that for 
any positive integer n we have the integral representation 


7 


Jn (2) = $ [cos (np —zsing)dp (n=0,1,2,...). (40) 


a 


Strictly speaking the proof of the above equation is only valid 
when z is real. As a result of the principle of analytic continuation we 
can maintain that it is also valid for every complex z. Bearing in mind 
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the fact that the integrand is even we can write the above formula as. 
follows: 


1 : 
Jn (2) ==> | cos (np — zsin g) dy. (41): 
This equation can also be written in the form: 


n 


In (2) == f efte-zsined dy. (42) 
In fact, applying Euler’s formula to the exponential function we 
obtain two terms, one of which is equal to the integral (41) and the 


other being zero since the integrand function is odd. 


Notice that the formula (40) no longer applies when n is not an integer. 
In this case we have a more complicated formula, viz.: 


A 
Jp (2) = = [cos (np — z sin p) dg — =e fe-pr-zsinn ? do. (43) 
o 0 


and this formula is valid for values of z which lie to the right of the imaginary 
axis. Notice also the formula for sinh 9: 


e? —e? 
2 


The proof of this formula will be given in [151]. 
Applying the formula (37) and using the obvious equality 


za(t-3) i a(t) 4 Beto 7) 


sinh ọ = 


e 
we have 


> J, (@ +b)" = 5 Jy (a) t- > J, (b) t*. 


n= = æ k=—a%œ k= —o 


Multiplying the power series on the right and collecting terms in t we 
have 


+e 
J, (a+b) = = Jp (a) Jn- (b)- (44) 


ka= 


This formula expresses the addition theorem for Bessel functions when n is 
an integer. 


When n is zero a more general addition theorem must be applied, viz.: 





Jo (Va? + b? + 2ab cosa ) = Jo (a) Jo (b) + 2 Si (a) J, (b) cos ka. (45) 
k=1 
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The formulae (38) represent the expansion of the functions into a 
Fourier series; applying the usual method for determining the coeffici- 
ents we obtain the following integral representation for Bessel functions; 


J on (2) == cos(zsing)cos2nydp (n=0,1,...), 


sin (z sin g) sin (2n —1)pdp (n=1,2,...). 


| 
f (39) 
! 


The same method for determining coefficients gives the following 
two equations: 


= [cos (zsin g) cos (2n — 1)pdy=0, 
0 


1 h . P . 
= | sin (z sin p) sin 2ng dy = 0. 
0 


The formulae (39) can be combined into one formula which will be 
valid whether n is even or odd. Consider in connection with this the 
integral 


cos (ng — z sin y) dy = 


1 
n 


oma 


= = [cos (z sin p) cos ng dy + = fain (z sin g) sin np dọ. 
3 0 


When 7 is even, the first term on the right-hand side is J,(z) and the 
second is zero so that the sum is equal to J,(z). When n is odd, the 
first term will be zero and the second term will be J,(z) so that for 
any positive integer n we have the integral representation 


n 


Jn (2) = — [cos (np—zsing)dp (n=0,1,2,...). (40) 


0 


Strictly speaking the proof of the above equation is only valid 
when z is real. As a result of the principle of analytic continuation we 
can maintain that it is also valid for every complex z. Bearing in mind 
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the fact that the integrand is even we can write the above formula as. 
follows: 
1 : 
Jy, (2) ==> J cos (np — zsin g) dg. (41): 


-7 


This equation can also be written in the form: 


Jn (2) ==> 


2n 


f ef (np—zsing) do. (42) 


? 


In fact, applying Euler’s formula to the exponential function we 
obtain two terms, one of which is equal to the integral (41) and the 
other being zero since the integrand function is odd. 


Notice that the formula (40) no longer applies when n is not an integer.. 
In this case we have a more complicated formula, viz.: 


co 


n 
Jp (z)= = feos (ng — z sin p) dg — = ferpe= sinh? dp. (43) 
0 0 


and this formula is valid for values of z which lie to the right of the imaginary 
axis. Notice also the formula for sinh ¢: 


e? —_e-? 
2 


The proof of this formula will be given in [161]. 
Applying the formula (37) and using the obvious equality 


Jol-2), ol-2)_ gerat- 


sinh ọ¢ = 


we have 


> J a+b)" = > Jy (a) të. > J, (b) t. 


n=- = k=—-= k=—o 


Multiplying the power series on the right and collecting terms in t” we 
have 


+e 
Jaa +b)= © Jy (a) Tu (b)- (44) 


k=—o 


This formula expresses the addition theorem for Bessel functions when n is. 
an integer. 


When n is zero a more general addition theorem must be applied, viz.: 


Jo (Va? + b? + 2ab cosa) = Je (a) Jo (b) + 2 > Jg (a) J, (b)coska. (45) 
k=1 
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147. The Fourier— Bessel formula. Arbitrary functions which are defined in 
the interval (0, œ) and which satisfy an additional condition in this intervg] 
can be represented by an integral, analogous with the Fourier integral but 
containing Bessel functions instead of trigonometric functions, viz.: if 
Jle) is continuous in the interval (0, œ) and satisfies the Dirichlet condition 
{II, 143] in any finite interval and if the integral given below also exists 


Self (e) | de, 
0 


then for any integer n and 9 > 0 the following formula applies: 


f (e) = J aJn (82) de $ tf(t) J, (st) dt. (46) 
0 0 
We shall give the formal proof of the relationship (46) without going into 
greater detail. Supposing that ọ is the radius-vector, we introduce polar co- 
ordinates and apply to the function 


inp 


g(t, y) =f e)s C TERP (47) 


y=esing 
the Fourier formula [II, 160], changing the order of the inside integrals: 


f+opea tayo 


aaa) gar J J eertmanae | | gi meter atan. 





We replace the variables (u, v) and (£, 7) by the polar coordinates 
&=8cosa; u=tcosĝ; 
n=ssina; v=tsin fp. 

Using the formula (47) we can write: 


x 
f(e) elie oh a fea f etet cos 8-9) ap | af(e) ds J elfa eist cos (a—f) da. 
0 -n 0 -x 


Replacing f by a new variable of integration 8’ according to the formula 


bB-p=5 +8, 
we obtain 


z 
2 





- P - n 
(foje? = = fe dt J e7fetsin 6” ag | of (3) ds J eine. cos(a—9-8"— 2) da. 
0 gn 0 =n 


-y; 7? 
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Bearing in mind the periodicity of trigonometric functions we can change 
the interval of integration to the former interval (— x, +2). Similarly, replacing 
a by a new variable a’, according to the formula 

a—Pp—- B — a’, 
we obtain 


a n 


ile) ei"? = eine fe di f e fet sin B’+inp’ ag { of (8) ds f e— ist sin a’+ina’ da’, 
0 





4n? 


0 -x -7 


which, with (42), gives the formula (46). 

When a function is given in a finite interval (0, 2) then instead of the formula 
(46) we can consider an expansion into a series, analogous with the Fourier series, 
in terms of orthogonal functions with which we dealt in the previous section. 

Notice that formula (46) can be proved for all real n’s greater than (— 1/2) 
and also when less strict assumptions. are made with regard to the function 


fo. 


148. The Hankel and Neumann functions, We obtained in [112] two 
solutions for the Bessel equation: 


d? l d : 
ae tape tl i)e=0 (asy 
which were given by the following formulae 
1 l 
Irj=-p 1 
H® (z) = Ie l afe — 1)? 2e!* dr, 
a i A (49) 
rž —p) z\P l 
H® (2) = — — 2 — (4) [ (x2 — 1)? “2e dr. 
x? i 4 


In these formulae the integrand is single-valued in the t-plane 
cut parallel to the imaginary axis from t = +1 tot = +i œ viz. 
wo assume in the first of these formulae that arg (t? — 1) = 0 when 
t > land in the second that arg (t? — 1) = 27 when t > 1. On going 
from the line (1, 4-2) on the real axis to the line (— co, — 1) through the 
lower half-plane, and thus describing half the circuit round the points 
t= +1 while omitting the cuts, the amplitude in the expression 
(z? — 1) = (t — 1) (t + 1) increases by (—2z), in otber words, in 
the second of the formulae (49) we can assume that arg (t? — 1) = 0 
when r < —l. Formula (49) gives the Hankel functions for values 
of z to the right of the imaginary axis, i.e. the real part of which is 
greater than zero. Notice also that the integrand in the integrals (49} 
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is an integral function of the parameter p for a fixed value of z 
and, bearing in mind its rapid decrease at infinity, we can maintain 
that the Hankel functions H(z) are also integral functions of the 
parameter p for fixed values of z. It follows directly from the asymp. 
totic expressions for Hankel functions [112] that these functions are 
two linearly-independent solutions of the Bessel equation. We also saw 
that the Bessel function is equal to half the sum ofthe Hankel functiong 
Jp (z) = Hp (z) t HY) (z) : 
There is a close connection between the Bessel equation (48) and 
the equation 


(50) 


2 4 pw=o, (51) 


which is satisfied by the usual trigonometric functions cos pz and sin pz. 

The Hankel functions are in this case analogous with the solutions 

e”? and e~‘? while the Bessel functions J,(z) are analogous with the 

solution cos pz of the equation (51). Let us also consider the solution 

of the equation (48) which is equal to the difference of the Hankel 
functions divided by 27: 

2 

N,(2)= Hips R . (52) 

This solution, usually known as the Neumann function, is analogous 

with the solution sin pz of the equation (51). From the formulae (50) 

and (52) we obtain directly the following expressions for the Hankel 


functions in terms of the Bessel and Neumann functions: 
HP (z) =J,(2) + iN, (2); HP (2) =Jp(z2)— iN, (z). (53) 
This shows that the functions J,(z) and N,(z) determine two linearly 


independent solutions of the equation (48). 
The Hankel functions have the following asymptotic representations: 
So (2? 
HY (z) = e e (Fa [1 + O (27?)], 


nz 


(54) 
D ee z PeZ 
#9 = |Z EED oe, 


which we have proved for z > 0. Using formula (50) we can, as in 
{113], obtain the asymptotic representation for the Bessel function 


J,() =| [cos (e- 2-2) +06], 68) 
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and similarly, using formula (52) we can obtain the asymptotic repre- 
sentation for the Neuman function when z > 0 


v,@= 2 [ [sin -5 -itoe ij (56) 


In all the above formulae it must be assumed that z > 0 and the 
positive radical must be taken. 

We will now introduce a formula which expresses the Neumann func- 
tion in terms of the Bessel function. To start with we consider the case 
when p is not an integer. We know that the equation (48) then has two 
linearly independent solutions J,(z) and J_,(z). The second of these 
can be expressed linearly in terms of the solutions J,(z) and N,(2), 
which as we have already said above, are also linearly independent 
solutions, i.e. we can write 


J —p (z) = Ci Jp (z2) + Ca Np (2), (57) 
where C, and C, are constant coefficients which we shall now determine. 
Bearing in mind the asymptotic expressions (55) and (56) we can write 


cos (2 + EY — F) = C, cos ( -4 -i+ 


+ C,sin( — — F) + 0,0 (e) + 0,0 (27). 


Notice that the product of a constant, or of any bounded function, 
and 0(z-1) of the order 1/z also gives 0(z-1) of the order 1/z. We thus 
obtain 


cos (z +% -i= 
= C, cos (2 — * — F) + Csin È — FFF) +0 7). (58) 


From this the values of the constants can be deduced by comparing 
the principal terms in the above expansions. In fact, let us suppose that 


C, = cos px — Á; C,=—sinpx— A,, 


where A, and A, are the new unknown constants. Substituting in the 
formula (58) we have 


cos (z + Bt — 3) = cos (z+ 4 — F) — A, 008 (2 - 4 — 3) — 


— A, sin (z —_ #4) + O(z71) 
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or 


i.e. the left-hand side of the above equation which is a periodic function 
of period 2x must tend to zero as z— +œ. It follows directly that 
A, = A, = 0, i.e. 


C, = cospr; C, = — sin pr. 
Substituting these constants in the formula (57) and solving it with 
respect to V,(z) we arrive at the required formula which expresses the 
Neumann function in terms of the Bessel functions: 


Jp (z) cos pr — d -p (2) 
N, Aa sin px : ` 


(59) 


The Neumann and Hankel functions are integral functions of the 
parameter p. Formula (59) is valid as long as p is not an integer. 
When p is an integer the denominator in formula (59) vanishes. But, 
from (8), the numerator will also be zero. Hence to obtain the value 
of the fraction (59) when p is an integer we simply have to abolish the 
indefiniteness and replace the numerator and the denominator by their 
derivatives with respect to the parameter p and assume subsequently 
that p is equal to an integer n: 


892) cos pu — aJ, (2) sin pa — PeO. 


N,, (z) = êp P 





7 COS PX p=n" 


We thus obtain the following expression for the Neumann function 
with an integral n: 
— lfa) 7 __ OJ _p (2) 
ma =e- (- "=e" ] (60) 
Substituting the expression (59) in the formulae (53) we obtain 


formulae in which the Hankel functions are expressed in terms of 
Bessel functions in which p is not an integer: 


HO (2) =i Jp (2) elem _ Jp (z) 
P sin pa , (61) 

H (2) = —¢72 2 a, 
P sin pz 


This leads us directly to the following relationship between Hankel 
functions, the symbols of which differ only by the symbol 


H® (z) = e H® (z); H® (z) = e-i HØ (2). (62) 
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Strictly speaking this formula can be proved on the assumption that p 
is not an integer. But the left and right-hand sides of the formulae (62) 
are integral functions of p and therefore the formula holds for any p. 
When p is an integer both the numerator and the denominator in the 
formulae (61) vanish. Abolishing the indefiniteness, as before, we can 
also obtain a formula when p = 7 is an integer. 

Consider lastly the case when p has the form p = (2m + 1)/2, where 
m is a positive integer or zero. If we substitute this expression for p 
in the formulae (49) which determine the Hankel functions, then the 
integrand will be regular in the whole plane including the points 
t = +1 and therefore the integrals will be equal to zero. But at the 
same time the factor (1/2 — p) becomes infinity and the formulae (49) 
will be devoid of meaning. Instead of these formulae we take the 
expansions (195) and (196) from [112]. These expansions are, in 
general, divergent but they do formally satisfied equations as we 
have proved before. In the case under consideration they will not 
only be convergent but they will simply become finite sums and give 
Hankel functions in the finite form. Consider, for example, the first 
Hankel function with the value of p = (2m + 1)/2: 


= i(z- 223) œ š 
1) | E et = m AN 
HR (2) = = RT Zrmi + e(a) 
or 
Hs (2) = 


2 
eas 


me aÈ- ; 
m(m—1)...(m—k+1) i \k 
|- +r n (m + k)! (=) . 





This shows that all terms corresponding to k > m + 1 will vanish 
and we obtain the following formula for the Hankel functions 


i(z- tne 


Haa =) ° sa Se) (m + JESE (63) 


2 k=0 








Similarly, for the second Hankel function we obtain the following 
finite formula: 


z ete 


t 
Z nz m, k 


> (P) (m + v)! (— sr). (64) 


a 
yo 
T 
O 

Il 

3 





l 
© 
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The formulae (59), (61) and (62) remain valid for the values 
p = (2m + 1)/2. Notice that formula (61) determines the Hankel 
functions when p = (2m + 1)/2; from (19) and (21) we have: 


HR+ (z) = 
z 





= So a 2) EPa dm [\- 1)" 7t) sinz _ cosz 
sin (m+ 3) 7 x (z dz)m z z | 
or 
——— 2m+1 
2 7 am — isin z — cosz 
Hides (@) = (— WS 2 ga (SE), 
so that we can finally write 
— 2m+1 
2 ~z dm el 
Baas pjg? cana ($) (65) 
and similarly 
5 2m+1 -iz 
F e 
Hias (z2) = (— 1)” i] Ja T (=) . (66) 


The expansions (63) and (64) can also be obtained from this. Using 
(61) when p = 1/2 and also the expressions 


J, (2) =) 4 sinz; J (e) =| cos z, 
2 2 


HP (2) = —3 j= et; HE) (2) =a] = e. 
2 2 


A number of relationships which we proved earlier for Bessel func- 
tions can also be easily proved for Hankel functions. We give here 
some of these relationships: 


wo have 











an HY) (z) HO mz). am (HP) HE m(2) 
mil E J=(- 1)" Em ; zil m7 Ja(- 1)" — +m 


=P HD (2) = HP, (2) + HY); ŽE HP (2) = HØ, (2) + HQ (2. 


It follows from the definition of J,(z) that J,(z) and N,(z) are 
real while H® (z) and H® (z) are complex conjugates when p and z 
are real. 
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149. The expansion of the Neumann functionn with aninteger subscript. When 
the subscript is an integer the solutions J,(z) and J_,(z) will be linearly depend- 
ent and we can take N,(z) for the second linearly-independent solution. It is 
therefore interesting to deduce an expansion for this solution which will hold in 
the whole plane. According to the general theorem of Fuchs this expansion, 
apart from integral powers of z, will also contain terms in log z. 

To start with we shall explain certain formulae which refer to the function 
T(z). We obtained for this function the following infinite Weierstrass product 


oo 4 
roM (+t) E  (=0.87...), 
k=1 


where C is Euler’s constant. We know from [68] that the logarithmic derivative 
of this product can be obtained in the same way as for a finite product. Hence 


Iz) 1 epoi 1). 
TE) sa O Slee 5)? 


and putting z = n, where 7 is a positive number, we have 
a) E yp E 9 
T(n) Pa Slate z)= 


J-ohano 








or 
Iim 1 1 


Tea aI nee ee {n = 2,3, ...), 


We also have T(n) = (n — 1)! and therefore: 


ie ae 6a ae 1 1 l = 
SFO" ~F OA ~gom(aitiest es —o) (¢=2,3....), (67) 
also, when ¢ = 1, we have I'(1) = 1 and T’(1) = —C, and therefore 
d 1 
“To (t= 1). (68) 
Let us now consider the case when ¢ is a negative integer or zero. We know 
that T(z) has a pole of order one with a residue (—1)"/n! at the point z= — n, 


i.e. in the neighbourhood of this point we have the expansion 
(—1)" 
ni (z +n) 

E E zon ; 
T (z) 1+ tn) tpn.. 
By performing a simple differentiation we obtain directly 


da, 
dt T (t) t=-n 


T(z)= +a talz +n) +... 


or 





=(—1)in! (n=0,1,2,...). (69) 
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Let us now try to find the expansion of the solution N,,(z) which is given by 
the formula (60). We have 


ae) SSG) reste 





and, differentiating with respect to the parameter p, we obtain: 








pe) = log Jp (2) + (5) > cir G (+ Fo). esi 
Wg vepra (E SEP aa pte 


We now put p = n and we obtain 








O | ig BG Tale) + BPA SG) Ca ror ensues 
and 
eee (E SET Eron 





Substituting in formula (60) and using the formulae (67) and (68) we obtain 
finally, when n > 1: 


a Nq(2) = 2Jq (2)(log-% 4-0) —(2) "SEM (ey 


k! 
k=1 
ee 
= > nera G) irtam te tt 
+t r+ tI) (10) 


and when n = 0: 


Ny (2) = 23 (2)(log = roas at Bi (trir teH). (11) 


150. The case of the purely imaginary argument. If Z,(z) is @ 
solution of the Bessel equation then, as we know, Z,(kz) is a solution 
of the equation se 49] 


+ EHe -Z )w=0. (72) 
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If we put that k =7% we can see that the function Z,(iz) is a 
solution of the equation 


erty aau Á 


Let us suppose, to start with, that Z,(z) is equal to J,(z): 


ye (HP z \p+2k l p+2k 
Toli) = Sarprety is) a aresren(s : 


To obtain a solution of the equation (73) which is real when p and 
z > 0 we multiply the above solution by the constant i-? = e~@/?)P#!, 
We then obtain the following solution of the equation (73): 


—1 pai pt2k 
I, (z) =e 2 Jp (iz) = Zaro ra 5) . (74) 


The function I_,(z) is also a solution of the equation (73) and, when 
pis not an integer, J,(z) and I_,(z) are two linearly independent solu- 
tions of the equation (73). 

If we now take Z,(z) to be equal to the first Hankel function H(z) 
then, by adding another constant factor, we arrive at the following 
solution of the equation (73): 


h ee 
„ 3 P7 
K, (2) = 5 mi HỌ (az). (75) 
From (62) we can rewrite this formula as follows: 
5 Pai 


Kp(2) =} nie *” HO (iz). (76) 


Using the first of the formulae (61) we can express K (z) in terms of 
I,,(z). In fact this formula gives: 





l enh! Tp (iz) e 7 — Fp (iz) 
K, (2) = PIN z7” sin px 
or, using (74): 
1 —1 pai —1 pi 
K (2) = — 2 ne2?™! Ip (ze 2 — {p (z)o 2 
2 sin px , 
and finally: 
Ipe- Ip (2) 


K, (2) = (77) 


sin px 
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The functions I,(z) and K,(z) satisfy relationships analogous to 
the relationships deduced for J,(z) in [144]. 

Using (74) and the fact that J_,(z) = (—1)" Jn(z) for Bessel func. 
tions with integral subscripts, it can readily be shown that 


I_,, (2) =I, (2). (78 
An expression for the function K,(z) with an integral subscript can 


be obtained from (77) by taking the limit as p—> n and eliminating 
the indefiniteness by taking the differentials: 


_ (— 1) [ ape) Op (2) 
ro- SERS- RO] o 


As we said in [112] the asymptotic formula: 
npo = Ze t-77- p + oc eps] 
P ~ f az 


is valid when —z + e < arg z < z — e, and therefore we can replace 
z by iz, where z is real and positive and arg (iz) = 2/2. Using formula 
(75) we obtain an asymptotic expression for K,(z) when z > 0: 


K, (z) = = niea?™ [Zei =g ei(-ẸF -3) [1 +0(z (2-4)] 


or 
K,(2)= |= e= [1 +0],  (2>0), (80) 


i.e. the function K,(z) decreases exponentially as z— +9. 

The equation (73) is often met in mathematical physics and there- 
fore the solution K,(z) with its exponential decrease is of great im- 
portance in applications to problems in physics. 

In some cases the symbol K,(z) denotes a function which, in our 
notation, is equal to cos px K,x(z). 

If k is replaced by 7k in the equation (72) then we find that the 
functions I,(kz) and K,(kz) are solutions of the equation: 


aie ti-e P )w=0. (81) 


These solutions will be linearly independent in the same way as 
J p(z) and HY (2) are independent in the Bessel equation. 

Numerous tables for Bessel functions are available. We mention, 
for example, the book by Prof. Kuzmin Bessel Functions in which 
tables are given. 
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151. Integral representation. To explain certain properties of Bessel functions 
it is convenient to use integral representations which differ from those we 
considered earlier. These representations can be obtained by superimposing 
two-dimensional waves (Frank and Mizes, Equations of Mathematical Physics) 
or by the method of integral transformations (Courant—Gilbert, Methods of 
Mathematical Physics), or, finally by the method of linear transformation of 
Bessel functions which we introduced above. We shall pursue the third method. 
Replacing 1/I'(p + k + 1) in formula (7) by its expression in terms of a con- 
tour integral [74], i.e. 


1 1 
See Es aA ~—(p+k+1) 
mor a Se 
J 


where J’ is a contour which encircles the negative part of the imaginary axis, 
we obtain 


J, (2) = 1 > = fe ig eae 





‘Qnt | 


ey eae = 2k 
=e (+1) -=k 
27i (= 3) , =0 (5) ar 
r 





As a result of the uniform convergence of this latter series the transposition 
of summation and integration is ‘ea The summation gives: 


z\ Z gr 
ae P+) eg a 
n= Qi wG ee ars v 
A 


We assume that the complex number z 
satisfies the condition 


largzi<+, (82) 


and we replace the variables according to 
the formula t = (1/2) zt. We then have 





Fic. 74 


i pe 
Tp) = aq [Pet (7) ae, (88) 
i 


where we can take the former looped contour l’ as the contour of integration. 
Formula (83) was developed by N. Ia. Sonin (in 1870). 

Take for J a contour consisting of the lower edge of the cut along the negative 
part of the real axis, the circle | ¢| = 1 and the upper edge of the same cut. 
If we take the new variable of integration given by the formula ¢ = e”, the con- 
tour of integration I will be transformed into the contour C, shown in Fig. 74 
and the function J,(z) will be given by the following final expression: 





Jp (2) = f ezsinbw-P aay, (84). 


Ca 


2zi 
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Notice that all parts of the contour at a finite distance from the origin can be 
deformed in any way we please. To obtain further results it is convenient to 
transform the integral (84). This can easily be done if we assume that C, has 
the form shown in Fig. 74 and that w = 9 — xi. 

Using the relationship sinh (g + 2zi) = sinh g the following formula can 
readily be obtained (cf. [146]): 


n oo 


1 3 i -pp 
Jp (2) =; feos (pp — z sin p) ap- =F" fe pp-zsinhe dp, (85) 
0 


Let us now construct an integral representation of the type (84), for the remain- 
ing cylindrical functions. 

If we use formula (85) and also the relationship [148] 
Jp (2) cos pr — Jp (2) 


Np 6) = sin px 


$ 


we can obtain the equation 
n 
aN p (z) = cot pa | cos (py — z sin p) dy — 
0 
a æ 
= rfo (pp + z sin p) dọ re ae dg — 
0 


— cos pa | e=PP=zsinno dp 


0 
or 


a - 

Np (2) = = f sin (z sin ¢ — pp) dg — = [oor + e7”? cos px) e788? do. (86) 
0 d 

This formula, together with formula (85), enables us to find an integral repre- 


sentation for the Hankel functions: 


Hp (2) = Jp (2) +iNp (2); HP (@) = Jp (2) — Np (2). 


We have: 
1 
w — zsinh w— pw 
Hp (2) = ae fe dw, 
Ci (87) 
(ES) ae =f zsinh w—pw 
Hp’ (z) = a dw, 


C: 


where C, and C, are infinite contours connecting (— œ) with the points (©, 
+21) and (0, — zi) respectively. The extension of the formulae (85) and (87) 
when z is arbitrary can be performed by the method of analytic continuation 
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152. The asymptotic representation of Hankel functions. The integral repre- 
gentations (84) and (87) are convenient for finding the approximate expression. 
for cylindrical functions when the values of |z| and |p| are large. Put 


But (88) 

and consider the function 
/ (w) = sinh w — $w. (89) 
The integrals in the formulae (84) and (89) will then take the following forin 
f A dw. (90} 


C 


¥ 


We shall use the method of the steepest descent and assume that p and z. 
are positive and real. 





Fic. 75 Fic. 76 


Before using this method it is important to explain the position of the saddle 
points w, which are determined by the condition 


F (w) = cosh w, —§ = 0, 
and to establish the position of the contours 
I, (sinh w — $w) = I, (sinh w, — Ew) 


and, lastly, to convince ourselves that the contours C,, C; and C, can be trans- 
formed to the lines of the steepest descent of the function (89). 

We shall investigate all these cases and consider three separate instances 
depending on the value of £ = p/z. 

Case 1. £> 1, z> 1. The saddle points are at w, = +a, where a> 0 is 
derived from the equation cosh a = &, The equation of the stationary con- 
tours which pass through the saddle points are as follows: 


v = 0 and sin v cosh u = v cosh a (w= u + vi). (91) 


These stationary contours, situated symmetrically with respect to the axes of 
Coordinates, are shown in Fig. 75 where the directions in which the real part 
of f(w) decreases are shown by arrows. Considering 


R |f (w)] = sinh u cos v — $u, 
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it can readily be seen that if we take for the contours of integration C,, Cc, 
and C, in the formulae (84) and (87) the stationary contours (— œ, —a, a, B) 
(— œ, —a, a, A) and (A, a, B) respectively, then the cylindrical functions for 
large values of the argument z are determined by integration along small 
sections of the contours in the neighbourhood of the saddle points. We shal] 
give details of these calculations by taking the function HW (2) as an example, 
Changing the path of integration we replace the stationary contour (— œ, 
—a, a, B) by the contour C shown in Fig. 76. We then have 


Wy) — | zf) 
Bp’ (2) = mt? dw. (92) 
c 
Choose the value 
1 
12 3 
ET (; cosh =) (98) 
and assume that z is such that 
amme e=N>8. (94) 


Notice that we had to make similar conditions in Example 2 in [80]. 
It follows from (93) and (94): 





2 2 
z sinh a = N (z cosh a)3 > 3 (z cosh a)3 (95) 
yī8 
and 
6 sinh a sinh a 
~ N cosh a O26 cosha ` (96) 


‘This will be useful in later results. 
Break the integral (92) into the sum of the following five integrals: 


—a— 8 —a+4+8 a—8 
f oF dw + f et) dw + 5 oF) dw + 
== —a—s —a+e 
a—s+ni oo tai 
+ f awt f Paw. (97) 
a—s a—s+ani 


‘The second integral we considered in [80]. Let us find the upper bounds of all 
the remaining integrals in (97). To do so we consider 


® (w) = R [f (w)] = sinh u cos v — u cosh a. (98) 
In the interval — © < u < — a — e we have: 


© (w) = Ø (— a — £) + [G(w) — 6 (— a — «)] = 8 (— a — £) — 


sinh (a + £) 
2! 


< @(—a—e) — [cosh (a + £) — cosh a] |u +a +e]. 


— [cosh (a + £) — cosh a] ju +a + €| — lu+a+el—...< 
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152] 
But 
sinha , cosha 
@(—a—e) =f(—a—e)=/(—a)— 2] t= Ee 
sinha ,_ N 
<f(— a) — SS emaa 
and 
cosh (a + £) — cosh a = sinh a E pors e+... > mas E cosh a 2> 
sinha 2 + cosh aa 3N cosha 
2 € 2 z sinha’ 
Therefore finally 
N 3N cosh a 
(w) <fa- zaz letate Sa” 
Using this inequality we find 
|1 ma—s -N h 
zf») Hegt mmaa 
f e dw| < e 3N cosh a ` (99) 





In the interval —a + e < u < a — £, v = 0 we have: 


@ (u) = f (u) = sinh u — u cosh a 
I’ (u) = — (cosh a — cosh u) < — [cosh a — cosh (a — e)] 


{f (u) < f (— a + £) — [cosh a — cosh (a — e)] (u+a—e). 























But from (96) 
sinh a cosh a sinh a 
f(—a+e)=f(—a)— Ji et T e — Zi aa e E aS 
sinha , _ cosh a 
Sd) oy 3 8 = 
sinha , £ cosh a N 
=i Glas 2 (1 -Se <f(- 9-08, 
and 
cosh a — cosh (a —e) = Se = SOS g SOE a5 
Sesinia e cosh a p5 siba n2 5N cosh a 
Su a( - Soars 3 2 e ? dzsinha’ 
using (94) and (96). 
We have finally 
N N 5 cosh a 
t (u) < f(—a)— 0.15 —— -z u tae) po: 
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Using this inequality we obtain: 


a—s 
3 sinh a = es 
2f(w) zf(—a)—0.75N 
J Sirod EN coh aS i (100) 
—a+e 


To obtain inequalities for the last two integrals in (97) we consider 
f (— a) = — f (a) = (a — tanh a) cosh a. 


Using the expansion 


„o on 
a = arc tanh) =) +- tg tees 


we obtain 
tanh? a sinh? a 


f (— a) > cosh a —— = 3 cht’ 


If, however, we use (95) we can write 


I< Ee. 


In this case, from the inequality a > e, it is evident that 
N? 
f(a — e) <0 < {(—a)— șir 


To find an upper bound for the fourth integral in (97) we notice that in the 
interval u = a — £, 0 < v < x and we have 

® (w) = f (a — £) — (1 — cos v) sinh (a — £). 
But 


2v? 
l— cos v > —y > 
7 


and from (96), 





sinha _ sinh a 2 
sinh (a — e) `. sinh a 
sinh a — e cosh a + £? i 
sinh a 100 
sinha—ecosha ~ 25 = 
i.e. sinh (a — €) > (1/4) sinh a. Therefore 
o , N: po 
® (w) < f (a — £) — 5 sinh a < f (— a) — gir gyz sinh a. 
Using this inequality we obtain 
a~—e+ni N3 
2f(w) a Ore 
f e dw <|" 54 (101) 
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Finally in the interval a — € < u < œ, v = 2 and we have 

@ (w) = — sinh u — u cosh a < — u cosh a < f (— a) — -F — u cosh a. 
Therefore we obtain the following inequality for the last integral in (97): 


o +r -N 
oF) dw| <70 L * (102) 
z cosh a 
a—s+ni 


Notice that the inequalities (101) and (102) could easily be made more exact. 
Let us now return to the expression (92). Using (97) and also the inequalities 
(99), (100), (101) and (102) we obtain the following expressions: 


~—ats | 


PGs) J, eee j (103) 
see 
in which 
f(-a)|_3 sinha orn , Sinha -nN 
een Eca Sy cosha À? + 
4.4 1 Ne 
A r + z) e “|j. (104) 


The integral in (103) we investigated in [80] where we saw that it can be repre- 
sented by the formula 





—a +8 

L f Wawa 
m 

Aoi 

2 3 l 5 h2 1 
= — < a | -=( __ 5 cos 2) i 7 
Vx $ (= sinh z) 1 8 l 3 sinh? a z sinha + w j|, (105) 
where 
N 5 

; e` N’ cosh? a 2 2 coshéa Sora 

Lee Vx (1+ 6z sinh? a } (canna) (= + 35 sinh? a + sae): 


(106) 


If the term w in (103) is taken into account then the function H(z) can be 
represented by the right-hand side of the formula (105) where instead of œw 
we have w’ + œ” and where wœ” satisfies the following condition: 


1 : 
lo] < 1 (S| 3 sinh a e20-15N sinh a oN 


Yn 2 5N cosh a + 3N cosh a 
N? 


di (A= + saara}o | (107) 


Yzsinha #Sinha 
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We can easily find an upper bound for the right-hand side. To do so it jg 
sufficient to use the equation 


1 — 
(Z =) sinha _ YN 
—_ = 





N cosh a 6” 


which follows from (95). With the aid of this equation the values of the right. 
hand sides of (106) and (107) can be compared. It thus appears that when N > g 
the value of (106) exceeds the value of the right-hand side of (107). Therefore 
when N > 8 the error in the formula for H(z) [of the type (105)} will be 
determined by the second term in (106). Notice that the condition N > 8 in 
our calculations is equivalent to the requirement: 


2 
z sinh a > 3 (z cosh a)’, (108) 
i.o. 


a 
Vp? — 2? > 3p3. (109) 


Terms of an even smaller order can be calculated similarly. We then obtain the 
following formulae: (cf. Watson: A Treatise on The Theory of Bessel Functions) 


Son s 
HY ees /z= aot Pate tanh PG (—8) 


Can (110) 
(2) (0) 2 —s+ pare tanh 5 = 
Hy” (z) iZ G (— 8) 
and 
1 }/ 2 s—parctanh $ 
w — — P 
Jp (2) z |Ż e G (8), (111) 
where 


8? = p? z, 


1/1 5pt) 1-3/3  TĪp  385p8 
and 6@)=14+4(>-) L H Se) H (112) 





This series does not converge for any s and p. However when s and p are suf- 
ficiently large then the terms decrease before beginning to increase again. 
The series (112) must always be terminated by terms which are still decreasing. 
It can be proved that if the series (112) is discontinued in the way described 
above and if the inequality below is satisfied 


2 
Vp?— 2? = 8 > 2.5p°, (113) 


(Note that this condition can only apply when p > (2.5)? ~ 16), then the right- 
hand side of (111) gives approximate values for Bessel functions to an accu- 
racy greater than that of the last remaining term. 

To obtain a clear picture of the behaviour of Bessel functions when z < p 
the following expansion can be used: 


83 


+t 


arc tanh ae 
Pp Pp 
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It is then apparent that the expression 


3 
(pP? — 7°)" 


age he 


— s + p arc tanh È = 
p 
increases as z tends to zero from values close to p. It can be seen from (110) 
and (111) that when the values of z vary in the way described above, the Hankel 
functions will grow exponentially and the Bessel functions will decrease expo- 
nentially. This latter fact is used, for example, for testing the convergence of 
series of the following type: 


5 CnJn (@)- 
n=0 


If | c&n | < Mn’ (o > 0), then the above series will, in any case, converge when 
n> o. 
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CasE 2. $ <1, z> 1. The saddle-points now have coordinates w, = + fi 
where cos 8 = ¿(ß > 0). The stationary contours, determined from the 
equations 

oe a (114) 


sinh u sin v = (v + $) cos $ — sin B, 


are situated symmetrically with respect to the axes of coordinates and pass 
through the saddle-points +78 and œ respectively. These stationary contours 
are represented in Fig. 77 where the directions in which R[f(w)] decreases are 
marked by arrows. 

If we take the stationary curves (a) and (b) which connect (— œ) with the 
points (co, +2) and (œ, — xi) respectively, for the contours of integration 
C, and C, in the formulae (87), then the determination of the principal parts 
of the Hankel function will involve integration in the neighbourhood of the 
saddle-points + £2. It, is then apparent that the values of both Hankel functions 
are of the same order as their sum. Therefore to obtain the asymptotic representa- 
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tion for the function J, (z) it is not necessary to perform additional calculations 
but it is sufficient to use the formula: 


l 
Jp (2) = 7 [BP (@) + HP @)]. 
Tho asymptotic formulae can be constructed by the usual method of the steepest 


descent. Without performing these calculations here we give the following 
final formulae: 


HP (2) ~ yz G (ei) e"f, 
HP (2) ~ | 2 G(— sije", (115) 


2 F 
J (2) ~ ) — (G, cos p + G; sin 9), 


in which 
z? = p + at; G (si) =G, — Gi; p= s — p arctan — T » (116) 
and where G(s) is the series (112). It can be shown that when 
= 
¥2—p?=s>2.5p3 and a>6 (117) 


and if in the expressions G, G, and G, only decreasing terms are retained, then 
the error in the formula (115) will not exceed the value of the last remaining 
term. It can readily be shown that the asymptotic formulae (115) become the 
Hankel formulae which we obtained in [112] when z > p. 

We can obtain the corresponding formulae on the assumption that in the 
series G, G, and G, only the first terms are retained. Noting that when z > p 
the following approximate equations are valid 


s z n 
s~z and arc tan — ~ arctan Z~ >) 
P P 


we obtain from (115): 
E eed 
Paon, žeti? 


BPa Ze- | (118) 


Case 3. £~ 1, p > 1. The position of the stationary contours and of the 
saddle-points can, in this case, be established by taking the limit as — 1. It 
is then apparent that the saddle-points lie near the origin and that by moving 
along the stationary contours, the value of integrand changes very rapidly. But, 
in spite of this, the above calculations become devoid of meaning since the 
condition (113) is no longer satisfied. 
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The case of the asymptotic representation of Bessel functions in which we 
are interested corresponds to the conditions 


2 
Vip- zj~ lp p> 1, (119) 


and was first systematically studied by Academician V. A. Fok (V. A. Fok, 
A New Asymptotic Representation of Bessel Functions, Reports of the Academy 
of Science, 1934, vol. 1, No. 3, pp. 97—99; V. A. Fok, The Diffraction of Radio 
Waves Round The Surface of The Earth; V. A. Fok, Tables of Eiry functions). 
We explained the result of his investigations in the example of the function 
HON). 

If in the first of the formulae (87) w is replaced by (—w) we obtain for HY\(z) 
the expression 


HP o) = fems to aw, (120) 
c 


in which the path of integration connects (— œ, — xi) with (+ œ). 

The saddle-point of the integrand function in (120) lies very close to the 
origin and the stationary contour can be modified to a contour along the 
straight line I,,(w) = —zx, from (— œ, — zi) to the point w, = — x/y3’ — xi, 
then along the straight line from w, to the origin and, finally from the origin 
along the positive part of the real axis. When moving along this path away 
from the origin the integrand function decreases very rapidly. Therefore the 
value of the integral (120) is determined by integration along a small section 
of the contour near the origin. Denote this section of the contour by l, We 
can then write: 


He) = =| fonts eter dw +m, (2.7), | (121) 


8 


where the upper bound of w,(z, p) is approximated to in the same way as we 
did when £ > 1.When the values of z are greater the value of w, appears to be 
negligibly small. 

Let us suppose that 


eo 


p=z+ (5) t (122) 


and introduce a new variable of integration 


We thus have 


: T? z |2 4 z zy! 
-z sinh wt poner 2 Ee 2) ~ sty (V3) wee (124) 


and 


a = 
e72sinh w+pw __ er 5 F on ale. ($) 
60 (2 
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Notice that the expansion on the right-hand side converges rapidly on the 
contour l, 

To obtain an approximate expression for HM@) the equation (125) can be 
substituted in (121). We then obtain the following expression for the integra] 


along l: 
($ 
2 ) 


in which small terms are omitted. Notice that the contour e, in this formula con- 
sists of straight lines connecting the point (z/2) (— 2//3 — zi)e/3 with the 


2 


b l f(z) 3 ens 
[js sar- zy (5) [re 3dr+... 
L L 


8 E 


ai 
8 


(126) 





origin and the origin with the point e2 E. 

Let us consider finally the contour T formed by the ray arg t = 42/3 with the 
positive part of the real axis. The first integral in formula (126) can then be 
written in the form: 

3 


3 T 79 
a= t-5 t-> 
fe Pdr = fo 3 dr— Je 3 dr, 

L r 


E T L, 


and the same thing applies to the second integral. 

The upper bound of the integral along that part of the contour I which does 
not belong to the contour L (this part we denoted by T — L.) can easily be 
calculated to be negligibly small when z is large. Therefore when z>1 the con- 
tour of integration L, in formula (126) can be replaced by the contour I’. As a 
result we obtain the following approximate formula: 


1 2 
HS ) z\"3 1 {2\75 d5w(t) 
D(z) = = (3) Jeo- > (3) s tel, (127) 


in which 
z3 
w=} l 3 dt (128) 
7. 


is the Airy function investigated by V. A. Fok. Tables have been constructed for 
this function. We notice in conclusion that formulae for calculating the residue 
in formula (127) can be obtained without difficulty in the way deseribed above. 

The treatment of this subject and the examples in [80] aro due to Prof. 
G. I. Petrashen. 


153. Bessel functions and the Laplace equation. The Bessel equation 
occurs frequently in problems of mathematical physics. Owing to the 
lack of space we are unable to investigate fully the applications of 
Bessel functions and we shall only consider basic facts which connect 
the Bessel equation with the fundamental equations of mathematical 
physics. 
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Let us begin with the Laplace equation. Previously we investigated 
the Laplace equation in spherical coordinates and we thus arrived 
at spherical functions. Similarly, by writing the Laplace equation in 
cylindrical coordinates and separating the variables we arrive at Bessel 
functions. 

The Laplace equation in cylindrical coordinates has the form: 

0 0U 1 U eu 
atal a ap Oar 

We shall seek a solution of this equation in the form of a product 
of three functions, one of which is a function of g, the second a function 
of g and the third a function of z: 


U = R (9) (p) Z (2). 


Substituting in the Laplace equation and separating the variables 
we have: 





d f dk (e) d ® (p) d? Z (z) 
wl? | pl i Fg 
R (e) e (9) Z (z) i 


Each of the above fractions will be equal to a constant since only 
the independent variable ọ varies in the first fraction while z only 
varies in the third fraction. Equating the second fraction to a constant 
(—p*) and the third to a constant k? we obtain the following three 
equations: 


D” (p) + PD (p) =0; Z” (z) — k? Z (z2) = 0; 


2 [eF (e)] — Z R (e) + k?eR (e) = 0, 
or 


R" (e) + ig (e) + (r — Z) R (0) =0. 


We shall, for the moment, assume that the constants g and k are 
not zero. The first two equations give 


AG cos pp 
nal ee aa P= i pp 


Z (z) et", 


Finally, the third equation gives Z,(k 0), where Z,(z) is an arbitrary 
solution of the Bessel equation with a parameter p. If we require a 
single-valued solution then we must assume that the constant p is 
equal to an integer n. 
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We then obtain the solution of the Laplace equation in the following 


form: 
4 pz COS MP 


[C, Jn (ke) + C, Nn (ko)], (129) 


sin np 


where n is any integer and the constant k is arbitrary. 

If k = 0 then in place of Z(z) = e* we assume that Z(z) = 1 or 
Z(z) =z and the equation for R(e) will give R(g) = e*?. Finally 
when p = 0 we assume that (p) = A + Bog, and when p=k~=0 
that R(e) =C + Dlog 9. When n = 0 formula (129) gives the 
solution in the following form: 


e** (0, Ja (ke) + C, No (ke), (130) 


which does not depend on the angle p. These equations are of impor- 
tance in connection with potentials of masses with an axial symmetry, 
If we require a finite solution when ọ = 0 then we must assume in 
formula (130) that the constant C, is zero and we then obtain a 


solution in the form 
ett J, (ko). (131) 


When solving Laplace equations of this type it is possible to obtain the 
solution l/r which is of fundamental importance in the theory of Newton's 
potentials, viz. the following formula will hold 


(oJ, (ko) ak = —— 


Yer +z 





=i  (æ>0), (132) 


which has numerous applications in the theory of potentials. To prove this 
formula we consider formula (42) which gives 


n 
eT J, (ke) = — [artery 


-x 
and integrating with respect to k we obtain: 


e” kz—ikọsing |k=@ 
fes, (ke) dk = y JEn < | dg, 
0 


z — ig sin p 


or, substituting the limits 


æ a 
~kz _ iil 1 
Je Ja (ko) dk = -z ESET. dy: 
d 


This latter integral can easily be evaluated by the method given in [57} 
whence formula (132) follows directly. 
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If we replace the constant (+k?) by the constant (—k?) then e**? 
becomes cos kz and sin kz, while Jp(k g) and N,(ke) can be replaced 
by Ip(ko) and K,(keg). 


154. The wave equation in cylindrical coordinates, Let us consider 
the wave-equation: 





eu 
qe = PAU, (133) 
where 
U , U , BU. 
a= oar ar Wat 


we shall seek its solution in the form of a product 
U =e (2, y, 2). (134) 


Substituting in the equation (133) we obtain for V a solution in 
the form 


AV +k? V =0, (135) 
where 
ke 2 (136) 


The equation (135) is sometimes called the Helmholtz equation. 
If we take any solution of this equation, substitute in formula (134) 
and separate the real parts then it will give us a real solution of the 
wave equation which, in relation to time, represents a harmonic 
vibration of frequency. In some cases this solution can represent a 
stationary wave and in other cases a propagating wave. We shall ex- 
plain this with simple examples. If we examine, for example, the pro- 
duct e~' sin kx then its real part cos wt sin kx defines a stationary 
wave. Similarly, the product e~' cos kz also defines a stationary 
wave. If, however, we examine the product et of then its real 
part cos (kx — wt) is the sine wave which moves in the direction of 
the X-axis with velocity w/k. When Bessel functions are applied, 
cos kx and sin kx can be replaced by J,(ke) and N,(ke) while o" 
and e~‘** should be replaced by H® (ke) and H® (ko). 

Let us now return to the equation (138) and write the Laplace 
operator in cylindrical coordinates assuming, for the moment, that V 
does not depend on z [II, 178] 

ov 1 OV 1 y 


ter + yap te ape FMV =O. 
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We have already solved such an equation by separating the vari- 
ables and we know that it has solutions of the form Zp(kọ) %5 fe. 
where Z,(z) is any solution of the Bessel equation with parameter p, 

By assuming that p = n is an integer we obtain a single-valueg 


solution. When taking the Bessel function we obtain the solutions 


EA cos np 
ere nthe) sin ng ’ 
the real part of which 
cos np 
cos wt J „ (ke) eae 


determines a stationary wave. If we take the first Hankel function 
as a solution then, bearing in mind the asymptotic representation of 
Hankel functions when the value of the argument is large, we have, 
by taking the first terms only the following asymptotic representa- 
tion: 


om lat 170) (tg) = 0! a) Ea [1 + O0(e—)], 


zko 
i.e. we have a propagating wave at infinity the phase of which moves 
to infinity. We say that these solutions satisfy the radiation principle. 
If, however, instead of the factor e'® we take the factor e, then 
in order to satisfy the principle of radiation we must take the second 
Hankel function as the second factor on the left-hand side since, 
according to the asymptotic expansion, we have the following 
asymptotic equation: 

i (wt—k +7 
e pes 


DVE p+ oe]. 


Consider now the general case when the function V depends on 
the coordinate z. Equation (135) then becomes [II, 119]: 


1 ə əy 1 V z 
2 te (0a) + apr + a FHV =O. 


elet HM (ke) = 


We will seek its solution in the form: 
V = R (e) D (p) Z (2). 


Separating the variables as usual we obtain the solution of the equa- 
tion: 


Z, (V= Ro)e £ihz 9S PP (137) 


sin pp’ 
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where Z,(z) is any solution of the Bessel equation. Putting 
k — k? = 2? and considering single-valued solutions (p = n which is 
a positive integer) we obtain the following solutions: 


r 888 OP 
sin np 


—— cos 
(138) and H® (dg) e!*-#2 A (139) 


Jn (Ae) sin ng" 

The first of these remains finite when @ = 0 and describes a station- 
ary wave. The second solution satisfies the radiation principle. The 
solutions of the first type are generally used when the inner part 
of a cylinder containing the axis ọ = 0 is the domain in which the 
vibrations occur. Solutions of the second type are used for the space 
outside the cylinder. In diffraction problems many-valued solutions 
where p is not an integer are also be frequently used. 


Let us consider one particular problem. The equation (135) has the obvious 
solution eř* = efke cos? Multiplying this by e~! we obtain the solution 
e((**~~!) which represents an elementary flat wave propagated along the X-axis. 
Let us suppose that this flat wave exists not in the whole infinite space but only 
outside the cylinder @ = a, where it must satisfy the boundary condition: 


Y = 0 (when ẹ = a). 

To satisfy this boundary condition we must add to the solution e” of the equation 
(135) a certain other solution of this equation (additional disturbance caused 
by diffraction) and this additional solution must be single-valued and satisfy the 
radiation principle. Bearing all this in mind as well as the independence of z 
of the fundamental solution we shall seek the additional solution by using ex- 
ponential functions instead of trigonometric functions, in the form of a linear 
combination of solutions of the form (139) when 4 = k: 


To a in 
Y a,H® (koe  (e>a). (140) 


n= = 


We only have to determine the coefficients ap from the boundary condition. 
Remembering formula (37) and putting ¢ = ie? and z = kọ in this formula, 
we can write the given fundamental solution in the form: 


e = oike cose — 2 a Jn (ko) o? (141) 


ñ= 
The boundary condition gives: 


æ +o 
5 itd, (ka) el"? + X ap HP (ka) o = 9, 


n=—= n=- 
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and we thus obtain the following expressions for the coefficients ap: 
n Jn (ka) 
Ss gt Se 
Q_,=—7 HO (kay 
The final solution of the problem will thus have the following form: 


et h Jn (ka) 
2° HP (ka) 


V = o" _ H® (ke) o"? (e >a). 


The above problem has applications in certain cases of diffraction of electro- 
magnetic waves from an infinite conducting cylinder. The series obtained above 
are of practical use only in cases where the waves are comparatively long. 

It is interesting to compare the diffraction of an elementary flat wave with 
the vibration of a round membrane [I, 178]. Notice, first of all, that in the first 
case the number k is given (it is determined by the frequency w of the falling 
wave) whereas in the second case it was determined from the boundary conditions, 
In the diffraction problem the coefficients of the expansion are determined from 
the boundary condition, whereas in the second case they are determined from 
the initial condition, i.e. from the vibration picture when t = 0. In the diff- 
raction problem we have no initial condition since we are not considering the 
general diffraction problem with an initial disturbance but only an established 
sinusoidal case with a given frequency w with respect to time. 


155. The wave equation in spherical coordinates. Consider now the 
equation (135) in spherical coordinates. It has the form: 


ov 2 OV 1 
eee ant a EES; 


We consider a solution in the usual form: 
V =} (r) Y (6,9). (142) 


Substituting in the equation and separating the variables we obtain 





f (7) r f(r) re YY (8, ¢) 


where A, Y is determined from the formula (71) in [135]. We thus 
obtain two equations of the following form: 


fe) ZEN 1 MFO) 4 ye 9 


A, ¥+ay=0 (143) 
and 


PŽ +(e- i)o. (144) 


The equation (143) is the same as the equation we obtained for 
spherical functions. If we suppose the solution is single-valued and 
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continuous we obtain the following possible values for the constant A: 
A,=n(n+ 1) (n=0,1,2,...) 


and these will correspond to the solutions of the equation (143) which 
are the usual spherical functions Y,(0, »). The equation (144) can be 
rewritten as follows 


f(r) + fa(r) +(e- 2 SE") 6, (7) <0. (145) 


We now replace f(r) by a new unknown function R(r) according 
to the formula 


Ín (r) e a (r). 
Substituting in the equation (145) we obtain for #,(7) an equation 


of the form 
l 


R3 (r) + R; (r) + e- (+3) je, (7) =0, 


and therefore R,(7) is equal to Z,43;2 (kr), where Z,41;2 (r) is the 
solution of the Bessel equation with the parameter p = n + 1/2, and, 
according to (142), we have 


y= Zane) (6.9)  (n=0,1,2,...). (146) 
T 
Notice that here the solutions of the Bessel equation are expressed 
in finite form in terms of elementary functions. The choice of the 
solution Z,41;2 (kr) is determined, as in the previous section, from 
the physical conditions of the problem. The following three functions 
are usually considered: 


ED (o pr Ba (e); aa (e0) = “Op Ha (0); 
=| E (147) 


Ya (e) = ae 0) =7 Ple ) + PO 


where the constant term |/7/2 is added to make calculations more 
convenient. In particular when n = 0 we obtain, from [148]: 


e£ e`"? sin @ 


Wesi si e= 
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Solutions which are independent of g have the form: 


aot: 2 (kr) 
E SA P,, (cos 6), 
and when n = 0 we have 
Z, (kr) 
2 
Vr 
To obtain solutions of the fundamental equation (133) we 
must multiply the solutions (146) by e*'' or, which comes, to the 
same thing, by cos wt and sin wt, where w and k are connected by 
the relationship (136). If we separate the variables in the equation 
(133), as usual, assuming that U = T(t) V (x,y,z), we obtain the 
equation (135) for V, whereas for T(t) we have 





T" (t) +æ kT (t)=0 (a? k? = w?), 


which has the above functions of ¢ as solutions. But we have assumed 
until now that k (or œ) is not zero. When k = 0 then we must take 
T(t) = A + Bt and we simply obtain for V the Laplace equation 
AV = 0. Thus we also obtain a solution in the form: 


(A + Bt) r" Yn (9,9), (148) 


which must be linked with the solutions (146). 


Here, as in the above case with cylindrical coordinates, we can pursue to the 
end the solution of the problem of vibrations inside a sphere with given 
initial and boundary conditions, as well as the problem of the diffraction of 
a flat wave from a sphere. 

To start with let us suppose that we want to find the solution of the wave 
equation 

eu 


or aU, (149) 


which satisfies the initial conditions: 


Theo=ho Z| =hinee) — (r<a) (150) 


and the boundary condition 
au 
er 
On referring to the solutions (146) and bearing in mind that our solution is 
required to be finite when r=0, we take Zntije(kr) equal to J,,4,,,(kr) and we 


=0. (151) 


rea 
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determine the values of k for a given » from the boundary condition: 


ap Le or a E EOE RRN aa ala (152) 


In future we shall denote the positive zeros of this equation by 
LO (m = 0, 1,2, ...). 
Also the solutions (148) satisfy the boundary condition (151) when n = 0. 


According to Fourier’s theorem we must seek the solution of our problem in the 
form: 


U=A+Bi+ 
J 1 (mr) 
we a nti 
+> D> [rW (8, p) cos ak t + y2 (8, p) sin ak‘ ¢)] eae ats . (153) 
n=0m=0 r 


The spherical functions YQ) (80, p) and YG) (8, p) of order n remain to be 
determined from the initial conditions (150). Notice that the equation (152) is 
the form which we considered in [150], and we can determine the above spherical 
functions by using the property of orthogonality of Bessel functions. We shall 
not explain this in greater detail. 

Let us now consider the diffraction of a flat wave from a sphere r = a given 
by the solution e!®7-2) of the equation (149), when the boundary condition is 


U|,-a= 09. 


In this case we have taken a wave propagated along the Z-axis. Instead of 
the formula (141) the following formula given in spherical coordinates, applies: 


ek — gikreos® L  (2n +1) i" pp (kr) Pp (cos 0), (154) 
n=0 


where P(x) are the usual Legendre polynomials. We shall not give the proof 
of this formula. Bearing in mind the radiation principle we shall seek the ad- 
ditional disturbance in the form: 


> a, ¿P (kr) Pp (cos 8). (155) 
n= 


The coefficients a, are determined from the condition that the sum of the 
solutions (154) and (155) must vanish when r = a, and this gives 


(2n + 1) i” p, (ka) 
t (ka) 


a, = — 
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§ 3. The Hermitian and Laguerre polynomials 


156. The linear oscillator and the Hermitian polynomial. The Schrg. 
dinger equation, as we know, has the form: 


h2 
gm AY t+ (E—V)y=0. 


We assume that the function yp is a function of z only and that 
the potential V is determined by the formula V = kz?] 2 which refers 
to the case of an elastic force f = — kz. We thus obtain the equation: 

hk dy k o 

an ar +(E- g7) =o, 
where the value of the parameter E is determined by the condition 
that the solution of the equation must remain finite in the whole 
interval —œ < z < +œ. Let us introduce two new constants: 





mi | 2 2mE 
MER 


a = 


(a<0). (1) 
Here a? is given and å is a parameter which replaces Æ. The equation 
can then be rewritten in the form: 


oY 4 (A— aa) p= 0. (2) 





x = co is an irregular singularity of this linear equation. We shall 
treat it in the same way as we did in [105], viz. suppose that: 


p = e y (x) 


and determine the function w(z) from the condition that in the coef- 
ficient of the unknown function u(z) in the differential equation 
should be there no term containing q?. Differentiating and sub- 
stituting in the equation (2) we obtain the following equation for 
u(z) 


u" (x) + 2w (x) w (z) + [w” (2) + œ? (2) + A— a? z?] u (x) = 0, 
and to eliminate the term a?r? we take: 


w (x) = — 5, 


where the minus sign is chosen so as to obtain a decrease as t—> +°. 
We thus obtain 


y (x) = e 2 u(x), (3) 
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where w(x) satisfies the following equation: 


2 
St — arit 4 (A—a)u=0. (4) 
If for a certain parameter å this equation has a solution in the 
form of a polynomial then the function g(x) will decrease at infinity 
and, consequently, it will satisfy the necessary boundary conditions. 
We shall therefore seek the solution of the equation (4) in the form 
of a polynomial. Replacing z by the new independent variable 


E T Va T, 
whence 
du du Ja; du dtu 


da ~ dé de ae 


and substituting in the equation (4) we obtain the following equation 
for u: 

dtu du a 

Se ti tleo. (5) 
For this equation the origin is not a singularity and the solution 
can be found in the form of an ordinary power series: 


u = Soa ék 
k=0 


in which the first two coefficients a) and a, are arbitrary. Sub- 
stituting in the equation (5) we obtain a reduction formula for the 
coefficients: 


(k + 2) (k + 1) nya — 2kar + (Ż — 1) = 0, 
whence 
2 — (= —1) 


Orta = EET) (6 =0,1,2,...). (6) 


We shall now demonstrate a method for obtaining the solution 
of the equation as a polynomial of the nth degree. We assume 
that the parameter 4 is chosen from the condition 

a 1 = 2n, 
a 
i.e. 


A, = (2n + 1)a. (7) 
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Formula (6) then gives successively 
art = Anta = Ante =--- = 0. (8) 


When n is even we must also assume that a; = 0 and a, #0. 
From (6) we have a, =a, = a; = ... = 0 and also all a,’s with even 
subscripts to k = n inclusively will not be zero while, according to (8), 
the remaining ones will be zero. If, however, n is odd we must assume 
conversely that a, = 0 and a, # 0. We then obtain the solution in 
the form of polynomials and formula (7) gives the corresponding 
individual values of the parameter A. Substituting these in the equation 
(5) and denoting by H,(&) the introduced polynomials we obtain for 
them the following differential equation: 


Hy, (E) — 26H, ($) + 2nH, (E) = 0. (9) 


From (3) we have for the function yn(£) 


_1 
vn (é)=e 2H, (6). (10) 


The polynomials H,(£) are usually known as Hermitian polynomials 
and the functions (10) as Hermitian functions. 

We have equation (2) for the Hermitian functions in which g 
must be replaced by & After substitution the equation takes the 
form: 





dey, (£ 1 a 
Yate) +(2-#)y, (6 =0 (= =2n+1). (11) 

We shall now introduce a simple formula for Hermitian polynomials. 
Assume that v =e" whence v’ = —2fv. Differentiating this 
equation (n + 1) times by applying the Leibniz formula to the de- 
rivative of the product we have 


pint?) — — QEyt) — (n + 1) 2 
or 
vert?) 4 QED 4 2 (n + 1) v1”) = 0. ga 


Let us introduce a new function K,(£) = eë v™® and show that the 
equation (9) is satisfied by it. The function K,(&) must be a poly- 
nomial of the nth degree in &: 


2 a e 
KE, (é) =e ap (° E). (13) 
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Substituting the expression 
uw) = e K, (£) 


in the equation (12) we do, in fact, obtain the equation (9) for K,(&). 

Hence the Hermitian polynomials which have so far only been de- 
termined as far as the constant term are the same as the functions (13). 
Notice that the second solution of the equation (9) cannot be a poly- 
nomial since the point = œ is an irregular singularity of this 
equation. To obtain a positive coefficient for the first term we ascribe 
the constant factor (—1)" to the expression (13) and determine the 
Hermitian polynomial from the following formula: 


net 2 (ge 
H, (€) = (— 1) ef ag” (e tN. (14) 


Let us write the first three Hermitian polynomials: 
H, (£) =1; Hy, (§)= 28 H, (é) = 40 — 2. 


H,,(&) generally contains only even powers of when n is even 
and odd powers of & when n is odd. This follows from the method 
described above by which the coefficients a, were determined. 
It follows from formula (14) that the first coefficient £" in the poly- 
nomial H,(&) is equal to 2”. This is due to the fact that the differentia- 
tion of the index (— &é) gives (—26). 

It can be shown, but we shall not do so here, that Hermitian func- 
tions represent the complete set of solutions of the equation (2) 
which satisfy the boundary conditions. 


157. Orthogonality. Consider two different Hermitian functions y,(¢) 
and Ym(¢). The following equations are satisfied by these functions: 


ayn (E) + ( aa = ë?) y, (£) =0, 








Sen) + (2m — £2) yn (8) = 0. 


Multiplying the first function by y,,(&) and the second by y,(6é), 
subtracting and integrating over the interval (— °°, +œ) we obtain, 
as always, the equation proving the orthogonality of Hermitian func- 
tions: 


+a 
f Palé) Ym (EdE = 0 (n #m), (15) 
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or, from (10), 


+o 

f o- H,, (E) Hm (E) dé = 0 (n £m), (16) 
i.e. we can say that Hermitian polynomials are orthogonal with e~* in 
the interval (—°c°, +). Let us now evaluate the integral (16) when 
n =m. According to formula (14) we have: 





+ +e ain 
I,= f e” H (eae = (— 1" f #, (2) ag, 
or, integrating by parts, 
—/ -pni ae”) lape 
In=(— 1) H, (8) Tae haa 
ta a"! (9~*) 
+(—1yt? [Hn () aa al. 


The first term on the right-hand side is a product of e7 and a 
polynomial and therefore it vanishes when £ = + °°. Continuing the 
integration by parts we obtain 


+a 
I,= | HO (ge ae, 
or, bearing in mind the fact that the first coefficient of the polynomial 
H,(&) is equal to 2" 
+a 
I, = 2'nl f e`? dé, 


we obtain finally [II, 78]: 


I,= Tem (E) dé = 2" al Vx. (17) 


Series containing Hermitian polynomials and analogous with Fourier series 
can be constructed similarly to those containing Legendre polynomials [132]. 
In this case instead of the finite interval (—1, +1) we have an infinite interval 
(— œ, +œ). In this interval we obtain the following expansion 


18) = S an Ħa), (18) 
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where the coefficients a,, as a result of the above orthogonality and from formula 
(17), are determined as follows: 


+o 


1 as 
erry al 1 (E) 07" Hp (£) a8. (19) 


For the expansion (18) to become valid it is, of course, essential that the 
function f(£) should satisfy certain additional conditions. 


158. The conversion function. Using (14) and Cauchy’s formula 
for the derivative of the function e`” in the form of a contour integral, 


we can write 
-72 


e—? H, ($) = (— 1)" 5 oi aera 


dz, 
where l. is an arbitrary closed contour which encircles the point 
z= &. Replace z by a new variable of integration according to the 
formula 

z=&—t. 


Replacing the variables in the integral and dividing both sides 
by e`? we obtain 
l 1 Poi 
H,,() — al dt, 
k 


where J, is a simple contour which encircles the origin. It follows 
from this formula that H,,(£)/n ! is the coefficient of ¢” in the expansion 
of the function 

e` ttt (20) 
into a McLaurin’s series, i.e. the function (20) is the conversion function 
for Hermitian polynomials multiplied by the constant 1/n}: 


e—f+2te — Sai (£) tr. (21) 
n=0 


From this formula the fundamental relationships for Hermitian 
polynomials are readily obtainable. Differentiating the identity (21) 
with respect to £ we have 


2 Sl , 
efit. 2t = S Hh (E) t 
n=0 
or 
T. 2 a: J] ; 
Sat = SS Roe" 


n=0 n=0 
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and comparing the coefficients of equal powers of ¢ we obtain the 
relationship 


H; (£) = 2nH,4(€). (22) 
On differentiating the identity (21) with respect to £ we obtain: 


eT B88 (2E — 2t) = SG = H, (§) 
n=1 


or 
N28 yg (£) 1” — S2 H (£) +1 = Sc! H (£) "7-1 
Fr n Èm a = 2m- n ? 


and again comparing the coefficients we also obtain the following 
relationship: 
y+, (£) = 25H, (£) — 2n Hn- (È). (23) 


Finally let us determine the constant term in the Hermitian 
polynomial, i.e. H,(0). When n is odd this term must be zero since an 
odd Hermitian polynomial contains only odd powers of . When n 
is even we have, first of all, H,(0) = 1. Subsequently formula (23), 
with n = 1 and = 0, gives 


H, (0) = — 2H, (0) = — 2. 
The same formula when n = 3 and & = 0 gives 
H, (0) = — 2-34, (0) = 22-1-3. 
Further, when n = 5 and & = 0 we have 
H, (0) = — 23-1-3-5 
and in general 
Hy, (0) = (—1)"-2"-1-3-5...-(2n — 1). (24) 


Notice that if Rolle’s theorem is applied several times to the equa- 
tion (14) then it can be shown that all the zeros of H,(£) are real and 
different. We used similar arguments in [102] to show that all the 
zeros of P,(z) are different and lie in the interval (—1, +1). 

Sometimes Hermitian polynomials are introduced in a slightly 
different form, viz. instead of formula (14) the Hermitian polynomials 
are determined from the formula 

a E an -Ë 
H = = oe e 2, 





The only difference is in the constant terms one of which stands 
outside the polynomial while the other refers to the argument 6. 
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159. Parabolic coordinates and Hermitian functions. We shall now 
give one particular case of substitution of the variables in the 


wave equation 


eu , eU 
ar tay t BU =0. (25) 


Replace z and y by two other variables € and 7 and let us suppose 
that this substitution satisfies the formula 


x + iy =f (t) = ¢ (£n) + iy (£ n) (E = E + in), 


where f(¢) is a regular function of the complex variable ¢. Differentia- 
ting in accordance with the law for differentiating complicated functions 
we have 


0U JU Op aU dp | aU _ 3U ap 3U oy 








GE Ge BET Oy OE. “Oy UR On ton on 
and further 
U 8U (ap)? £U Op Op oy 0U Fp ðU ey 
of ~ Ox? (Z) Ox Oy OE OE + a = (32) + ar Oz gÉ? tay Oy OE’ 


a 
U _ U LU 3p dy Op OU Fp _ W Fy 
an? Oa? (Z 2) p2 Ordy 0 On +a ae or (30 ) + Ox On? + Oy 3y?’ 


Using the Cauchy-Riemann equations 


ics en Me E a 
af on? = Oy OE 


and also the fact that g(£, n) and (£, 7) satisfy the Laplace equation 
we can readily prove the following formula: 


ae + ar = (Ger + ar) lae) + (Cae) | 


gU gU &U 
Se tar = E HEI or. 


Consider the particular case when 











or 


FO=4 Etin FEO =E in 


or 


pm = 3 (En); yE n) = n. 


The coordinate lines =C, and ņ=0, represent parabolae 
[32] in the (x, y)-plane and therefore the new coordinates ë and 7 
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are called parabolic. Transforming the wave-equation in the way 
described above we have 


&U eu A 
ge t a tl (¢) U =0, 


and therefore equation (25) with the new coordinates will, in this 
case, have the following form: 

&U &U 

ap t ay + P(e +1) =0. (26) 


We shall seek its solution in the form of a product of two factors, one of 
which depends on £ and the other on 7: 


U =X ($) Y (n). 


Substituting in the equation (26) and separating the variables in the usua 
way we obtain 
X” (£) 2£2 Y” (n) 2.3 
RE = — — k'r". 
la aaa CT 


Both sides of the above identity will be equal to the same constant which 
we denote by (— §?). We thus arrive at the following two equations: 








X” (E) + (7E + p?) X (8) = 0; Y” (7) + (k?n? — B*) Y (n) = 0. (27) 


Let us recall the differential equation (11) which is satisfied by Her- 
mitian functions: 


Yn (£) + (2n + 1 — &) Yn (£) = 0, (28) 
where we have the following formula for the Hermitian function: 
_# E qa ‘ 
Ya (E) = 0 ¥ Hy (é)=(—1)"0* -gr (07) a 


Consider the first of the equations (27) and replace & by a new variable ¢, 
according to the formula 


é =iké. 
This gives 
d — d d? . a 
ap TVk aR ap = "da 


and substituting in (27) we obtain the equation: 
ax p: 
T tha i)z. (30) 


If we determine the constant £? from the equation 


Ba = (2n + 1) ik, 


160] THE LAGUERRE POLYNOMIALS 593 


where n is a positive integer or zero, we can obtain the equation (30) in the form 
(28). Hence by using this new variable £, we can take the following Hermitian 
function for X 
i 
Xn =On¥n (é) = Cre * Ay (h) 


or returning to the old variable we obtain 
iké 


Xn = 0n Yn (Yik £) =0,e a H, (Vik $), 


where C,, is an arbitrary constant. 
Similarly considering the second of the equations (27) and replacing 7 by 
the new variable 


m=i Vik Up 
we can also obtain the second solution in the form (28) for the same value of the 
parameter fn. Returning to the old variable we have 
ikn? 
Ya = Dp Yn (M) = Dre * Hy (iVikn). 


We thus obtain an infinite number of solutions of the wave-equations (25) 
in the following form: 


Un = An Vn (Vik £) yn (i Vik n) (n=0,1,2,...). (31) 


These solutions comprise a full system of functions and are analogous with 
Bessel functions expressed in cylindrical coordinates. Here, as before, functions 
analogous with Hankel functions can be constructed and this makes it possible 
to solve diffraction problems with reference to a parabolic cylinder. 


160. The Laguerre polynomials. We obtained the Laguerre poly- 
nomials in a generalized form on solving an equation of the 
type [115] 

x S¥ 4 (s+1—2)%4+ py =o. (32) 
dz? dz 

Bearing in mind the formulae (218), (219) and (222) from [115] 
we can say that the solution of the equation (32) will be obtained 
in the form of a polynomial of the nth degree if the parameter y is 
equal to un = 7; in this case, the solution of the equation will be 
expressed by Laguerre polynomials for which we obtained the follow- 
ing expressions: 

QP (a) = arte SE (atte), (33) 


Hence these polynomials are the solution of the equation 


dy dyn = 
z- t(s +1— z) -g + ny, = 0. (34) 





We are assume throughout that the number s is real and > —1. 
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In (32) notice that the independent variable x only differs by a 
constant term from the radius-vector and therefore the principal 
interval of variation of this variable is the interval (0, +°°). The 
Laguerre polynomials are analogous with Hermitian polynomials but 
for them the principal interval is not the interval (—œ, +°) but 
the interval (0, +°°). Formula (216) from [115] gives the Laguerre 
functions which are analogous with Hermitian functions: 


x § aaa 
wo) (x) =e 2 22 QO (z) = x ee (35) 


According to (213) and (222) from [115] these functions are 
solutions of the equation 


sbgai- Ee-ee 


A= 2" ha. (37) 


where 


As before the orthogonality of these functions can easily be deduced: 


fof (x) wf) (x) dz = 0 (m # n) (38) 
0 
and from (35) 
[ 28e-*Q® (QP (a) dx =0  (m#n). (39) 
0 


We shall now try to evaluate the integral (39) when m = n. Accord- 
ing to the definition of the Laguerre polynomial we have 


I= J x e— [QY (x)]? dz = i OP (@) So (ne) dz. 


Integrating by parts we have 


X= co 








(s) n sta .—Xx 
In = Q9( (z) = = dOP (2) ar (aR OT) ay 


SHN yp—X 
(a e ) dz dg”: 





x=0 0 


where as for Hermitian polynomials, the first term on the right- 
hand side vanishes. Integrating by parts several times we finally 
obtain the integral 


z n As) 
f= (2 1" fattn ex 5 Sa 12) dz. 
5 dz” 
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But d” Qo (x)/dz” is a product of n! and the first coefficient of 
Q(x). Applying the Leibniz formula to the derivative in formula (33) 
we can see that this first coefficient is equal to (— 1)" and we can there- 
fore write 


I =n! f ztn e-* dg, 
6 
or, remembering the definition of the function T(z), we finally obtain 
f sse [QH (x) dz = nl P(s+n+1). (40) 
ò 


In the same way as we did with Hermitian functions we can con- 
sider the expansion of an arbitrary function f(x) into a series of 
Laguerre polynomials in the interval (0, +9). 

We shall now construct the conversion function for Laguerre 
polynomials. According to formula (33) and Cauchy’s theorem which 
gives the derivative of order n of the function 2°*" e~*, when z=z, 
we can write 
gsta oe 2 


ea ™ 


an 





z e—* QD (2) = 


where lx is a small closed contour a the point z = x. Notice 
that the function 2°*" e~? is regularin the whole plane except at the 
point z = 0 where it has a branch-point, provided s is not an integer. 
Replacing z by a new variable of integration 


z2—Z T 
’ z2= 
z 


t= 











substituting in the integral and dividing through by 2° e ~ we obtain 


xt 
O(a oy cls fe gas 4 
2ni i= t)st2 pit1 
i, 


where J, is a small closed contour which encircles the point ¢ = 0. 
This shows that Q{(z)/n! are the coefficientsin the expansion of 
the function 
a at 1 
e 1-t ——__- 
( LE 2st 


into a McLaurin’s series in powers of t, i.e. 


xt 


xt e | 
e I= reece a aa Te : (41) 
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From this formula several simple relationships for Laguerre poly- 
nomials can be deduced. Differentiating both sides of (41) with 
respect to x we obtain 

es t staal ag’) AQP (2) yn 
a= n dz 


or 





=j = 1 dQ (2) 
= gee OPS Da a 
n=O n=0 


which, by comparing the coefficients of t”, gives: 


(s) 
SA L — net) (2). (42) 

Similarly, differentiating both sides of (41) with respect to t, we 
obtain the relationship 


LOP (x) = (n + 8) QR (x) — QFFP (x). (43) 


Finally if we multiply both sides of (41) by (1 — ¢) we also obtain 
the following relationship: 


QE (x) = QP (x) — nQ (x (44) 


Frequently instead of the polynomials ae (x) the polynomials 
(1/n 1) Q©(x) are considered. 

By applying Rolle’s theorem several times to formula (33) it can 
be shown that all the zeros of Q(z) are real and different and lie 
in the interval (0, +°}. 


161. The connection between Hermitian and Laguerre polynomials. The 
Hermitian polynomials can be simply expressed in terms of the Laguerre poly- 
nomials Q{)(x). These latter aro, as we know, the solutions of the equation (34) 
when 3 = — 1/2, i.e. 





dy, i dy, “5 
ogg + (re) Gat +a =o. a 


Replace x by a new variable £ according to the formula 


SET Ng Vie EEA 
de OF dF wey Ele a) Fae aE E 


Substituting in the equation (45) we obtain the equation 





2 
is — 2% Ya + 4ny, = (46) 
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which is the same as the equation (9) if we write 2n instead of n in the latter 
equation. As we mentioned before the second solution of the equation (9) is no 
longer a polynomial and we can therefore say that Q(-1/2)(é*) is the same as 
Hun(é) except for a constant factor, i.e. 


(-3) 
Hon (§) =C, Qn (£). 

To determine the constant C, we compare the coefficients on both sides of the 
above equation. On the left-hand side the first coefficient, as we know from 
[156] is equal to 277 and on the right-hand side to (—1)*C, [160], so that 
On = (—1)" 2?", and therefore 

-1 
Hen (é) — (- 1)” g2n Ql 2) (&). (47) 


Let us now deduce an analogous formula for H,,,,,(é). The function Qg) 
satisfies the equation: 


d? 3 d 
2 ait + (g—2) Qt tno. 








which can be transformed by the formula z = ¢? into the following equation: 


d?y 2 dy E 
JE + (4-2) aE + 4ny, =0. 


Replace y, by a new function zp according to the formula 








Yn Spn 


On differentiating with respect to £ and substituting in the equation we obtain 
an equation for Zp: 
dz, 
aE T 
This equation is the same as (9) if we write (2n + 1) for n in the latter 
equation. The above transformations give us directly: 


dz 
25 ap + (4n + 2)2_ = 0. 


1 
Fens (£) = Dp £0, (2) (&). 


The comparison of the first coefficients gives D, = (— 1)" 2*+!, and there- 
fore: 


1 
Henn (£) = (— 1)" 274: Q) (8). (48) 


162. The asymptotic expression for Hermitian polynomials. The Hermitian 


function: 
-lp 1e q” z 
Ya (z) =0 ? - Ha(2) = (— 1)" oe Erg a ) (aey 


satisfies the equation (11) 
Pn (1) + (2n + 1 — T°) yy (1) = 0. (50) 
Consider the case when n is even. We then have 


Yon (T) + (4n + 1 — T°) Pen (1) = 0. (51) 
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Also from (24) and the fact that H,,,(x) is a polynomial in z?, we obtain the 
following initial conditions 
Won (0) = (— 1)"271-3-5... (2n — 1); Yin (0) =O. (62) 


The equation (51) together with the initial condition (52) makes it possible 
to obtain the asymptotic expression for Hermitian polynomials when n is large, 
Let us recall that the solution of the equation 


y” +h y =f (2), (53) 
which satisfies zero initial conditions y(0) = y’(0) = 0 has the form [II, 28] 


y = 7 [F0 sin k (@—w) du. (54) 
0 


If instead of the zero initial conditions we have the following initial conditions 
y(0)=a; y’(0)=b, (55) 


then we must add to the solution (54) a solution of a homogeneous equation 
which satisfies the initial conditions (55); the final solution of the equation (53) 
which satisfies the initial conditions (55) will then be 


x 
y =acos ke + sin ke ++ [ f(u)sin k(@— u) du. (56) 
0 


Take the equation (51) and rewrite it as follows: 
Yon (x) + (4n + 1) Pn (x) =g Yon (x) . 


Let us suppose that in this case k? = 4n-+1 and f(x) = x? y,,(z). We 
obtain from (56): 
x 


alt iis avarie yäk 
ma Van (u) sin Van F I (w — u) du 





Pen (T) = Yan (0) cos V4n +lr+ 
(57) 


It can be shown that when the values of n are large the first term on the 
right-hand side gives the principal value of the function »,,,(x). To prove this 
we determine the upper bound of the integral term on the right-hand side 
when x > 0. Applying Buniakowski’s inequalityw we obtain from (17): 


< 


< |) f vinca / f utsin? Inf 1 (z — u) du < 
6 0 


e ee — 
< Vi Yin (u) al} ut du = EZ Va = 


x 
| f u? yon (u) sin Y4n + 1 (x — u) du 
a 
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162] 
and substituting in (57) we have 
4 6 
2" Y(n)! Vax? 
pind Ac Sialic : 
Y5 Vän +1 n (2) 


Yen (T) = Pen (0) cos Yan +lao+ 


where 6,,(x) is a function of x which satisfies the condition 
—1< 6,(x) <1. 

Taking y.,,(0) outside the bracket and remembering its value from (52) we 

have 
eri ay Vat 
(— 1)" V(2n)1 Yaz? | (58) 

£) = Po, (0) | cos Ván +1 z ————— 6, (x) |. 

Pen (T) = Pen ( | + t VeVan F1-1-3...(2n—1) a (2) 


Let us consider in greater detail the coefficient of 6,(z): 


4_ 8 a 5 ee ee eee 
Vro* Va... m _ Vre 2-4-6...2n 
Y5 1-3-5...@n— 1) YS V 1-3-5...(2n—1) 
If we put 
z 


2 
I= f sin“ x dz, 
0 


2n (2n — 2)...2 


then, as we know [I, 100], 
Tna = Gn fly Qn—1)..3’ 


I _ (2n—1)(2n—3)...1 a 
wn 2n (2n — 2)... .2 2 

where Iny < Ion, i.e. 
2n (2n — 2)...2 2 (2n — 1) (2n —3)...1 z 
2n (2n — 2)...2 2° 


(2n + 1) (2n — 1)...3 








or 
( opine 5 re ) <Er z 
Whence 
4 

| EE D I TRT 

and, finally, the coefficient of 8„(x) will be 

$ ən ıl 3 

2n +1 a A 


Vx 

4__ | 4n41 (hoe 
y50 Y4n+1 

where 0 < 6, < 1. Rejecting the factor which is less than unity we can write 


the above expression in the form 
8 1 
On. 


xr =g 
Vin+1 
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where 0 < 6, < 1. Substituting this expression in formula (58) we obtain the 
following asymptotic representation for the Hermitian function with an even 
subscript: 


5 
Yan (2) = Yen (0) | cos Van F1 z + 2* -——— 07’ (2) |, 
yYán +1 


where —1< 0} (æ)< +1. Hence for a given x the second term in the square 
brackets tends to zero as the subscript n increases. The assumption that z > 0, 
as can easily be shown, is not essential. By adding the factor e/?'*" we obtain the 
asymptotic expression for Hermitian polynomials with an even subscript: 


ig 
Hoy (£) = (— 1)7271-3-5...(2n — 1) e? pem ofz] 


yn 


When the subscript is odd we can obtain similarly 


42 
Hann (2) =(—1)"2"? x 


s—— 3*[ . l 
x 1-3-5...(2n —1)y2n+1le? |sinyán+3z+0 -~> |]. 
| al 
In these formulae O(liy) denotes a value such that ayn ov lyn) (1/4dn) 
remains bounded as n increases provided z varies in an arbitrary finite interval. 
Notice that we can take any argument p4n + az for the trigonometric function, 
where a is a given real number. In fact we have, for example: 





cos V¥4n +1 z — cos Yån Fa z = 


Ván +1 +Vy4n+a : Yan ta—yan+l 
eS ee r= 





= 2 sin 





2 
=2sin Yan t+1+Vante | on ellie T. 
2 2 (Van +a+ Yan +1) 


4: 

When z= lies in a finite interval the above product will be equal to O(1/yn) 
and therefore cos /4n + lz can be replaced by cos /4n + ax with an accuracy 
equal to this value. Using the above calculations it possible to obtain even more 


accurate results for the additional terms 0(1//7). 





163. The asymptotic expression for Legendre polynomials. By using the same 
method the asymptotic expressions for the Legendre polynomials P,,(z) can be 
deduced when n is large. We have the differential equation: 


(1 — a?) Px (x) — 22Ph (2) +n (n + 1) Pa (2) =0. 
Let us replace z by the new variable ¢ according to the formula x = cos t and 
replace P,(z) by the new function: 
Vr (t) 


va (t) = Ysin £P, (cos ż) or P, (cos t) = : 
sin t 


(59) 





163] THE ASYMPTOTIO EXPRESSION FOR LEGENDRE POLYNOMIALS 601 


Substituting all this in the equation we obtain after simple operations the 
following expression for v,,(t): 


1—4 eost 
va (t) + a(n +1) +— ar va (t) = 0, 


which we can rewrite in the form: 
oh) + (m+5) O- part 
n 2j an Tain? 8) 


z varies in the interval —1 < x < +1 which corresponds to 0 < ¢ < x. Take 
t = 2/2 for the initial value corresponding to z = 0. Consider the case when 
the subscript is even: 


win (0) + (29+ 5) ven O = — qa tan: (60) 


Bearing in mind formula (59) and also the fact that 


Pay (0) = (— 17 SPRAY. and Pin (0) =0, 


we have the following initial conditions for v,,,(¢): 


aah Be eee. ei 


If in the equation (60) we reject the right-hand side then the homogeneous 
equation so obtained will have the general solution: 


C, cos (2n +5] t+C, sin (2n+ 5). (62) 
If we select C, and C, so that the conditions (61) are satisfied: 
l\ 2 f 1)\ 2 n 
C, cos (2n + 3) p + C, sin (2n+ z) z = Pn (=) ; 
AG sin [2n + 4) Z +0, cos (2n + 4) Z =0 
t n( +5)¢+ z cos ( n+3)4= ; 


or, using the formulae cos (nz +) =(—1)"cosg and sin (nz + 9) = 
= (—1)"sin g, we have: 
n AE x a z 
C, cos + C, sin -7 = (— 1)" von (5) ; — 0, sin -z + 0; cos -7 =f, 
whence 


14 


C =C,= (— 1" Con (3) =(—1)" van (5) sin, 





and substituting in (62) we obtain the expression: 


(— 1)" ton (5) cos [(2» + 5) t— +\. 
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Hence the solution of the equation (60) with the initial conditions (61) will be: 


n 1 n 
Von (t) = (— 1)" von (5) cos [(2 + z) t— z] — 
t 
ee oa (u) sin (2n + 7) t—u)d 
as “T) f Asin? u 2" 2 (t — u) du, (63) 
(+3) 4 
2} 2 
2 
where we assume that 0 < x < l and 0<i < 2/2. Notice also that the solution 
of the equation (53), which satisfies the initial conditions y(a) = y‘(a) = 0, has 
the form (54) where the lower limit of the integral is not zero but a (II, 28]. 
If we consider the integral on the right-hand side and use formula (59): 


t 


K.,= loa sin (2n + 3) (t — u) Pan (cos u) Ysin u du, 
z 
then, applying Buniakowski’s inequality, we obtain: 
a l T 
2 sin? (2n + z) (t — u) 2 
Ki}, < [say du [Ps (cos u) sin u du. 
t t 


The first of the factors on the right-hand side will be less than 


a 


2 
du 
f Tesna = o 
t 


where §(t) has a finite definite value for a given ¢ and remains bounded when 
0<e«,<é< 2/2, where c, is a given positive number. The second factor is 
less than 


ela 


[Ph (cos u) sin udu = [Ph (x) dz = FT 
0 (a 


We finally obtain the result: 


where a(x) is independent of n and remains bounded when 0 < « < 1—e€, 
where ¢ is any given positive number. Substituting in formula (63) we have: 


Van (t) = (— 1)" van (=) cos [(2" + z7) = z] + ee ’ 
(4n + 1)2 
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where y(x) remains bounded in the interval 0 < x < 1 — € as n increases. 
Bearing in mind the expression (61) we obtain: 


en (t) = Af een 1) cos [(20 + z) = z] + 





en ee ae a apal. 
1-3... (2n — 1) (4n + 1)2 


We shall use the inequality: 


Y?n +1, 





7:3-5...(Qn—1) ~ y 
which we have proved in the previous section. It gives: 


a E - ae Fa {cos | (e+ 3):-4]+ JRE ô (x) 








4.. 4 4n+14n+4+1 
or 
1 2n — l 1 
ste ay z)'-F]+ oy 


where 6(x) and (x) are functions of x which remain bounded when 0 < 2 > 
< l — e and as n increases. These functions can be determined even more 
accurately by using the above calculations. 

Finally, using formula (59) we obtain: 


Poan (cost) = a oe Cn — =a) feos [(2» + 7} — z] +0 (=)}. (64) 


sin t 





Similarly for an odd subscript 


Pag (6000) =H Be PPD feos (an 8)e— 2] 40(2}}. 65 





The result obtained is also valid for negative values of z = cost and the 
symbol O(1/n) in the above formulae denotes a number which is such that the 
product n0(1/n) remains bounded as n increases independently of x, provided x 
lies anywhere in the interval —1 + £ <x < 1 — e, where « is any fixed small 
positive number. 

We can write the above formula in a simpler form. To do so we use the Wallis 
formula [75] 








* tim 2?.47...(2n — 2)?-2n 

2 pee 1?-3%...(2n — 1)? 
It gives: 

Ds 8 Qe) = 2 

Bees 2-4...2n Yon = 
or 
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where 7, — 0 as n— œ, i.e. 
1-3...(2n—1) _ 1 Nn 
2+4...2n fnr’ yon’ 


After this, formula (64) can be rewritten as follows: 


Pon (cos t) = |= {cos [(2" + 3] t -+| + nin} A 


Applying the same procedure to formula (65) we can see that the following 
formula applies to any subscript 


P, (cos t) = == {eos [(» + z)! = žl + nl , (66) 


where n, — 0O as n — œ uniformly with respect to ¢ provided that € <£ < 
< x — £ where e> 0. 

We shall also give below the asymptotic expressions for Laguerre polynomials 
without going into the proof. When v varies in the interval O<a<2< b, 
where a and b are small arbitrary finite numbers, then the following asymptotic 
formula holds: 


1 s1 x 


s 1 
Q? (2) DA iTi -nig 2 ae feos (2¥a2-$- Z)+0 (=)}. (67) 


§ 4. Elliptic integrals and elliptic functions 


164. The transformation of elliptic integrals into normal form. 
In this section we shall deal with certain functions of a complex 
variable which are not connected with linear differential equations 
and have a slightly different origin, viz. these functions are connected 
with certain integrals which cannot be expressed in finite form, i.e. 
with the so called elliptic integrals. We have already mentioned 
these integrals earlier [I, 199]. Here we shall consider them in detail. 

Previously we considered an integral of the type 


§ R(x, P) ax, (1) 


where R(x, y) is a rational function of its arguments, and P(z) is a 
polynomial of the second degree. We saw that such integrals can be 
expressed in terms of elementary functions. If, however, P(x) is a 
polynomial of the third or fourth degree then an integral of the type (1) 
is known as an elliptic integral and it cannot, in general, be ex- 
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pressed in finite form. In exceptional cases it is possible to ex- 
press it in terms of elementary functions. Thus, for example, if 
we take the integral 
g”t+1 dz 
Yr por Fe 
where n is an integer, then by introducing the new variable ¢ = z? 
we obtain the following integral 








l f i” dé 

2J Ye + be’ 
which, as we know, can be expressed in terms of elementary functions. 
If an integral of the type (1), where P(x) is a polynomial of the third 
or the fourth degree, can be expressed in terms of elementary functions 
then such an integral is known as pseudoelliptic. 

Let us now consider elliptic integrals. We notice, first of all, the 
case when P(x) is a polynomial of the third degree and does not differ 
fundamentally from a polynomial of the fourth degree. One can be 
transformed into the other by a simple replacement of the variable 
of integration. In fact, suppose that P(x) is a polynomial of the fourth 
degree 

P (x) = axå + br? + cr? + de + e, (2) 


and let x = z, be one of the zeros of this polynomial. We replace x 
by the new variable ¢ given by the formula 


1 


Z=2%+—- (3) 


Substituting in the expression (2) we obtain 
1 1) 
P (æ) = afz, + 7) ofz +7) + efnt) + dfan +4)+e. 


Removing the brackets and remembering that x = z is a zero of the 
polynomial (2), we have 
Pi (t) 


“a”? 


P(x) = 





where P,(é) is a polynomial of the third degree. Hence we can go 
from a polynomial of the fourth degree to a polynomial of the third 
degree. Notice that the transformation (3) must involve the fact 
that one of the zeros of the polynomial (2), viz. x = 2, is, with 
the new variable, transformed into the zero t = ©. 
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Conversely, if P(x) is a polynomial of the third degree, then, as 
a result of the bilinear transformation 





__ a +8 
es yt+ ô 
we obtain 
== P, (t) 
PS (yt + 6)*’ 


where P,(¢) is a polynomial which is, in general, of the fourth degree. 
Arguing in the same way as in [I, 199] we can show that the elliptic 
integral (1) can be transformed into integrals of the following types: 


@ (1) 
>- dr 
J VP (z) 





(4) 
and 


ive — a) VP (a) ’ (5) 


where g(x) is a certain polynomial. If we suppose that P(x) is a 
polynomial of the third degree we can show that the above integrals 
can be transformed into integrals of one of three types. To do so con- 
sider an integral of the type 


atk 
ulpan (6) 


where k is an integer, either positive or negative. Let us suppose that 
P (x) = az? 4- bz? + cx +d. 
By differentiating we obtain: 
(2m YP (a))’ = ma™1 YP æ) + a" re = 
mI”! (axa + br? + cx + d) x™ (Bax? + 2ba + c) 
YP (2) 2P (a) 





which after integration, and by bearing in mind the notation (6), gives 
xm VP (x) + C = mal my + mbI ing, + mel, + mdl,,_, + 
3a 
T > [m42 ar bl m+ + SIn 
(C being an arbitrary constant) or 
a(m+$)7 +b 1)I zZ a 7) 
F) Imra + bm +1) Impi + ehm i)n ( 
+dmI„— = x” [P (£) + C. 
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When m = 0 and m = 1 we have 
Žal, + bl, +21, = P(e) +0, 
Šal, + 21, + Sl; + dl, =x P(e + C. 


The above formulae make it possible to express J, and I, succes- 
sively in terms of 7, and J,. Putting m = 2 in formula (7) we have: 


Žal, + 3bl, + È cl, + 24l, = 2? P(x) + C, 


whence we can determine J, etc. Hence all integrals of the type 
(6) can be expressed in terms of J, and I, when k is a positive integer. 
The integral (4) obviously has the same property. 
Let us now consider the integral (5). Replacing x by the new vari- 
able x — a = t we obtain the following integral 
k 
I, = | +—at k=—1,—2,...), 8 
‘=| F ) (8) 
where P,(¢) is a polynomial of the third degree and k is a negative 
integer. Putting m = —1 in formula (7) we obtain 


ak- tel —d E= PO, 


where a’, b’, c' and d’ are coefficients of P,(t). 
If we now put m = —2 we obtain 


= ë eee reg eee yee 








etc. This shows clearly that all integrals of the type (8) can be expressed 
in terms of J}, Zo and J‘,, i.e. by using our former notation they can 
be expressed by the integrals 

z—a daz dz 

nee dz; —— aoa 

YP (2) VP (z) f (z — a) YP (2) 

Hence we can finally say that when P(x) is a polynomial of the 
third degree, then any elliptic integral can be transformed into an 
integral of one of the following three types: 

dz x dx daz 
p ; n . i 9 
f (z) YP (2) eae YP (2) 1) 

The first of these integrals is known as an elliptic integral of the 
first kind, the second as an elliptic integral of the second kind and the 
third as an elliptic integral of the third kind. 
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Notice that when the initial integral is real then the above calcula- 
tions might result in formulae which could contain complex numbers. 
Thus when using formula (3) the number z, might be complex if 
all four zeros of the polynomial P(x) are complex. Similarly during 
the expansion of the rational fraction into partial fractions and 
the transformation of the integral into the form (5) it is possible to 
obtain complex values for a. We shall not give a detailed explanation 
of the way in which these calculations must be carried out so that 
real quantities only should result. In future we shall to a certain ex- 
tent take this circumstance into account. 


165. The conversion of the integrals into a trigonometric form. We 
shall for the moment only consider elliptic integrals of the first and 
second kinds and show that they can be obtained in a new form in 
which the integrand is expressed in terms of trigonometric functions. 
Let us begin with integrals of the first kind. We can, of course, 
assume that the first coefficient of P(x) is equal to +1, 

P (x) = +29+ br? + cx +d. 

Let us suppose, to begin with, that this polynomial with real coeffe- 
cients has three real roots: a, 8 and y. We must, of course, assumi 
that there are no equal roots among them since otherwise the poly- 
nomial P(x) would contain the square factor (x — a)? which could be 
taken outside the square radical and we would then have under the 
radical a polynomial of the first degree. We now suppose that a is the 
smallest zreo when z? has the + sign, and the greatest zero when z’ has 
the — sign. Let us suppose further that 8 denotes the middle zero. 
Replace z by the new variable ¢ according to the formula 


z = a + (f — a)sin? g. (10) 
Substituting this expression into our polynomial 
P (z) = £9 + ba? + ce + d = + (z — a) (2 — P) (£ — Y), 
we obtain after simple calculations: 


P (x) = |y — a | (8 — a)? (1 — k? sin? g) sin? g cos? p, 
where 





k= fe (11) 


y—a 
and we always assume that k > 0. We have from (10): 


dz = 2 ($ — a) sing cos ọdọ, 
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and therefore the expression 


dz 
Tous 12 
VP (a) s 
differs only by a constant term from the expression 
dp 
i 13 
V1 — k? sin? p 13) 


We can show that it is possible to arrive at the same result when 
the polynomial P(x) with real coefficients has only one real zero 
zx =a. In this case this polynomial can be represented as follows 


P (x) = + (x — a) (x? + pz + q), 


where the trinomial (2? + px + q) with real coefficients has no real 
zeros and therefore always remains positive when the values of x 
are real. Replace x by a new variable ọ according to the formula 





a=a+ €F pa+qtan? $. (14) 
After substitution we obtain 
3 tan? £ 
+ (z — a) (£? + pr + q) = (a? + pa + q} (1 — k? sin? p) , 
cost -y 
where 
P 
1 aty | 
k2 = ahı eree 15 
a ties Va? + pa+q me 


We shall show that the value of k? lies between 0 and 1. To do 
so it is sufficient to show that the modulus of the second term inside 
the large bracket in the expression (15) is less than unity, i.e. it is 
sufficient to show that the square of the denominator is greater 
than the square of the numerator. We obviously have: 


a + pa+g—=(a+5) + (1-4). 


But the second term on the right-hand side is bound to be positive 
since it is given that the trinomial z? -+ pz + q has imaginary zeros, 
and we therefore have 
2 


a+ pa+q>(a+4) 
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Furthermore, it follows from the expression (14) that 


tan r 


2 
d , 
p F 


cos? — 
2 





dz = + V + pa +q 


and, therefore, as a result of the substitution the expression (12) only 
differs by a constant term from the expression (13). 

We thus see that every real integral of the first kind can, by means 
of a real substitution, be obtained in the form 


P 2 
a: 0 ms . 
fy —K sin? p ate 
Let us now consider integrals of the second kind 
T 
——-d 
J VP (2) 
Applying one of the above transformations we can obtain this inte- 
gral in the form (16) together with one of the following two integrals: 





o sme tan? 5 
p and { —— = 17 
Sra. J Y1 — ksin? g he) 


Adding to the first of these the constant k? we can write it in the 
form 


sin? p gp castor 
rf TT P -fyi — k? sin? g dọ, 





— k? sin? g Yl — ksin? ¢ sin? g 
and therefore can be converted into the integral (16) and an integral 
of the following type: 
{ 1 —B sin? pdg. (18) 
Let us show that the second of the integrals (17) can be converted 
into the first of the integrals (17). To do so we shall use the following 
formula which can easily be proved by simple differentiation 


2d (tan £ V1 — k?sin? p) = [(: + tan? $) — 2k? sin? p| ET ; 


Integrating this identity we obtain the required result: 
nt 2 
dy = 2tan $ 1 — k? sin 
= oe 9 zl sin” p + 


ake | e sin? g -Í dg “. 
yl = ksin? gp ag Yl—ksin?q 
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We thus an see that elliptic integral of the second kind can be con- 
verted into integrals of the following two types: 


a — F? sin? 
Feee fvi Resin? gp dọ. (19) 


These integrals are sometimes known as elliptic integrals of the 
first and second kind in the Legendre form. 

The integrals (19) can be written in a slightly different form if we 
replace ¢ by a new variable ¢ according to the formula: 


t =sing. 


In this case 
dt 


~ yie’ 


and the first of the integrals (19) can be obtained in the following 
form: 


dy 





f de l 
Va —#) (1 ke) 





Here we have under the radical a polynomial of the fourth degree 
of a special kind. We could, by taking an elliptic integral of the 
general kind, obtain such an integral if we substitute the independent 
variable by performing the general bilinear transformation 

_ “+ê 
T= WFS 

Let us write the integrals (19) with a zero lower limit and a variable 

upper limit by introducing the special notation: 





p p 
F (k, p) = ( os AS ; E(kg)= | V1 — k?sin?gdp (20) 
ô yl — ksin? g ô 


If the upper limit is equal to g = 7/2 then these integrals will be 
functions of k alone: 


n n 


2 2 
dẹ I bono, 
F(k)= tine E(k = 1 — k?s 2 do, 21 
(k) Je (k) ji sintgdy, (21) 


and they are usually known as full elliptic integrals of the first and 
second kind. 

Tables are in existence which give the values of the integrals (20) 
and (21). The Legendre tables, published in 1826, were the first of 
this kind. These tables contain among other things the logarithms 
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of the values of (21) for different values of k; it is assumed that 
k = sin 0 and values of 0 are given in tenths of every degree. The 
fundamental table with a dual approach gives the values of the integral 
(20) where, as before, it is assumed that k = sin 0. This table contains 
values for integrals of p and 0 for every degree from 0 to 90 degrees, 
The values of the integrals are given with a nine tenths suffix. We can 
also mention the book by Janke and Emde: Tables of Functions with 
Formulae And Curves, Which Also Contains Tables of Elliptic Inte- 
grals. 


166. Examples. 1. The time required for the full vibration of @ simple pen- 
dulum of length J and amplitude of vibration a is expressed by the formula 


—_ f 
T= E —— (22) 
9 Ycost — cosa 
where g is the acceleration due to gravity. It is not difficult to express the 
integral (22) as a full elliptic integral of the first kind. To do so we introduce 
the constant k = sin a/2 and replace t by a new variable determined by the 
formula sin t/2 = k sin gy. We then obtain 


cos T — cosa = 2 (sine $- sin’ 5} = 2k? cos? p 


and also 
2k cos p dẹ _ 
Yi kain y ’ 
bearing in mind that because sin 7/2 = sin a/2 sin p, the variable g must vary 
between 0 and 2/2, this gives us finally 





cos dr = 2k cos gy dg or dt = 


ee = 
r=2|} |- -2+ rw. 
g a V1 — k? sin? g g 


2. Consider the elliptic integral 


Po 
e 
F Vl — ksin? p 


where k? > 1 and assume that the upper limit p, lies in the interval (0, a), 
where a is determined by the equation sin a = l/k. Replace p by the new 
variable y according to the formula sin y = ksing. y can only vary in the 
interval (0, Wọ) where sin yọ = k sin gp, and after elementary transformation 
we have: 

dy mah dp 


V1 — &? sin? g T | 
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Pa 
dg 1 1 
whence [== = F(z ; vo): 


é V1 — k? sin? p 


If the upper limit g, = a then y, = 2/2 and we obtain, according to the 
notation (21): 


[ram 7 GG). 
4 1 —k? sin? g k k 
Similarly we can consider the integral 
Pe 
| V1 — k? sin? ọ dp 
(i 
where k? > 1. In this case we obtain 


jrw- iG) eG) -eG 


3. Consider the integral 


ji da 

Yi—z 

Putting x = cos p we can obtain the integral in the normal form: 
Sti, cae f mere a 
i YEA eer 


Similarly by using the same substitution we obtain 


na a a -f [1-4 sinto p de. 


4. Everything that was said in [165] applies to the integral: 
f dx 
¥e+1 
and replacing x by a new variable p, according to the formula: 


=—1+Y73ten?Z, 


we obtain: 
ens) e n 
+l 
¥e+1 ji (as 14⁄3 a} Sate 
5. It is more difficult to obtain the integral 


J eet ai 
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in a simpler form. In this case the polynomial under the radical can be written 
as a product of two real polynomial of the second degree 
at +1 = (2? + 1)? — (V2a)? = (2? + Y2r+ 1) (2? — Y2e + 1). 


In general, when a polynomial of the fourth degree under a radical has only 
imaginary zeros and factorizes into real polynomial of the second degree 


P (x) = (£? + pr+q)(#+pae+q’), 


then the substitution of the variable must be performed in accordance with 
the formula 
_ A+ yum tan 9 
~ L+m tan 9 


where the numbers å and u must be determined from the formulae 


(p-p) =g g —Vig—7)? + (P—P’) (pq — QP’), 





(p—p')n=q-7 +V- 7) + (P— p) (Py — a’), 
and m is the smaller of the two numbers 
FILE wma JEEE, 
w#— putgq P- putg 
In this case the substitution of the variables takes the form 
_ tng- (1+ 19) 
tan p+ (1+ 72) f 
and as a result of this transformation the integral (23) becomes 
-f (2 + ¥2) dp 
yeti F i Vsint p + 6 (3 + 2/2) sin? 9 cos? p + (3 + 272)? cost g 
It can readily be shown that the expression under the radical is a product of 
4y2 
3 +2y2 


and sin? g + cos? p, and we finally obtain the following formula in which the 
integral (23) appears in the normal form: 


(2— D de 











sin? g 


sinto + (8 +219) cost = (8-4273) |1 — 





3 : TR e 

167. The conversion of elliptic integrals. Having explained the 
concept of an elliptic integral we shall now proceed to explain elliptic 
functions. In some respects these functions are similar to the known 
trigonometric functions and are so to speak their generalized form. 
We shall explain, first of all, the fact that the fundamental trigono- 


p 


Fea as 
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metric functions, for example z = sin u, can be obtained by trans- 
forming integrals. Consider the elementary integral 


x 


dz : 
u = = arc sin x. 24 
e oo 





The value of the integral u is a function of the upper limit of 
integration x. Let us consider the inverse function, i.e. let us consider 
the upper limit x as a function of the value of the integral u. We 
thus obtain a single-valued, regular periodic function x = sin u. It is 
said that this function is obtained by converting the integral (24). 
Similarly, if we take an elliptic integral of the first kind 


x 
dz 
u= | -= , 
J VP (2) 


then we obtain an analytic single-valued function x = f(u) as a result 
of its conversion. This function will no longer be an integral function. 
It will be a fractional function and will have not one but two essentially 
different periods. We shall explain this problem in greater detail 
later. At the moment we shall consider an elliptic integral of the first 
kind of the Legendre form 


TE f dz 
= ya — z*) (1 — kz?) 





(25) 


and assume that k is real and satisfies the inequality 0 < k < 1. 

We have already met the integral (25) in connection with the 
conformal transformation of the upper half-plane z into a rect- 
angle in the wu-plane [37]. We will recall the relevant results 
obtained at the time, but we shall slightly modify our notation. 
Formula (25) gives the conformal transformation of the upper half- 
plane z into a rectangle ABCD in the u-plane. Its side AB lies on 
the real axis and the coordinates of A and B are as follows 


1 
dz 

= 26 

+ K +f ya — 2) (1 — k? z2?) (26) 





and 





1 
dz 
= 2K. 27 
length 4B al i= K (27) 


(I 2%) (1— 24) 
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The length of the side BC is determined by the formula: 
i 


dz 
length BC = -f oS 





In this formula if we replace z by a new variable of integration 
z = 1/f1—k’*x?, where k’?=1—P, then after substitution we obtain 
a new expression for the length of the side BC which, like the length 
AB, will be expressed by a full elliptic integral of the first kind: 


1 
dr ae 
length BC =) Sas > 





(28) 


where the number k” is determined by the formula 
R+k?=1. (29) 

The number k is usually known as the modulus of the integral (25), 
the number k’ as the additional modulus, and the two are connected 
by formula (29). 

We shall now analytically continue the function (25). If, for example, 
we perform the analytic continuation from the upper half-plane into 
the lower half-plane across the line (1, 1/4) on the real axis then the 
resulting function will transform the lower half-plane into another 
rectangle, obtained from the original rectangle ABCD by reflection 
in the side BC, which is obtained from the above line on the real 
axis. Similarly other analytic continuations of one half-plane into 
the other give values of wu in the form of a rectangle in the u-plane, 
obtained from the initia] rectangle by reflection in that side of the 
rectangle which corresponds to the section of the real axis across 
which the analytic continuation is performed. Hence all the possible 
analytic continuations of the function (25) in the z-plane result in 
a net of similar rectangles in the u-plane which fill the entire u-plane 
without overlapping. Each of these rectangles corresponds either to 
the lower or to the upper half-plane z. This net is shown in Fig. 78 
where the clear rectangles correspond to the upper half-plane and 
the shaded rectangles to the lower half-plane. Conversely, by 
performing the analytic continuation of the function z = f(u), obtained 
as a result of the conversion (25), across a line l, we must only pay 
attention to those sides of the rectangle which are intersected by 
this line when we obtain in the z-plane transitions from one half- 
plane into the other across the corresponding sections of the real 
axis. If, for example, we encircle one apex of our net of rectangles 
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in the u-plane we obtain the former values of z in the z-plane. We can 
thus see that the function f(u) is a single-valued analytic function 
in the whole u-plane. 

The point u = iK’, which lies in the middle of the side CD of the 
initial rectangle corresponds to the value z = œ [37], where the 


A 
p 





Fic. 78 Fic. 79 


one-sheeted neighbourhood of the point u = iK’ is transformed into 
the one-sheeted neighbourhood of the point z = œ, and this shows 
[23] that our function f(u) has a simple pole at the point iK’. There 
are analogous points in every rectangle of our net, i.e. f(u) is a fractional 
function. 

We shall show lastly that the function f(u) has a real period equal 
to 4K and a purely imaginary period equal to 12K’. Let us take our 
net of rectangles and construct from it another net of larger rectangles, 


Fic. 80 


by linking together four rectangles sharing a common apex (Fig. 79). 
This large rectangle has a side 4K in length parallel to the real axis 
and a side 2K’ in length parallel to the imaginary axis. 

The transition from u to u + 4K or from u to u + i 2K’ is equi- 
valent to the geometric transition into the neighbouring rectangle, 
and the value of f(u) does not alter during this transition. For example 
(Fig. 80) the transition from uto u + 4K is equivalent to successive 
reflections in the straight lines BC and A’D’ which give two reflections 
in the real axis in the z-plane as well as former value of z. Hence the 
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function f(u) does, in fact, have a dual periodicity which is expressed 
by the following formulae: 


f(u + 4K) = f (u); 
f(u + i2K') =f (u). 


The single-valued function obtained is usually denoted as follows 
owing to its analogy with sin u: 


z = sin (u). 


We shall meet this function again later. As a result of the con- 
version of other elliptic integrals of the first kind we shall obtain 
other fractional functions with dual periodicity. We shall now deal 
with the general theory of such functions and of connected functions, 
and for this purpose we shall somewhat modify our earlier notation. 


168. General properties of elliptic functions. Let w, and œ, be two 
arbitrary complex numbers, the ratio of which is not equal to 
a real number. T'he function f(u) is known as an elliptic function 
when f(u) is a fractional function 
with two periods w, and ay, i.e. 


f(u + œ) = f (u); 
f(u + œ) = f (u) (30) 


are identical for any u. In other words 
the addition of œw, or œ, to the argu- 
ment does not alter the value of the 
function. From formula (30) follows 
the more general formula 


f(u + m w, + m, w) = f(u), (31) 


where m, and m, are any integers, 
positive or negative. 

Let us now explain the geometric 
aspect of dual periodicity. Draw 
from a point A in the u-plane two vectors AB and AD to correspond 
to the complex numbers w, and œ. It is given that the relationship 
@, : œ is not real and therefore these vectors lie on different straight 
lines and therefore we can construct the parallelogram ABCD; by ma- 
king the parallel transition of this parallelogram onto the vectors a, 
and w, we can cover the whole plane with a net of similar parallelograms 
(Fig. 81). The transition from any parallelogram to the neighbouring 





Fig. 81 
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parallelogram is equivalent to the transition from u to u + œ, or 
u + ©, and, as a result of dual periodicity, the values of f(u) will be 
equal at corresponding points of the constructed parallelograms. 
Each parallelogram is known as a parallelogram of periods of the 
function f(u). Notice that the choice of the fundamental apex A can 
be quite arbitrary. If, for example, we take the origin 0 as the funda- 
mental apex then the apexes of our net of parallelograms will have 


-WtW, 





-uht @2) 


Fic. 82 


complex coordinates m, œ, + M, @,, i.e. these apexes give the set of 
periods of the function f(u) as shown by formula (31) (Fig. 82). If we 
take any point M in the u-plane and draw straight lines through it 
parallel to the vectors w, and œ, then the radius vector from 0 to M 
gives the geometric sum of two vectors, one of which is parallel to 
w, and the other to w,; hence any complex number can be represented 
in a unique way in the following form 


u = kw, + lo, 


where k and Z are real numbers. These numbers are the curvilinear 
coordinates of the point u if we adopt the vectors corresponding to 
the complex numbers œ, and œ, as the axes of coordinates. Above we 
used the phrase the corresponding points of two parallelograms of the net. 
These are points, the difference of the complex coordinates of which is 
equal to a period, i.e. they are expressed by the numbers m, @, + Mg wp. 
where m, and m, are integers. In this sense any point in the u-plane 
corresponds to a point of the fundamental parallelogram of the net. 
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If we take, for example, the net shown in Fig. 82 in which the origin 
is the fundamental apex, we can give the coordinates of any point u 
in the form 
u = (k; w, + k, w3) + m,@, + M, wz, 

where k, and k, are real numbers satisfying the conditions 0 < k, <1 
and 0 < k, < 1, and m, and m, are integers. Notice that we ascribe 
to each parallelogram one apex, and two sides which originate at this 
apex. The remaining sides and apexes are obtained by the addition 
of a period as mentioned above. 

We shall now explain the fundamental properties of elliptic functions. 
Differentiating the identity (31) n times we obtain: 

{ (u + m @, + m, w) = f (u), 

i.e. the derivatives of an elliptic function are also elliptic functions 
with the same periods. Let us suppose that f(u) has no poles, i.e. it 
is essentially not a fractional but an integral function. Its parallelogram 
of periods is a bounded domain of the plane and in this parallelogram, 
including its contour, it is regular and therefore also continuous and 
bounded, i.e. a positive number N exists such that in the fundamental 
parallelogram of periods the inequality |/(u)|< N is satisfied. 
In other parallelograms of the net the values of f(u) are repeated, 
and therefore the above inequality is satisfied in the whole plane, 
i.e. f(u) is an integral function bounded in the whole plane. According 
to the theorem of Liouville we can say that such a function must 
be constant, ie. we have the following theorem. 

THEOREM I. If f(u) is an integral function of dual periodicity then 
f(u) ts constant. 

This theorem is very important owing to its two lemmas which we 
shall now establish. Let /,(w) and f(u) be two elliptic functions with 
equal periods w, and w,. Assume that they have equal poles in the 
parallelogram of periods, with equal infinite parts. The difference 
falu) — fi(u) will then be a function of dual periodicity without poles, 
i.e. this difference will be an integral function of dual periodicity and 
it follows from the theorem that this difference must be constant. 
We therefore have: 

Lemma 1. If two elliptic functions f,(u) and falu) with equal periods 
have the same poles in the parallelogram of periods and their infinite 
parts are also equal, then these functions differ only by a constant term. 

Let us now suppose that /,(u) and f(u) have the same poles and 
zeros of the same order in the parallelogram of periods. In this case 
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the relationship f(u) : f(u) will have neither poles nor zeros in the 
parallelogram of periods and it should therefore be constant, i.e. we 
have: 

Lemma 2. If two elliptic functions f,(u) and f,(u) with equal periods 
have equal poles and zeros of the same order in the parallelogram of 
periods then these functions differ only by a constant term. 

Place the parallelograms of periods of the function f(u) in such a 
way that the poles of this function do not lie on the sides and con- 
sider the integral of this function over the contour of the parallel- 
ogram 

f f(ujdu= f f(ujdu+ f f(ujdu+ J f(u)du+ f f(u)du. (32) 
ABCD AB BC cD DA 

Let us consider the integral along the side CD and replace u by the 
new variable of integration u = v + @,. In this case the side CD be- 
comes the side BA in the v-plane and, as a result of the periodicity 
of the function, we have 


f fludu= f f(v+o,)do= f f(vjdv=— f f(v)de, 
CD BA BA AB 


ie. on the right-hand side of formula (32) the sum of the first and 
third term is zero. The same can be said of the sum of the second and 
fourth terms and we therefore have: 

f f(u)du =o, (33) 

ABCD 

i.e. if the poles of the elliptic function f(u) do not lie on the contour 
of the parallelogram, then the integral of this function round the 
contour of the parallelogram is zero. 

Consider the complex number a which is such that the equation 
{(u) —a= 0 has no zeros on the contour of the parallelogram. Apply- 
ing the above result to the elliptic function 

__ lt) 
ọ (u) = Ta) —a’ 
we obtain 
E (u) = 
f Taja =O. 
ABCD 
The above integral expresses, as we know, the difference between 


the number of zeros and poles of the function f(u) — a [22] and we 
can therefore say that the number of zeros of the equation f(u) = a 
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is equal to the number of poles of /(z)—a, or, which comes to the 
same thing, to the number of poles of f(u), i.e. the function f(u) takes 
the value of a and infinity an equal number of times inside the 
parallelogram. 

This was proved for an arbitrary a on the assumption that the 
equation f(u) =a had no zeros on the contour of the parallelogram, 
If this is not so then we can slightly displace our parallelogram go 
that the zeros of the above equation do fall inside the parallelogram 
and the poles remain inside as before. The above result will be valid 
for the displaced parallelogram. It can easily be seen that it will also 
be valid for the initial parallelogram, provided that when counting 
the number of zeros of the equation we ascribe one apex and two 
sides, originating at this apex, to the parallelogram. Notice, that when 
the equation f(u) =a has the zero u = u, and the following expansion 
applies in this neighbourhood 


f(u) =a + ey (U — uo)" + kpi (U — U) +... (ck £ 0), 


then this zero must be regarded as a zero of order k of the function 
{(u) —a or of the above equation. In all such cases we obtain, from 
the above considerations, the following theorem. 

THEOREM II. The elliptic function takes any value (finite or infinite) 
an equal number of times in the parallelogram of periods. 

If f(u) takes any value m times in the parallelogram of periods, 
then it is known as an elliptic function of order m. Such a function 
transforms the parallelogram of periods into an m-sheeted Riemann 
surface. The conformity of the transformation may be affected only 
at points where {’(u) vanishes or where f(u) has multiple poles. These 
values of u correspond to branch-points on the above Riemann 
surface. 

We shall now show that the positive integer m cannot be unity. 
In fact, it follows directly from formula (33) that the sum of the residues 
of an elliptic function at its poles inside the parallelogram of periods 
should be zero. If we had m = 1 then the function f(u) would have one 
simple pole inside the parallelogram of periods which contradicts the 
above result. We thus see that an elliptic function of the first order 
does not exist. Later we shall, in fact, construct elliptic functions of 
the second order. It can be shown that elliptic functions of the second 
order are obtained by converting elliptic integrals of the first kind. 
There are, of course, elliptic functions of higher orders. 
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169. Fundamental lemma. Consider the elementary function sin u. 
This is an integral function with simple zeros at the points u = kx 
(k = 0, +1, ...) on the real axis, which are at a distance 2 from 
each other. Two other fundamental functions 


(sinu) __ cosu 


cot u = — = ——- and — (cotuy = 
sin u snu 





sata (34) 
have simple and double poles at these points. The function sin u 
can be represented by an infinite product and we had previously an 
expansion into partial fractions for the functions (34). In the next 
section we shall by an analogous process construct an integral func- 
tion with simple zeros at the points 


mw, + Mw, (35) 


where œ, and w, are complex numbers, the ratio between which is not 
equal to a real number, and m, and m,are any integers. The points (35) 
are the apexes of the net of parallelograms shown in Fig. 82. To 
construct this integral function we shall use the Weierstrass formula 
which gives an integral function in the form of an infinite product. To 
be able to apply this formula we have to find a number p which is 
such that the series 


Ss” a eee 
inane | mw, + Mw |P (36) 


converges. The apostrophe near the symbol of summation shows 
that summation includes all integral values of m, and m, except 
m, = m, = 0. Similar conditions will apply in future in all cases 
where there is an apostrophe near the symbol of a sum or product. 
We must rewrite the sum (36) in the form 


2: : (37) 


p 
Ma M ôm, me 





where ôm m, is the distance from the origin to that apex of the net 
in Fig. 82 which corresponds to the complex coordinate m) œw, + Mm, œ. 
Let 25 be the shortest distance between any apex of the net, other 
than the origin, to the origin. This number 26 will obviously also be the 
shortest distance between two apexes of the net. Imagine that two 
circles are drawn in the plane in Fig. 82, centres the origin and radii n 
and (n + 1) respectively, where n is an integer which satisfies the condi- 
tion n > 6. Let K, be the annulus between these two circles. Let us 
find the approximate number of apexes of the net in the annulus K,. 
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Let this number be ¢,. Draw circles of radius ô with centres at the 
apexes of the net which lie inside the annulus K,. It follows from the 
definition of 6 that these circles will not overlap and their common 
surface area xô? t, will be less than the surface area of the annulus 
with inside radius (n — ô) and outside radius (n + 1 + ô), i.e. 


a(n + 1 +ô) — a(n — ô)? > nôt, 


or, after elementary calculations, 


_ 4+2, +1) 
6? 


th < An + A, (4, =*“S*; 4,==f°). 
For any apex inside the annulus K,, the distance Ôm, m, will not 
be less than n and therefore the sum of the terms of the series (37), 
which corresponds to the apexes in the annulus K, will, in any case, 


be less than 
Am+ A, eeN A, A, 
nP ~~ mP—l nP ’ 





This result will be valid for terms of the sum (37) for which Ôm, m 
is sufficiently large with respect to 6,, for example ôm,m, > ô + 1. 
In this case the corresponding points are bound to lie inside the 
annulus K, when n > 6. Rejecting a finite number of terms of the 
series (37) and replacing the remaining terms by greater terms, we 
obtain a domineering series 

A 


A, 
= (ae E 3) i 
As we know from [I, 122], this series converges when p > 2 and, 
in particular, when p = 3 and we can therefore draw the conclusion: 


FUNDAMENTAL Lemma. The series (36) converges when p > 2 and, 
in particular, when p = 3. 





170. The Weierstrass function. To simplify the notation let us put 
w = m,w + M,0,. (38) 


Bearing in mind the fundamental lemma we can construct directly 
an integral function with simple zcros at the points (38). This function 
will be given by the following formula [69]: 


o(u) =u yy’ (1 — =} or tHe), (39) 


mM, M 
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where the infinite product includes all pairs of integral values of m, 
and m,, both positive and negative, except m, = m, = 0. 

As we know from [68] we can evaluate the logarithmic derivative 
of this product in the same way as of a finite product; the logarithmic 
derivative of an individual factor of this product will be 


1 u 1 1 


wW w w] u u— 
w 





We thus obtain a second function 








cm = THA S att) 49) 


which has simple poles at the points (38). This function is obtained 
from o({u) in the same way as cot u is obtained from sin u. Bearing 
in mind the convergence of the series 


>» 1 


ma ml W|? 


it can readily be shown that the series (40) converges uniformly in 
any finite domain if a finite number of terms with poles in this domain 
are rejected. Differentiating the function (40) and changing the sign 
we obtain a new function 
pu = -i= at D e el: (41) 

This new function is obtained from ¢(u)in the same way as (1/sin? u) 
is obtained from cot u. It has double poles at the points w. The series 
(41) also converges uniformly in domains of the kind mentioned 
above [12]. 

We shall now explain some fundamental properties of the introduced 
functions. Let us write the expression for o(—uw): 


Jyt (=) 
o(—uy=—u JJ’ (1 +=]e ie eee 
Mi, Mh 
Owing to the fact that the product includes all pairs of integers 
m, and m, except m, = Mm, = 0, we can interchange the signs of 
m, and m,, i.e. change the sign of w, whence we obtain 
u 1 /u\? 
Z ie ae) 
o(—u)=—u JT (1 je G 


Mis Mi 


T — o (u), 
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i.e. o(u) is an odd function. It can be shown similarly that f(x) is 
also an odd function and that (u) is an even function. This can, in fact, 
be obtained directly from the formulae 

o’ (u) 


È (u) = >; Pu) =-— č (u), (42) 


o (u) ’ 





since the differentiation of an odd function gives an even function 
and vice versa. It also follows directly from the formulae which 
define the introduced functions that 


e u=0 = 1; us (u) u=0 = l; up (u) u=0 Ie (43) 

The functions o(uz) and ¢(u) cannot have periods w, and a, since 

the first is an integral function and the second has one simple pole 

in the parallelogram. We shall show that the function (u) has 
periods œ, and «,. To do so construct, to begin with, 


, 2 „àl 
O T GaP 
My Mg 
or 
, wy 1 = z ` l 
Pw =D uar So umna ma 
Mis Ma Mi, M, 


where summation includes all integer values for m, and m, without 
exception. Hence 


, bet ag 1 E 
PEE OS ra (u, + @ — mo, — mo) 
1 


== eS 
=, etm, Toy = m0 ,F 





lf m, runs through all integral values then the same can be said 
of (m, — 1). We thus have 


9" (u +w) =p (u), 
and it can be shown similarly that 9’(u + w,) = P'(u). Hence 
9" (u + wr) = K (u) (k=1, 2). (44) 


Let us now investigate the variation of the function (u) when 
«, and œ, are added to the argument. Integrating (44) we have 


P (u + wx) = P (u) + Cr 
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where C, is a constant. Let us suppose in this identity that 
u = —w,/2, where w,/2 is not a pole of (u): 


o()=0[- 7) +o 
Owing to the fact that the function (u) is even we have 
?(—a,/2) = 9(w,/2) and therefore Cy = 0, i.e. 
p (u + ox) = P (u) (k= 1, 2). (45) 


Let us now investigate the variation of the function ¢(u) when 
wp is added to the argument. We have from (45) and (42) 


OY (u + wy) = 6" (u). 
Integrating this we obtain 


È (u + ox) = $ (u) + nk (k= 1, 2), (46) 


where 7, is a constant, i.e. the function C(u) acquires a constant term 
nk when the number w, is added to the argument. A more general formula 
also follows from formula (46): 


$ (u + ma, + mw,) = ¢ (u) + myn, + MN, (47) 


where m, and m, are arbitrary integers. 

The number 7, can be defined as a particular value of the function 
(uz), viz. assuming in formula (46) that u = —w,/2 and remembering 
that the function (u) is odd, we obtain 


me = 2 (=) (k=1, 2). (48) 


Let us now turn to the function o(z). As a result of (46) and (42) 
we can write 

o’ (u +w) _ 9’ (u) 

a (u + wy) o (u) 





Fnk- 
Integrating this we obtain 


log o (u + wy) = log o (u) + nu + Dy 
or 
a (u + wp) = Ce™ o(u), 
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where C, = e? is a constant. To determine this constant we suppose 


in the above identity that u = —a,/2: 
_ mor 
ok) 2 Oy 
o (St) = Cre o(- s). 
Remembering that the function o(u) is odd and simplifying by 

the factor o{@;/2) which is not zero we obtain 
mor 
; Cy =_e s , 

and finally 


o (u + w) = — met 7) ety) (k=1, 2). (49) 


Conclusion: the function o(u) is multiplied by an exponential factor 
when w, ts added to the argument. Instead of formula (49) a more general 
formula can be obtained, which is similar to formula (47), viz.: 


n (u+ Š 
o(u+w)=ee ( a 6 (al, (50) 
where 
W=MO,+ M0; N = MN, + MN, 
and e = +1 or e = —1, depending on whether both integers m, and 


m, are even or not. In the last case the relationship (50) follows directly 
from (47) in the same way as (40) follows from (46). We shall only use 
this case in future when m, = m, = 1. 

In conclusion of this section, we shall introduce a relationship 
connecting the constants w, and yg. To begin with we shall introduce 
a rule for the notation of the periods œ, and œ, Consider the 
fundamental parallelogram ABCD (Fig. 81). One of its sides AD 
makes a positive angle smaller than x with its other side AB. We shall 
always assume that œ, corresponds to that side AB, from which 
the angle is measured and w, to that side AD of the parallelogram 
to which the positive angle, smaller than z is measured; the amplitude 
of the fraction w,/m, will then be equal to an angle between 0 and 
a, ie. the imaginary part of this fraction must be positive. The 
imaginary part of the reciprocal fraction «,/w, will evidently be 
negative. Hence we shall always denote the numbers w, in such a way 
that the relationship w,/w, has a positive imaginary part. Let us now 
construct a parallelogram with the principal apex at A(u = u,) so that 
the pole ¢(u) lies inside it. This single pole has, from (40), a residue of 
unity and, as a result of the fundamental theorem of residues, the 
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integral of the function C(u) round the contour of the parallelogram 
will be equal to 2zi, i.e. 


Us + a, Uo + Oy + Oy Ue + ay 
f S(ujdu+ $ ċ(ujdu+ f C(u)du+ 
Ua Ug + ay Uy + w, + O; 
+ {- ¢ (u) du = 27i. 
Uy + Og 


Replacing the variable u in the second of the above integrals by 
u = v, + @, and the variable u in the third integral by the new vari- 
able u = v, + œ, we obtain 


U+ @, Uo + Ws Ho 
J Eludu+ f Ew todo + f ¿(o+ w,)do, + 
+ f ¢ (u) du = 2zi, 
u,ta, 


where we integrate along straight lines or by changing the sign of 
the variable of integration 


Uy + m2 


1 [E (u + o) — ¢ (u)] du— i [E(w + w) — £ (u)] du = 200. 


This, from (46), gives the required relationship between w, and 1: 
192 — MW, = 7i. (51) 


This relationship is usually known as the Legendre relationship. 

The functions o(u), ¢(u) and (u) were first introduced by Weier- 
strass. It is evident from their definition that any two complex 
numbers w, and œw, can be used for their construction, the only 
necessary condition being that their ratio is not be real; these Weier- 
strass functions are not only functions of the argument u but also of 
„the complex parameters œw, and œ, which we just mentioned. For this 
reason they are sometimes denoted as follows: 


o (u; w, @); C(u; w, ©); P(u; ©, Wy). (52) 


171. The differential equation for (u). Having established the 
fundamental properties of the Weierstrass functions we shall now 
study in greater detail the function (u) and, in particular, deduce 
a differential equation of the first order for this function. First of 
all we shall derive the expansion of the function (u) near the point 
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u = 0 which is a pole of the second order of this function. To do so 
let us turn to the fundamental formula (41). We have near u = 0: 
u" 


1 1 u 
wou w tat tpn t -- 





and differentiating with respect to u we obtain 


1 1 2 (n + l)u" 
ae ae gs Se a 


This, from (41), gives the following expansion for (u) near the 
origin 





1 < , 1 

u) = ~= n+ l)u" . 

p= at Eet DS oh 

When 7 is odd, the summation in terms of m, and m, contains terms 

which are equal in value and opposite in sign in pairs so that we 
have 


9 (u) = FH euH ogut +... H ent? n., (53) 
where 
E l 
n= (20 — 1) 2” oom (n= 2, 3,...). (54) 


Let us now establish the form of the expansion for (uz) and 
pu). We evidently have 


p (u) = — + 2egu + teau? + ee 


19 4 8c, 
9’? (u) = — — 3 — 16cg +... 





p (uJ = a + t 3qt+..., 


where in the last two expressions terms in positive powers of u 
are omitted. Hence 


9’? (u) — 493 (u) + 200,9 (u) = — 28c3 + ..., (55) 


where terms in positive powers of u are again omitted. Therefore 
the point u = 0 will no longer be a pole of the expression on the 
left-hand side. This expression will be an elliptic function without 
poles in the parallelogram of periods since the only poles of the 
function (u) are at the point u = 0 and at the corresponding apexes 
of other parallelograms. For this reason the expression (55) (an elliptic 
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function without poles) will be constant. But the right-hand side 
becomes — 28¢,, i.e. 


Q? (u) = 49 (u) — 20caẸ (u) — 280. 
Let us introduce the notation: 
1 


7 1 2 
Ja = 20c, = 60 >” qa; Ia = 28cy = 140 DS” -z 


Mir My My, Ma 


(56) 


The above calculations give rise to the following theorem. 
THEOREM. The function P(u) satisfies the differential equation 


p? (u) = 49% (u) — go (u) — g3- (57) 

The numbers g, and g, are known as invariants of the function Y(u). 

The function (u) has only one double pole in the parallelogram 
of periods with its main apex at the point u = 0. The remaining 
apexes should no longer be ascribed to this parallelogram and there- 
fore (u) is an elliptic function of the second order; any equation 
9(u) = a for any given value of the complex number a will have two 
zeros in the parallelogram of periods. 

When 9(u.) = a and 9’(uz,) = 0 then the zero u = u, must, in any 
case, be a double zero. It can not, however, be of an order greater 
than a double zero since (u) is a function of the second order and 
therefore it is equal to a only at one point u = w, in the parallelogram. 
If ()’(u 9) #0 then the equation 9(u) =a wil] have two different simple 
zeros in the parallelogram. Let us now see where those values of u 
for which (’(u) = 0 lie. Assuming in the identities 


p (ut a) =’ (u) or (u+ w +o) =p (u) 


that u = — o,/2 or u = — (w + @,)2 we obtain, owing to the fact 
that 9’(u) is odd 
p (4) =0 (k=1,2) and Q (4) =0, (58) 


i.e. 9’(u) vanishes in the middle of the sides and in the centre of the 
diagonal of the parallelogram with the main apex at u = 0. Consider 
the values of the function (u) at these points 


TOR e-e e 


Each equation (u) = e, has a double zero at the corresponding 
point. Bearing in mind that (u) is a function of the second order we 
can say that the numbers ex are different. 


632 SPECIAL FUNCTIONS [172 


Let us now turn to formula (57). The right-hand side of this formula 
is a polynomial of the third degree in p(u). Assuming that either 
u= w,/2 or u = (w + &)/2 we can see that this polynomial vanishes 
when (u) = esince for the given substitution the left-hand side of the 
equation (57) vanishes and (wu) becomes ex. Factorizing the polyno- 
mial we can rewrite formula (57) as follows: 


p? (u) = 4 (P (u) — e1) (P(u)—ez) (P (u) — ea). (60) 


Comparing the right-hand sides of the formulae (57) and (60) we 
obtain formulae connecting the numbers eg and the invariants g, 
and g: 


1 1 
e, +e, + e3 = 0, €e, + e3 + ege = — TI alL = > Ns (61) 


If we put z = (u) then the equation (57) can be rewritten in the 
form 


(= 
du 


2 
1) = 4? — gx — gs. 
Bearing in mind that when u =0 we have x= œ, we separate the 
variables and integrate to obtain 


x 


dr 
dz J Vas — ge 95 (62) 


i.e. the function (u) is obtained as a result of the conversion of an elliptic 
integral of the first kind (62). It can be shown conversely that by choos- 
ing the constants g, and g, in such a way that the polynomial under 
the radical has no square zero, the conversion of the integral (62) leads 
to the Weierstrass function (x). 

It can be shown further that any elliptic function with periods w, 
and w, is a rational function of ((w) and 9’(w) so that the set of rational 
functions of (wz) and ((u) represents the full set of elliptic functions 
with periods œ and œ. 


172. The functions o,(u). It follows directly from formula (60) that 
the product on the right-hand side is the square of a single-valued 
analytic function ~’(w). It appears that the same can be said about 
each of the factors (u) — ex. The same thing also applies to trigono- 
metric functions 


(cos u)’? = sin? u = (1 — cos u) (1 + cos u), 
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for each factor on the right-hand side is the square of a, single-valued 
analytic function 


l — cos u = 2 sin? $- and 1 + cos u = 2 cos? ; 


To prove our hypothesis for the difference (u) — ex we shall deduce 
an auxiliary formula. Consider the difference 


9 (u) — P (v) (63) 
as being a function of the argument u. In the parallelogram with the 
main apex at u = 0 it has a double pole u = 0. Owing to the fact 
that the function (u) is even, the zeros of the function (63) lie at the two 
points of the parallelogram which correspond to the complex numbers 
u = +n, ie. strictly speaking, the zeros lie at points of the parallelo- 
gram which differ by a period from +v. If such a point of the parellelo- 
gram proves to be a period then the above two points coincide and 
form a double point in the way explained above. Together with the 
function (63) let us also consider the function 

f(u) = epot , (64) 
Let us prove, first of all, that this latter function also has the periods 
w, and w,. We have from (49) 


f(u + a) =P Pope tet — 


el-e Fo yet" tt Bou to) _a(u—v)o (ute) _ 


om (u + 3) at (u) a? (u) 


f(u) 


Therefore the function (64) does, in fact, have periods œw, and œ. 
It follows directly from formula (64) that it has a double zero at u = 0 in 
the fundamental parallelogram and two zeros at points of the parallelo- 
gram which differ by a period from +v. All this follows from the 
position of the zeros of the function’o(w), viz. it is due to the fact that 
these zeros are simple zeros equal to w = m, w, + mM, w, Therefore 
the functions (63) and (64) both with periods œ, and wœ, have the 
same poles and the same zeros of the same order in the fundamental 
parallelogram. We can therefore say that these functions differ only by 
a constant term [168]: 

9 (x) — 9 (v) = 0r te) | 


a? (u) 
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To determine the constant C we multiply both sides by u? and sub- 
sequently put u = 0 


— Ootu — otu +») 


u? (u) — u? p (u) 














olu) ]2 
u=0 | u | u=0 
We have from (43) 
1 = Co (— v) o (v) = — Co? (v), 
and we finally obtain the required formula 
=~”) + 
9 (u) — 9 0) = — , (65) 


To investigate the difference (u) — e, we only have to assume in 
formula (65) that 
vets t= ae and v= 


2° 2° 


Thus, for example, 





posne rej EES) oy 


or, bearing in mind that we have from (49) 


o(w +$)= o(u—St+ o,) = — ot ("-F+ Fou — 2), 


2 
i.e. 
o(u +) = — ento (u -5 (67) 
instead of (66) we can write 
2 ( w 
g~ = 4) 
p (u) — e, = om i 
a, (St) 2 (u) 
2\ 2 
or 
1 42 
Caen RE 
peas" a a 


o(SJem 


Two other differences can be analysed similarly. We therefore obtain 
the following representations for (wz) — ex as the square of the quotient 
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of two integral functions: 


pu) — e = [2], (68) 


o (u) 





where we have used the following notation: 


1 o| —u 
zaU 2 7 


o; (u) = e? (3) 
= erga (Fu) 1a? (SE -2) en 
o,(u) =e?" | +“ __<; o (y)=e? © ——-_“. 
(e) (31) 


Let us now establish certain properties of the function o(w). These 
functions are obviously, integral functions and, putting u = 0, we 
have 

o, (0) =1 (k=1, 2, 3). (70) 


Rewriting the relationship (67) in the form 
Oo — emu p| 2L 
o( u) =e n ($ +u), 
we obtain 
1 
= > nyu z (= + u) 
a, 
(3) 
and the same applies to the two other functions o;(u), i.e. the functions 
o(u) are even integral functions. 


Substituting the expressions (68) in the right-hand side of formula 
(60) and extracting the zero we have 


o, (u) =e =0,(— 4) 


9’ (u) = + 9% (4) 0z (u) oy (u) . 


o? (u) 


To determine the sign we multiply both sides by u? and sub- 
sequently put « = 0. Bearing in mind the expansion 


9! (u) = — 2 + 2eyu + 4osu? + Fres 


and also the formulae (70) and (43) we can see that we must take 
the — sign in the above formula, i.e. 


p (u) = — 29 2 Uo lu) (71) 


o3 (u) 
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173. The expansion of a periodic integral function. The integral 
function o(u) has no periods at all. We shall show later that by mul- 
tiplying it by an exponential factor we can obtain a periodic integra] 
function. At present we shall consider a periodic integral function 
and deduce an expansion for such a function in the form of a power 
series or a Fourier series [cf. 119]. 

Let us suppose that the integral function ¢(u) has a period w, i.e. 
for any complex u 

g (u + w) = ọ (u). (72) 


We draw a vector w through the origin and two lines perpendi- 
cular to it through its ends (Fig. 83). The latter lines form the 
period band of the function 9(u). The line CD is obtained from the line 
AB by the transformation u’ = u + ø. 
Let us apply the transformation 
t=u- 2xi/wtothe u-plane. In the plane 
T= T, + it, our band will be transfor- 
med into a band bounded by the lines 
T = 0 and t, = 22. If we subsequently 
perform the transformation 

2ziu 
€ =e eo 3 





then in the new ¢-plane our band will 
be represented by the whole plane cut 
along the positive part of the real axis ¢ 
with the exception of the point ¢ = 0 
[19]. The edges of the cut correspond to the two lines which boun- 
ded the original band in the u-plane and the corresponding points 
on the two edges refer to values of u connected by the relationship 
u’ =u +o. As a result of (72) our function has equal values on 
both edges of the cut and therefore the values of the derivatives of 
all orders will also be equal, i.e. our function will be single-valued and 
regular not only in the cut ¢-plane but in the whole ¢-plane except at 
the point ¢ = 0. We can therefore say that it can be expanded in 
this plane into a Laurent’s series 


Fia. 83 


+o +o 2niu 
p (u) = > a,¢" = > a,eo ". (73) 


nñn=—œ n=— o 


We thus derive the following theorem. 
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THEOREM. Any integral function plu) with a period œw can be repre- 
sented in the whole u-plane by the following series 


g (u) = > ape 0 " ; (74) 


The above series must converge uniformly in any bounded part 
of the plane. If we use Euler’s formula and group together terms with 
corresponding values of n, equal in magnitude but opposite in sign, 
we obtain an expression for the function g(u)in the form of the trigo- 
nometric series 


~ j 2nun > 2 2run 
plu) = a+ X (acos “I+ bq sin 5), (78) 
where 


a,=4,+a_,; b,=i(a,—a_,) (n=1, 2, 3, ...). (76) 


174, The new notation. When the theory of elliptic functions is 
studied in detail it contains an extensive formal apparatus which is 
used in the applications of these functions. Unfortunately not all 
authors keep to the same notation. We are giving here the mere basis 
of the theory and therefore we shall not give numerous and frequently 
evry useful formulae which appear in the theory of elliptic functions. 
However below we shall deal with a more complicated formal appa- 
ratus than we have used until now. We shall therefore give the nota- 
tion due to Jacobi which is systematically explained in the book by 
Hurwitz The General Theory of Functions and of Elliptic Functions. 
We shall follow the treatment described in this book in the next 
few sections. 

In future we shall frequently deal with halves of the numbers o, 
and œ, and therefore, to abolish the use of fractions, we introduce the 
following symbols for œw, and a,: 


w = 20; w, = 20’. (77) 
In relation to this we also put 

Mm = 29; M = W. (78) 
In future the fundamental element in the construction of the 


functions will not be the numbers œw, and œ, themselves, as for ex- 
ample in the case of the function 9(u), but their relationship 


t=% (79) 


wi w 
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or another number directly dependent on this relationship: 
h=. (80) 


We also replace the argument u by two other arguments 
imu, 
v=; z=" =e% (81) 


The above notation affects the symmetry of the numbers w and w’, 
i.e. these numbers play different parts when the above notation is 
used. We always assume, as before, that in the relationship œw’Jw the 
coefficient of 7 is positive, i.e. if it is assumed that w’/w =r + is, 
then s > 0, and therefore 


jh|=e7 <1. (82) 
For these values of w, and œw, we had Legendre’s relationship (51) 


which, by using the above notation, can be rewritten in the form: 


nw’ — y/o = Hi. (83) 


Notice certain consequences due to the use of the above notation. 
We have from (81): 





1 
“te v+ +; ote aot]; e in(e + eee e+) — — z, 


and similarly 


uto _ T, ut?’ _ | elt(ot Ss) prz ehv) 
on Sot to ETT; ol ( pay e = hz, 








i.e. for example, the addition of w to u is equivalent to the addition 
of 1/2 to v or to the multiplication of z by 7; the addition of œw to u is 
equivalent to the addition of 7/2 to v or to the multiplication of z 


by h}/*. Notice in conclusion that we shall always denote the powers 
of h? and 2 by e'”” and e'””, 


175. The function ù (v). Using the new notation we can express 
the fundamental property of the function o(u) as follows: 
a (u + 20) = — eto) o (u); o(u+ 2w) = — erute) o (u). (84) 
Add to the function o(u) the exponential factor 
p (u) = o% tbug (u) (85) 
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and select the numbers a and b so that the new function ọ(u) has 
a period 2w. We have from (84) 


p (u ce 2a) eee COCR AA +b(u+20)+2n(u+o) o (4) = 
a elou +4aw? +2bu+2n(u+o),au?+ bu y (u) 

or 

p (u a ede 7 e2(24w +n) (u +w) +2bw (86) 

p (u 
and similarly 
g (u+ za = — e?l2aw +y )(u+w)+2bw — (87) 
p (u 


In formula (86) the index on the right-hand side is a poly- 
nomial of the first degree in u. In order that the right-hand side 
should be unity for any value of u it is necessary to equate to zero 
the coefficient of u in the index while the constant term in the index 
should be equated to kzi, where k is an odd integer. In relation to this 
we assume that 


Substituting in the right-hand side of formula (87) we have from (83): 


p (u + 20’) > ge teem eS Pears 





w — _ v2 
p (u) 5 á 
We thus see that the function 
sae y 2 
piu)=e * %* o(u)=e ?%™ zø(u) (88) 
satisfies the following equations 
p (u + 2%) = g (u), p(u + 20’) = — 7° g (u). (89) 


Since g(u) is an integral function with a period 2w, we can expand 
it in the form [173] 





Also the addition of 2m’ to u is equivalent to the multiplication 
of z by A, i.e. 


+o 
p (u 2w) = © ah”, 
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and the second of the formulae (89) gives 


+o +a 
> akre” Z oi > anz”, 
ñ= — œ n=— o 


or, replacing in the latter sum the variable of summation n by n + 1, 
+ œ +œ 
> ahr” ENE > aay. 
as—o n=- 


Comparing the coefficients of like powers of z we obtain 
12 / 1\2 
On+1 = — han = — e+) F ("—3) an , 


which can also be written as follows: 
1\2 1\2 
(= pe l +2) anti = (= 1)"h es) an- 
We thus see that the expression 
1\2 
laa! 
(aya) a 


must have the same value for all integral values of n. Suppose that 


1\2 
(= ya Ca) a, = Ci, 
where C is a constant. This gives us the following expression for the 
coefficients in the expansion of the function 9(u): 


e-i) 
a, = (— 1A") i, 
and therefore: 
+% S ot 
plu)=0i 5 (1E) an. (90) 
ña- œ 
Formula (88) gives, at the same time, the following expression for 


the Weierstrass function o(u): 
nu’ 


o (u) =e zg (u). (91) 
Here we must introduce a new function 
+o 1\2 
0, (v) =i > (— 1)"h ( -3) ga (92) 


ñ=- a 


which is connected with the function oa(u) by the following relationship: 


nut 


o (u) =e OF, (v). (93) 
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Let us now determine the constant C. Bearing in mind that u = 2wv 
which, from (93), gives #,(0) = 0, and that the relationship #,(v)/v, 
when v = 0, is equal to 2i(0), we obtain, on dividing both sides of 
formula (93) by u and then putting u = 0, 


1 , 
= za CP1(0), 
and finally 


m ow 
a (u) =e gr 8, (0). (94) 
Let us now transform the power series (92) for the function ® (v) 
into a trigonometric series. To do so we must group together terms 
of the above expansion referring to powers of z which are equal in 
value but opposite in sign. Denoting by v the odd positive number 
v= 2n — 1 (n = 1,2,3, ...), whence n = —v + 1/2 we can write: 





r 


ao mif S o Prr Sy Et], 


where each sum is over the odd positive numbers i.e. v = 1, 3, 5, . 
Bearing in mind that 


v+1 —r +1 —r” +1 p—l1 


CDF =y sn Fy 


and 





z” — 27” = eft — eTa — 27 gin vav, 

we can rewrite the above formula as follows: 
1,35,. y—1 
a $ 27? y 
d (v) =i > (=I he (2 — 2), 
? 
or 
1,3, 5, y—l] 7 


ð (v) = 2 =  (— 1) 7 AF sinvw = 


1 9 25 
= 2 [k? sin zv — hê sin 3 mv +h* sin 5v —...]. (95) 


The function & (v), which is usually known as the first theta function 
is an odd integral function of v. To construct this function we only use 
one complex number zt which, according to the given conditions, 
lies in the upper half-plane, i.e. its imaginary part must be positive, 
where h = e'"". Therefore the theta-function is sometimes denoted 
by #8,(2; 7), 
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176. The function ®,(v). Above together with the function olu), 
we introduced the three integral functions o,(u). This, naturally, 
indicates that we should also introduce three theta-functions together 
with the function ® (v). 

Using our new notation we have 





G3 (u) = e”! ea 
or from (93) 
Oo yu + Le — oh wo’ — u 
alu) = oze eu pa) 


Removing the brackets of the power index and replacing u/2w 
by v and w’/m by t we obtain: 


nu eee a 
oz (u) = Cae? oo le OA (+ — v) ; 


where C, is a new constant. Finally, using the relationship (83) we 
obtain an expression for the function o,(u) in terms of the new theta- 


function: 
nu’ 


os (u) = Cse * 248, (5 — 9) . (96) 
Similarly we obtain for o,(u): 


c, (u) = mex ; 


where, for the sake of briefness, we have put 
F=7n+y; G=w+ao’. 


Formula (93) then gives us 





> (5—u} = 
C ñu +n &—u 
a (u) = aH e 2a 8, ( 20 ), 








and making calculations analogous with those above we finally obtain 


l T 


nut 
o, (u) = Oye” 21 9,(4- +5 e). (97) 
We have similarly 
nu? 


o (u) = Ce o ( : — ) : (98) 
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Let us now deduce the expansion into a power series from the values 
of the theta-functions entering the expressions for the functions o;(w). 


We have 
1 1 
8,(= e) => —4, (»— +) < 
But, from (81), the subtraction of 1/2 from v is equivalent to the 
multiplication of z by (—7) and, therefore, recalling (92) 


(b= 8 Ful D ea 


2 


Similarly 
1 T 1 T 
Oats Jepa) 

and the subtraction of (1/2 + 1/2) from v is equivalent to the multipli- 
cation of z by —i- A7*?. 

It follows that 

+a 1\2 1 
a (4+4 -e)s S (yala) ag = 
n=oe—o@ 


1 +œ 
=h 7z >= hO? z2n-2 


na—o 


or, replacing the variable of summation n by n + 1, 


l T ae HS n?,2n 
a(z +4 -e= a en, (100) 
and similarly 
1 +a 
a, (+- v) SiE. (— RPR, (101) 


We introduce the three new theta-functions 


$3 (v) = Wee, (102) 
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In this case the above formulae for ø (u) can be wrtten in the form 
nu? nut nu! 


a, (u) =C,e? 8, (v); o, (u) = Če ™ D (v); oz (u) = Če © 9, (v), 


where Č, and Č, are new constants. To determine the constants we put 
v = 0. In this case u = 0 and o,(0) = 1; hence 


1 x 1 ~ l 
=F 0) 5go CSO 
and we have finally 
nu 8, (v) nut (v) nut D, (v) 


o, (u) =e B 0; 0, (u) =e% 8 (0); os (u) =e (0) (103) 


Sometimes @,(v) is written instead of ?,(v). 

The power series (102) for theta-functions can easily be transformed 
into trigonometric series in the same way as those of the functions 
ð (v). We thus obtain: 


1 25 
vz 2h* cos xv + ont cos 32v + 2h4 cos 57w +. 
By (v) = 1 + 2h cos 2nv + 2h* cos 4av + 2h? cos 6xv +. (104) 
WA 1 — 2h cos 27w + 2h4 cos 4rv — 2h? cos bmw + . 


In future, to simplify notation, we shall not write the argument 
v = 0, i.e. instead of ĝi(0) we shall simply write ĝi and #;, instead 
of @,(0). It follows from (95) and (104) that we can write the follow- 
ing expansions for these values 


a 2 25 49 
KH= a = 3h? + 5h? — Th? +...) 
9 25 49 
a, — ont + 2h4 + 2h4 + Ohne 4+. (105) 


Da = 1+ 2h + 2h F Qh9+... 
D, = 1 — 2h 4 2ht — 2h? + .. 


These series converge very rapidly since it is given that |h| < 1 
and the sum of these series are regular functions of t which are deter- 
mined in the upper half-plane. 

It is not difficult to establish the connection between the Weierstrass 
function (u) and the theta-functions. We had earlier 


— % (4) 
VP (u) — e = say 
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and, bearing in mind the expression for the functions o(w) and o,(w) 
in terms of theta-functions we obtain 


al ea) 
Ve (u) — eg = pA Bast ENON . (106) 





177. The properties of theta-functions. All theta-functions are 
integral functions of the argument v and the fundamental element 
used in their construction is the complex number 1 in the upper half- 
plane. To emphasize this fact these functions are sometimes written 
as follows: 8,(v; t). As we have said already the function #,(v) is odd 
and the remaining functions are even. We shall now investigate the 
behaviour of theta-functions when 1/2 is added to the argument v. 
Remembering the expansion of theta-functions into trigonometric 
series and using the formulae for the conversion of theta-functions, 
we obtain immediately 


b, (+) = ð, (v); 8, (0+) = — ® (v); 
8,(v++] = ® (v); i,(v+ 5) = 8, (v). 


Let us now investigate the behaviour of theta-functions when 7/2 
is added to the argument v. This, as we know, is equivalent to multiply- 
ing z by h'’?. Using the power series for theta-functions we obtain, 
for example, from (92) 


te 1\2 2n-1 
ð, (v + +] 7 c2. (yala) ane em = 

1 +e 

=ih7 te S (— 1h" 2, 
or from (102) 
8, (v+ =) = imd, (v), 
where 
-1 -1 
mah Agta) te, (107) 


and it can be shown similarly that 


8, (v + +) = md; (v); Os (v + +) = mb, (v); 9 (o + +) = imd,(v). 
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From this more general transformation formulae can be obtained. 
Thus, for example: 


8, (v+)!=9, +> + +) =i Teret 9 (04 4) = 


1 
= th jee F) F eiw 8, (v) = — 18, (v), 
where 
l=hz?. (108) 


The results obtained can be collected in a table as shown below: 

















v+- v+ v+ +4 o+1 ott v+i+r 
a, D, imð, me, — 6 — 16, 18, (109) 
b l 6: mô, imh | — a io, | —18, 
6, da | m imo, e, 18, 18, 
ry 6, | imd mb, a | -i | -0 











If we want, for example, to express #,(v + 1/2 + 1/2) in terms of 
theta functions of the fundamental argument v, then we must find 6, 
in the first column and take the expression under v + 1/2 + 1/2, in 
the corresponding row, i.e. 


dg (v-+ = +) = id, (v). 


We shall also give a table of the zeros of theta-functions. The 
function (v) differs from the function o(u) by an exponential factor 
which cannot vanish and, consequently #,(v) vanishes when, and only 
when 6(u) vanishes; this latter fact takes place when 


u = n2w +n’ 20’, 
where n and n’ are arbitrary integers. Dividing by 2w we obtain the 
following expression for the zeros of the function #,(v): 
v=ntn’'t. 
The zeros of the remaining theta-functions can be obtained by 
using the first row of the above table. Thus, for example, we have 


8,(v) = m1 e (v + 1/2 + 1/2), and therefore the zeros of ð (v) are 
determined by the condition 


T 


I , 
Uta deco ee eee, 
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since m-! = hte does not vanish, or 


v=(n- y) + (r -4e 


where n and n’ are arbitrary integers. We thus obtain the following 
table for the zeros of theta-functions: 








a, n N'T 
Da ntntt (110) 


T 


l 
E OEE Fe 


a, nent $ 


Notice also that it follows from the fifth column of the table (106) 
that the functions #, and ĝ, have a unit period, and the functions 
8, and #, have a period of two. The above table shows that different 
theta-functions have different zeros. 

Theta-functions can be regarded as functions of the two arguments 
v and t. For any given t in the upper half-plane they are integral 
functions of v, and for any given v they are regular functions of t 
in the upper half-plane. This latter circumstance is directly due to the 
fact that the series (92) and (102) converge uniformly when 
[h| < o < 1. We shall now show that all four theta-functions, by 
virtue of being functions of two arguments, satisfy one and the par- 
tial same differential equation of the second order: 


O78, (v) - 00; (v) 
Bit = 411 — ; (111) 





This equation formally resembles the heat conductance equation 
with which we dealt earlier [II, 203]. We shall test the equation (111), 
for example, for the function ð (v). Differentiating the general term 
of the series (104), equal to 2k% cos 2naw = 2e™™™ cos 2nav, twice 
with respect to v we obtain 


— 8n2n2e""" cos 2nxv, 
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and the same result is obtained by differentiating once with respect 
to t and multiplying the result by 427 


Ani (2inn? e"? cos 2nzv) = — 8n2n?e!*™™ cos 2naw. 


This equation can be tested similarly for other theta-functions. 


178. An expression for the numbers e, in terms of 9,. In the study 
of the Weierstrass function P(u) we introduced the numbers e, which, 
in our new notation, are defined as follows: 


%=P(); e =P (o +o); e=} (w), (112) 
and we obtained the following fundamental relationship for the 
function Q(u) 

Q? (u) = 4 (P (u) — ey) (P (u) — e2) (P (u) — e3) - (113) 

The numbers ep, as we saw, satisfy the condition 
e + e+e = 0 (114) 
and are all different. These numbers are of fundamental importance in 
the theory of the function (u). They can be taken as the basis for the 
construction of the function (u) instead of 2w or 2m’. In this case 


the function (u) will be obtained as a result of the conversion of an 
elliptic integral of the first kind 


dz 


3 Si (2 — e1) (© — e7) (@— 6) oe 


We shall now express the numbers ex in terms of theta-functions, 
the argument of which is zero. Take formula (106) 


OTa ei) 


= 20 Pn A (2) = Qo 





and put u = o, i.e. v = 1/2, and subsequently, put u = w + w’, i.e. 
v = 1/2 + 1/2. We thus obtain from (112): 
l 
l LA Beer (+) . 
2w Bhat ( ) : 
?. 
l 


1 oa PRs (+4) 


2w ð 1 T : 
AE 





ei — ek = 


w| = 


a 


lz — ek = 





— 
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Using the table (109) which gives the conversion formulae for theta- 
functions we have 
——_ 1 & @, 
Ve — e = zs 2, P’? 


eere EA 
amam ae 


Ven — a = 1 4% 
“3 ês = 90 A, D, 


3 











We shall prove below the following important identity 
D = 20,09, (116) 


the use of which makes it possible to rewrite the above formulae in a 
very simple form: 


: n ——— Ayy 
Ve = e= A; Ve, — e = zg% Ve — ¢s = 5 h. (117) 


Let us now prove the identity (116). We have from (106) 


— 1 & Oka (o) 
VP (2000) — er = 35 Shi a 





whence, expanding the functions @,(v) and (v) into McLaurin’s 
series and bearing in mind that ¢,(v) is odd while the remaining func- 
tions are even we, obtain 


or, taking the factor v out of the denominator and dividing one series 
by the other series 


Wem a= glt H sels 
or 


A Diaa 1 Of) oF i 
pw) — = soar [1+ (St —sF)a)t . 


As we know, the expansion of (uz) near u = 0 contains no constant 
term and, consequently, squaring the bracket on the right-hand side, 
and collecting together all the constant terms we should obtain (—e¢,), 
and so 


a= lae) (118) 


650 SPEOLAL FUNCTIONS [179 
This and (114) gives us the following relationship 


= ec 
Ga ee, ae 


In all these formulae the dashes above @ indicate partial differen- 
tiation with respect to v so that, for example, #1” is 0°9,(v)/dv3, when 
v=0. The equation (111) when v = 0 gives 


. OO, 


t- (k = 2, 3, 4) 


‘= 40 
and, similarly, assuming in the equation (111), that k = 1, differen- 
tiating with respect to v and subsequently putting v= 0 we 
obtain 

m Ap OY 
= dni. 
By using the last two relationships we can rewrite the formula (119) 
as follows 
(10% _ 1 0% | 1:08, 1 0% 


& Or 868, Oc | 8, r A Or” 
Integrating with respect to t we have 
HH = Chyby 


where C is a constant independent of z, i.e. of h. To determine this 
constant we substitute on both sides of the above identity the ex- 
pansion (105) writing out only its first terms 


an(h® —...) = C (Qh +...)(l4+...)(1—..-). 


Comparing the coefficients of terms containing h‘'*, we obtain O =% 
which gives the identity (116). 


179. The elliptic Jacobian functions. Instead of the elliptic Weier- 
strass function (u) other elliptic functions are frequently used which 
have an earlier origin historically and date back to Jacobi. Assume, 
as always, that t is an arbitrary number in the upper half-plane, 
while w and w’ are two numbers, the ratio of which is w’/w = t. 
By using these clements we can construct theta-functions. Let us 


179] THE ELLIPTIC JACOBIAN FUNCTIONS 651 


define three new functions which are the ratios of two integral func- 
tions, i.e. which are fractional functions: 


ou) _ oy 4 Av) 

















or (u) = olu) i A (2) 
_ olu) _ 2, & (v) _ u 
A © (°=s) a 
o (u) 8, ma (w) 
deo aa a a 


According to the known eade 


Vp Pu) a = 4 


o (u) 





these new functions are connected with the Weierstrass function (u) 
by the following three relationships: 


ro 1 cm dn 
VP) — 6 = Say O a = Sey V — a= a) 


Eliminating the function (u) from these relationships we obtain 
two relationships for the new functions: 


en? (u) + fe, — e3) sn? (u) = 1; dn? (u) + (e, — e3) sn? (u) = 1. (122) 


The formulae (117) from the previous paragraph give us 
2 2 2 
e —-& = (=) Of, e — e = (=) Pj; ez — eg = (5) a. (123) 


Until now the complex numbers w and w’ have remained fully arbi- 
trary, the only essential condition being that the relationship w’/w = qt 
should lie in the upper half-plane. In the theory of the Weierstrass 
function these numbers are not subjected to any other limitations. 
In the theory of Jacobian functions the number w for a given t is 
determined by the condition that the difference e, — e, is unity. 
The second of the relationships (123) then gives w: 








w= 7 OF = (1+ 2h+ ht + 294 ...)2 (h= e), (124) 


which is fully defined by this formula for a given t; w’ is determined 
subsequently from the formula w’ = wt. Substituting the expression 
(124) into the relationship (123) we obtain: 


$ 


|è 
CO be] OD a 


e — & = oe €—@3= l; e — ly =a; (125) 
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where the right-hand sides depend only on t. The relationships (122) 
can then be rewritten as follows: 

sn? (u) + en? (u) = 1; dn? (u) + k?sn? (u) = 1, (126) 
where it is assumed, for the sake of briefness, that 


pi 
k = pr (127) 


The Jacobian functions are constructed by using t alone and there- 
fore the following notation is sometimes used 
sn (u; t); cn(u; t); dn (u; 7). 


The number k given by formula (127) is known as the modulus of 
the Jacobian function. We shall also introduce the so-called additional 
modulus which is defined by the formula 


' 8i 
k2 = Ez ; (128) 
Adding the first and third of the relationships (125) we obtain 
+ k=l. (129) 


The formulae (127) and (128) determine k? and k” as the squares 
of certain single-valued functions of t; by taking definite values of 
the radicals we can therefore write: 


ka#i; pat 


a ? = EA $ (130) 


Let us now return to the formulae (120). Factors on the right which 
are independent of v can be expressed in terms of k and k’. In fact, 
we have from (130) 


d. r Oe. [E _ e 
n-p; Wah; PE=%, 
which, together with (124) and (116), gives 


ea ee 
a, Vk’ 


and therefore the formulae (120) can be rewritten as follows: 


a, a a, 


sn (u) = ls 


Eo) m= FRA: any) = YER am 
i 


k 8, (2)’ 8, (2) 


(=). 
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180. The fundamental properties of Jacobian functions. The formulae 
(131) represent the Jacobian functions as the quotients of two integral 
functions. Using the fact that (v) is odd and that the remaining 
functions #,(v) are even, we can conclude that sn(z) is an odd func- 
tion and cn(u) and dn(u) are even functions. 

Also 6,(0) = 0 and we have 








&, (v) — & (2) -lø 
u |o=0 2w |v=0 2% Y 
and the formulae (120) give 
sn (u) aw P = 
=r kag E cn (0) = dn (0) =1. (132) 





Let us now return to the table (109) which gives the conversion 
formulae for theta-functions. Bearing in mind the fact that the ad- 
dition of 1/2 or t]2 to v is equivalent to the addition of wor œw’ to u, 
and using the fundamental relationships (131) we obtain the following 
table of conversion formulae for the Jacobian functions: 















































uto u+ o’ u +o +w |u + 2@ |u + 2w |u t 2w -42w 
cn (u) 1 1 l dn(u) 
dn(u) | t sn(u) | E m | om} Pl) | —sn() 133) 
, sn (u) i dn (u) k- l 
cn |— k dalu; | k sau) A T —cn (u)|— cn (u) cn (u) 
PA | . cn (u) -,, Sn (u) 
dnj| k ant) —i sn (u) a an (u) dn (u) |—dn(u)} — dn (u) 





The last three columns of this table show that the function sn(u) 
has periods 4w and 2w’, the function cn(u) has periods 4w and 
2w + 2w’, and finally, the function dn(u) has periods 2w and 4w’. 

The table (110) which gives the zeros of theta-functions leads us 
directly to a table giving the zeros and poles of Jacobian functions. 
Adding to this the periods shown above we obtain the following table: 














Zeros Poles Periods 
(134) 
sn (u) 2nw + 2n’w’ 2nw + (2n’ + 1) o 4w and 2%” 
cn (u) (2n + 1) w + 2n’w’ 2nw + (2n’ + 1)w’ |4w and 2w + 2w’ 


dn (u) |(2n + 1) w + (2n’ +1) a’) 2nw +°(2n’ 4+ 1) w’ 2w and 4w” 
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In Fig. 84 below, the parallelograms of periods for Jacobian functions 
are given. The circles denote the zeros and the crosses the poles of 
the corresponding function. Owing to the fact that both the theta- 
functions and the o(w) functions have simple zeros we can say that 
the Jacobian functions have simple poles. Below there are two poles in 
each parallelogram, i.e. all Jacobian functions are elliptic functions 
of the second order with simple poles. 


0 2a) 


This is directly due to the fact that all these functions can be obtained 
by converting certain elliptic integrals of the first kind to a poly- 
nomial of the fourth degree under the radical. We shall now try to 
explain this circumstance. 


181. The differential equation for Jacobian functions. It follows 
directly from the formulae (113) and (121) that 


i a 2 cn (u) dn (u) 
A sn? (u) 


To determine the sign on the right-hand side, we multiply both sides 
of the above equation by u? and then put u = 0. Bearing in mind 
the fact that the product u? 9’(u) equals (—2) when u = 0, and using 
the formulae (132) we find that the minus sign must be taken on the 
right hand side of the above formula. This sign will remain unchanged 
during analytic continuation of the function, i.e. we have 


OE a 2 cn (u) dn (u) 
9 DNS. Senter noe 


On the other hand, differentiating the relationship 


1 
p (u) — 6s = satu)’ 
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we obtain 


p (u) 2n 2 (sn ONA 


sn? (u) ? 
and comparing these two expressions for 9’(u) we obtain 
[sn (z)]’ = en (u) dn (u). (135) 


Differentiating the equations (126) and using (135) we obtain the 
derivatives of two other Jacobian functions: 


(cn (u))’ = — sn (u) dn (u); (dn (u))’ = — k?sn (u) cn (u). (136) 


Squaring and using (126) we finally obtain the following differential 
equations for Jacobian functions: 


(E = (1 — sn? (u)) (1 — k? sn? (u)), 
(SE) = (1 — en? (u)) (k? + kon? (u), (137) 
cog — (1 — dn? (u)) (k’? — dn? (u)). 


Let us investigate the differential equation for the function sn(z) 
in greater detail. If we put x = sn(u) we can write 


Z= yi 20 e), 

where it must be assumed that x = 0, when u= 0, and also that 
the radical on the right is equal to unity since sn’(0) = 1 from (132). 
Separating the variables and integrating we obtain: 





x 
dz 

e J Vit — a8) (0 — Fa) ` (133) 

This shows that the function sn(u) is obtained as a result of the con- 
version of an elliptic integral of the first kind in the Legendre form. 
It can be shown, conversely, that by taking arbitrary complex 
values other than 0 and 1 for the number &?, we obtain the Jacobian 
function sn(w) as a result of the conversion of the integral (138). 
Hence together with t the number k can serve as an element in the 
construction of the Jacobian function. We investigated the integral 
(138) in detail from the point of view of conformal transformation 
in the particular case when %? is real and lies between zero and unity. 
We than had one real period, which in [167] we denoted by 4K and 
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another purely imaginary period 2iK’. Comparing this with our new 
notation we obtain: 


7 p . n 
K=0= 7% 1K! = w = wt = > Ofr. 


182. Addition formulae. Let us consider three functions of the 
variable u: g,(u) = sn(u) sn(w + v); pau) = cn(u) cn(u + v); 
palu) = dn({u) dn (u + v) where v is a fixed arbitrary number. By using 
the table (133) it can readily be seen that all these functions have 
periods 2w and 2w’. The function ¢,(u) has simple poles at the points 
where sn(w) or sn(u + v) have poles. Using the table (134) we can see 
that these points differ from w’ or —v + œ’ by a period, i.e. they differ 
by an expression of the form n2w + n’2w’, where n and n’ are arbit- 
rary integers. In the fundamental parallelogram of periods constructed 
on the vectors 2w and 2w’ there will, consequently, be only two such 
points. The same result will also be obtained for the remaining functions 
p,{u), i.e. all these functions are elliptic functions of the second order 
with periods 2w and 2w’ and have two simple poles in the parallelo- 
gram of periods, one of which is equal to w’. The constants A and B 
can be so chosen that the two functions 


Pr (u) + Ag, (u) and 93 (u) + Be, (u) (139) 


have no pole at u = œ’. For this choice of constants the functions 
(139) will have only one pole of the first order in the parallelogram of 
periods, and since no elliptic functions of the first order exist [168] 
it follows that these functions are simply constants. We can there- 
fore say that with a suitable choice of the constants A and B the follow- 
ing relationships apply: 


en (u) en (u + v) + Asn (u) sn (u + v) = A, | (140) 
dn (u) dn (u + v) + Bsn (u) sn (u + v) = B,- 


The constants A, B, A, and B, are constants with respect to the 
argument u but their value depends on the choice of v. Let us deter- 
mine these constants. On putting u = 0 in the formulae (140) we 
obtain: 

A,=cn(v); B,=dn(v). 


Differentiating the relationships (140) and then putting u = 0 we 
obtain from (135), (136) and (132): 


(en (v) + Asn (v) =0; (dn(v))’ + Bsn (v) =0 
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and again, from (136) 
A=dn(v), B= kcen (v). 


Substituting the constants in (140) we finally obtain the following 
two relationships: 
cn (u) cn (u + v) + dn (v) sn (u) sn (u +v) = cn (v), (141) 
dn (u) dn (u + v) +? en (v) sn (u) sn (u + v) = dn (v), 
which can be regarded as identities with respect to u and v. Replac- 
ing u by (—u) and v by v + u we obtain 


en (u) cen (v) — dn (u + v) sn (u) sn (v) = cen (u + v), 
dn (u) dn (v) — k? en (u + v) sn (u) sn (v) = dn (u + v). 


The last two formulae enable us to find cn(u + v) and dn{(u + v) 
and on substitution in the first of the equations (141) we obtain 
sn(u + v). We thus arrive at the following addition formulae which 
express the Jacobian functions of the sum of two arguments in terms 
of Jacobian functions of the individual arguments 


sn (u) cn (v) dn (v) + sn (v) en (u) dn (u) 
1 — k? sn? (u) sn? (v) d 
— d 
cn (u + v) = 2 (u) cn e- REA (v) dn (v) À (142) 
__ dn (u) dn (w) — k? sn (u) en (u) sn (v) cn (v) 
1 — k? sn? (u) sn? (v) í 


sn (u + v) = 


dn (u + v) 


The first two formulae resemble the addition formulae for ordinary 
trigonometric functions: the sines and the cosines. These latter 
functions do, in fact, appear to be special cases of Jacobian functions 
when k = 0. Thus if we put k = 0 in the integral (138) then its conver- 
sion gives x = sin uw; it follows from (126) and (132) that cn(u) be- 
comes cos u. Finally, the second of the formulae (126) shows that the 
function dn(z) simply becomes unity when k = 0 and therefore it has 
no analogous function among the trigonometric functions. 


183. The connection between the functions (u) and sn(«u). We shall 
now establish a direct connection between the functions (u) and 
sn(u). Let us investigate the function (u) with periods 2m and 2w’. 
Consider the number w’/w = t in the upper half-plane and construct 
theta-functions and the function sn(w) by using this number and the 
first of the formulae (130) and (131). The numbers 2w and 2w’ which are 
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connected with the above Weierstrass function, will not, in general, 
satisfy the condition e, — e} = 1. According to the formulae (117) 
quoted above we have the following relationships: 


ry a y a \% 
q—e—=(g5) O eaan) e eam (a) OF 


pt eae (143) 
~~ MU e, — @3 


We have new numbers 2 and 2w’ for the function sn(u) instead 
of 2w and 2m’ which, as we know, are determined by the conditions: 


26 = nð; 26' = 2dr. (144 


Denoting by A the relationship 4 = «/w = @’/w’, we consider the 
function 


f(u)= aw 


We have 22w = 2% and 42m’ = 2m’ and, according to the table 
(133), the function f(u) has periods 2w and 2w’. We see from the table 
(134) that the function f(u) has poles at n2w + n’2w’, where n and 
n’ are arbitrary integers. 

Hence the function f(u), like the function (u), has periods 2w and 
2w’; it also has in the fundamental parallelogram of periods a single 
pole of the second order at u = 0. We shall show that the infinite part 
of the function f(u) at this pole will be the same as of that the function 
(u) and will be equal to 1/u?. In fact, remembering that the function 
sn(u) is odd and also (132) we have the following expansion near 
the point u = 0: 

sn (U) = U + egu? + cpu? +., 
whence: 
E i 
sn? (u) u? (l+ cyu? + c,u4-+...)? 


or we have near u = 0: 


f(t) = Sra =, + Rd) + Maw + ..., 





= et dy + du? + eee 





which we wanted to prove. Hence the functions f(u) and (u) have 
in their common parallelogram of periods the same poles with equal 
infinite parts; it therefore follows that these functions differ only by 
their constant terms, i.e. 


p (u) = at aj +0. (145) 
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To determine the constant C we put u = w. We have {\(w) = e, 
and from the table (133) 


en (0) 


= any TL 


sn (Aw) = sn (@) 


and formula (145) gives: 
C=e,—A. (146) 
According to the formulae (143) and (144) we can write 
26 = 2w Ve; — ez; 20' = 20’ Ve, —e,, 
i.e. 


@ a’ a 
A=—= = pe — e 
wD W Ver 3? 





whence, by using (146) we have C = e,. 
Using the equations (143) and (114) we can write the constant C 


as follows: 
o= te 


Hence we finally obtain the following connection between the 
functions (u) and sn(w): 


ea A eae DES 
9 (u) = aW + es (147) 
or 
A2 (1 + k?) 22 


p (u) = sn? Qu 3 (A= Ve, — és) - (148) 





184. Elliptic coordinates. Elliptic functions are frequently used, particularly 
in mechanics. Here we shall only deal with fundamental and very simple appli- 
cations of these functions. One application is their use in finding elliptic coordi- 
nates in space. We have already met elliptic coordinates earlier [II, 137]. Here 
we shall repeat what we know already and give some additional properties of 
these functions. We shall somewhat modify our earlier notation, viz. we shall 
replace the numbers a?, b? and c? by —a?, —b? and —c?. Let us write the equation 

x2 y? z2 


+ 


This is an equation of the third degree with respect to 9. At any given point 
with cartesian coordin ates(z, y, z) the equation (149) has three real zeros å, 
u and v, which satisfy the inequality 

A>@>ue>BP>r>e, (150) 


and these three numbers are known as the elliptic coordinates of the given point. 
So as not to affect the sign of the equality we assume that x, y and z are not 
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zero and that they are positive, say. If, in the equation (149) we put 9 = A, 
we obtain an ellipsoid which passes through the given point; when ọ = p 
this will be a one-sided hyperboloid and when 6 = » a two sided hyper- 
boloid. We have seen earlier that the coordinate surfaces A= const 
u = const and » = const are mutually orthogonal, i.e. elliptic coordinates are 
orthogonal coordinates. We shall introduce formulae which give the cartesian 
coordinates in terms of elliptic coordinates. Bringing the left-hand side of the 
equation (149) to a common denominator and remembering that the nume- 
rator is a polynomial of the third degree of ọ with zeros A, u and v, the first 
coefficient of which is (— 1), we can write an identity for ọ: 


$ , vy | Fy _ =e 4) (e— 4) (0 —») 
a-a tg e tga | Gaye hee) 


Multiplying by (9 — a?) and then putting ọ = a? we obtain an expression 
for z? and analogous expressions for y? and z?: 


(151) 


ot C2) (u = at) (v =a) 
Ct Cr 
_ (A — b?) (u — b?) (v — b?) 
V= pay (152) 
op. (4 — e) (u — cè) (v2) 
(= aA (cf — BF) 








We shall now deduce a formula for the square of an element of arc in 
elliptic coordinates. Taking logarithms and differentiating the formulae (152), 
we obtain: 





da då du dy 
2 daat tpa Set 
dy _—_—sda du dy 
2 ae tp ete 
dz da du dy 
2 A—c? poet y—c ` 


Multiplying by z, y, z, squaring each term separately and adding we have 
de? = I? da? + M? dy? + N? do’. (153) 


where, for example, 


a? y 22 
2 ed —", 154 

4L = eae eee Ge ast) 

Notice that the right hand side of formula (153) does not contain products 
da dg ete. since elliptic coordinates are orthogonal [II, 130]. We can obtain the 
right-hand side of the formula (154) by differentiating the left-hand side of the 
identity (151) with respect to o, changing the sign and then putting 9 =A, i.e. 


a= 2 @—Ae-4)e—-%) | 
de (e — a?) (e — b?) (e — c?) |e=a 
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We can therefore write the following formula for ds?: 


Sis (A— 2) (A—») 3 (u — à) (u—») 2 
4d = KAAS Tes wace t 
+— EN BY asa (155) 


(x — a?) (v — b?) (v — c?) 


Knowing the expression for an element of length we can write the Laplace 
equation in elliptic coordinates [II, 119]. For the sake of simplicity we introduce 
the following notation: 


f (e) = (e — a?) (e — b?) (e — è). 
In the notation of [II, 119] we had: 


UAA). oy UDE. o CDCA, 
S [=a jay P| a | E 


where H, must be positive; it must also be remembered that f(A) and f(v) are 
positive and f(z) < 0. The Laplace equation in elliptic coordinates is as follows: 


Ware S A (ra m) * Ta Oe sr (VF alt 


#—å 3 0U 
+ Ha 2 (fH) Z)=% (156) 
VF (A) F) & id 
where the last two terms are obtained from the first as a result of the cyclic 
rearrangement of the letters 4, u and ». 


185. The introduction of elliptic functions. Let us replace the variables 
A, # and » by new variables a, f and y, according to the formulae 








da du dy 7 
-— = d > = ; — =d ’ 157) 
Va © 710) HA i 


i.e. a, f and y are expressed by elliptic integrals of the first kind in terms of å, 
# and v and, conversely, the latter are elliptic functions of the former. Thus we 
have, for example, from (157) 


ə 3 
HO’ 
and we can rewrite the equation (156) as follows: 


2U 
OB (#— Noa =0. (158) 


Let us now turn to the formulae (152) and show that v, y and z are single- 
valued functions of the new variables a, 8 and y. In fact, consider the radical 


Vi (e) = Y (e — a°) (e — b?) (0 — c°), 





2 
o-n +a- 
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which enters the expressions (157). Replace 9 by a new variable ¢ according 
to the formula 


e=p+g, 
where p and q are constants. We obtain 
(e — a°) (e — b°) (e — c?) = g? (t — e,) (t — ez) (¢ — ea)» 
where e, are the zeros of the polynomial with respect to ¢ so that we have: 
P=p+ge; F=p+ge; =p Hga. 
Let us select the constant p so that the sum of the e, should be zero, i.e. 


e, +e +e, =0, 


hence 
_ +P +e 
P= 3 


The preceeding formulae will determine the numbers e, accurately except 
for q which we assume to be positive and denote by s?. We therefore have: 





2 a +b? +e 
se, = a? — qa 
2 b? 2 
Jem pini E s : (159) 
F a? + b? + c? 
Seg = c? — gs 
It also follows that: 
a — b? = 8 (e, —e,); a? —c? = 8? (e, —e,); b? —c? = 8? (e — @,). (160) 


Substituting 9 = p + qt we have: 
e—a =s (t— e); g — b? = 8 (l — e); Q—c? = 8? (t — eg). 
The polynomial f(9) with the new variable can be written in the form 


Í (e) = 3° (t — e) (t — ez) (t — eg). 





On putting 
J= — 4 at, (161) 
we can rewrite the first of these formulae in the form: 
t 
see l ee 
3 Pic y4 (t — &) (t — ez) (t — eg) 


where the arbitrary constant on the right is omitted since it is of no significance. 
Assuming, for the sake of simplicity, that s = 2 we obtain t = Ẹ(a) as a result 
of the conversion of the integral since the polynomial under the radical has the 
form given in [178] owing to the fact that e, + e, + e, = 0. 
Formula (161) gives 


a= SHEETS 449 (0), (162) 
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and we obtain similarly: 


pe EBEE pap ve PEBE apo ny 








Substituting these expressions in the formulae (152) and taking into account 
(159), (162) and (163) we have: 


4 Ba) = 4) P (8) = 6) Noe) 


(e; — e2) (e1 — e3) 


4 P (a) — es) (P (8) — e) O 0) — ea) 








aa (e2 — €z) (€2 — &1) un 
ot = 4 (9 (a) = ed O (B) = e) 9) = 0) | 
(es — 61) (ea — e2) 


As we know from [172] all the differences in the numerators are squares of 
single-valued functions of a, £, y, so that, in fact, the above formulae give x, y 
and z as analytic functions of a, 8 and y. According to (162) and (163) the 
Laplace equation (158) with the new variables will be 


Gy) — 918) 52 4G (a) -po SE ENTO Pan Fe =0. (165) 


186. The Lamé equation. Let us separate the variables in the Laplace equa- 
tion and find its solution in the form of a product of three functions, one of 
which depends only on a, the second only on £ and third only on y: 


= A (a) B(B)O (p). (166) 
Substituting in the equation (165) and dividing by A(a) B(8) C(y), we have 


9-9 ZO + Ga — PON FE + OH — PNG =0 


This equation will be satisfied if it is assumed that the factors in the ex- 
pression (166) are solutions of an equation of one and the same form viz.: 


A’ La La 
Tay eG—b Eeoa p- GEL- -apot 





where a and b are constants. We thus obtain an equation of the second order 
with a coefficient of dual periodicity 
d? R 
FD + [a P (u) +b] R (u) =0. (167) 
Let us determine, first of all, the constant a so that the general solution 
of the equation (167) is a single-valued function of u. The coefficient aff(u)+-b 
can be expanded near the point u = 0 as follows: 





a 
F tbt 


and therefore the determining equation at this regular point will be 


e(e—1)+a=0. (168) 
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If the integral is to be single-valued the zeros of this equation must be integers. 
The sum of the zeros is equal to -+1 and therefore the equation (168) must have 
zeros at —n and n + 1, where n is a positive integer or zero. Hence the constant 
a can have the following possible values: 


a,=—n(n+1) (n=0, 1, 2,...). (169) 


Strictly speaking we have only shown above that the equation (169) gives 
the necessary condition for the general solution to be single-valued. We shall 
now show that this is also the sufficient condition. It follows from general 
theory that one of the solutions of the equation (167) when a = —n(n + 1) 
can be expanded as follows near the origin: 


R (u) =u"? (e, + cpu + cu? + ..-) (cy # 0). (170) 


The equation (167) remains unaltered if u is replaced by (—u); hence if we 
make the same substitution in formula (170) we should also obtain a solution 
which only differs by its constant term from the solution (170) since the second 
solution, linearly-independent with (170), has a completely different form near 
u = 0. It follows from these considerations that the power series in formula 
(170) contains only even powers of u, i.e. 


R, (u) = u"*! (c, + czu? + eut t+ .-.) (co # 0). (171) 


The second solution of the equation (167), as we know, can be obtained from 


the formula [II, 24] 
R, (u) = By (0) | pees 


R, (u) = R, (u) free ot ewe? + cut + ...)? du. 


or 


The integrand can be expanded near the point u = 0 into a series contain- 
ing only even powers of u and therefore the term in w` ! will be absent while the 
second solution of R,(u) will not contain log u. We can thus see that both 
solutions will be single-valued near u = 0. The above arguments can be 
repeated word for word for every singularity of the equation (167). Its sin- 
gularities lie at the points u =m, w, + m,@,, where w, and œw, are the periods 
of y(u) and m, and m, are arbitrary integers. Hence any solution of the equation 
(167) can only have poles at the singularities and therefore it must, in fact, 
be a single-valued function of u. 

Substituting the value of the constant (169) in the equation (167) we obtain 
the equation 


oe) +[-n(m +1)Ẹ (u) +b]R (u) =0, 172) 





which is generally known as the Lamé equation. The constant b is determined 
by the condition that the equation (172) should have a solution in the form of 
a polynomial in (v) or in the form of a product of this polynomial and a factor 
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of the following form 
Vou) =e; Vues VS ey 


and there can be one, two or three additional factors. It is apparent that the 
constant b can have (2n + 1) values which satisfy this condition. If R (u) is a 
solution of the equation (172) of the form mentioned above then the product 


R, (a) R, (8) Ro (x), 


which is a solution of the Laplace equation, is a polynomial of the nth degree 
in the x, y, z coordinates. For a given n there will be (2n + 1) such solutions, 
as explained above, and they are generally known as Lamé functions. These 
polynomials are obviously directly connected with spherical functions with 
which we dealt earlier. 


187. The simple pendulum. We shaJl consider a simple pendulum as one of 
the simplest applications of Jacobian functions. Assume that a heavy material 
point of unit mass moves round a smooth circle. Let the coordinate axes 





Fie. 85 


X and Z be in the plane of this circle and let the Z axis be directed vertically 
upwards, let Z be the radius of the circle. Suppose that when ¢=0 our point 
is set free from the lowest point M,(z = —l) with an initial velocity v,. The 
increment in kinetic energy is equal the work done by the force of gravity and 
we thus obtain the formula 


or 
2 
v? = 2g (a — 2) (a =—I+ | : (173) 


Suppose that the line z = a intersects our circle at the points A and A’, 
ie.a@ <lorv, < 2ylg. It follows from formula (173) that z < a, and therefore 
movement takes place along the arc AM,A’ (Fig. 85) of our circle. We have 
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z = —lcos 6; let us now introduce an angle a such that a = —lcosa 
(0 <a < x). The velocity is then given by the formula 
ei ds =:| dé 
o dt | de 





and therefore the equation (173) can be rewritten in the form 


e (s) = 2gl (cos 8 — cosa) 


or introducing half-angles 
dé \? a 6 
i{}j——| = in? — — sin? — 
(+) 4g (sin 5 sin z) 


7a do 
I Tya . 20. 
| sia z Sin? — 


hence 





2 
We are supposing that 0 incrcases with ¢. Replace @ by the new variable 
z according to the formula 


_ 8 $ 
SRy SEM . 


Differentiating this relationship we readily obtain 


2sin dr 2sin dr 2sin > dr 
dð = ———— = ——, ie, d¢ = ——________- , 
cos — Tsin ae 1 — sin? 7-2? 
2 2 2 


and therefore, substituting in (174) and bearing in mind that, when ¢ = 0, 
we have @=1t=0: 


|ie- Sema (=s), 


r= s(2:) A (175) 


and using the known property of Jacobian functions we obtain: 
sin =sin-t-on(l/-@ +) = ¢sn(]/£ :) 
2 2 L l , 
cos $= 1e (Ys) an (Fe). | 
2 l aap l , 


and to extract the zero we take into account that when t = 0, 8 = 0. The 
last formulae make it possible to express the coordinates z and z in terms of 
single-valued functions of ¢. 


hence 


(176) 
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Let us consider now the case when the constant a in formula (173) is greater 
than l. We can rewrite this formula as follows: 


p (=) = 2g (a + Lcos 8) = 29(a-41—2sine-), 
or 
dé \? 6 
cA acta ie eam — k? sin? — 
l (=) 2g(a+))(1 k? sin ae (177) 
where 
21 
2— 
k=: Fi’ (178) 
and, obviously, k? < 1. Integrating the relationship (177) we obtain: 
vf » where 2= EER 3 
e — k? sin? — 


Replacing @ by the new variable t = sin 0/2 we have: 


at === , whence t=sin a sn (+ it) i 
y — 2) (1 — kêr?) 2 2 
0 


and similarly 
cos $= |f1— sn (22) = (tx). 
2 2 2 


These formulae make it again possible to express the coordinates as single- 
valued functions of time. 


188. An example of conformal transformation. As we saw above, when 
0 < k< 1l the function 
z 
; ¥(1 — 2z?) (1 — k?z?) 


transforms the upper half-plane z into a rectangle in the u-plane and, con- 
sequently, the reciprocal function z = sn(u; k) transforms a rectangle into a 
plane. The lengths of the sides of the rectangle are determined by the integrals 
[167]: 
1 
ee re e 
4 ¥(1 — z?) (1 — ka?) o Va — a*) (1 — k?z?) 








where k? + k2 = 1. In this way a rectangle with sides of any length can be 
obtained. By adding the constant 1/A to the right-hand side of formula (179), 
a rectangle with arbitrary sides can be obtained, and such a rectangle will be 
transformed into a half-plane by the function z = sn(åu; k). We shall now show 
that the function which transforms the rectangle into the circle can be simply 
expressed in terms of the Weierstrass function o(u). Take a rectangle K, in 
the plane, the apexes of which have the following coordinates: (0,0), (0, a), 
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(a, b) and (0, b). Let z = f(u) be a function which transforms K, into a unit circle; 
a point (£, 7) in K, becomes the centre of the circle. If we analytically continue 
f(u) across the side which connects the apexes (0, 0) and (0, a) then as a result 
of the principle of symmetry, f(u) transforms the rectangle K,, symmetrical 
with K, with respect to the above side, into the outside of the unit circle, i.e. 
into the domain |z | >1, while the point (£, — 7), symmetrical with the point 
(£, 7), becomes the point at infinity. Bearing in mind the fact that the reflection 
is in one sheet we can say that f(u) has a simple zero at the point £ + iņ and 
a simple pole at the point £ — in. If we construct two more rectangles K, and 
K, symmetrical with K, and K, with respect to the imaginary axis, then one 
of these will be transformed into the domain |z| < 1 and the other into the 
domain |z| > 1; the function f(u) will have a simple zero at the point 
z = —&in and a simple pole at the point z = —£& + in. 

It can be shown in the same way as in [167] that f(u) is an elliptic function 
with periods 2a and 267. The fundamental parallelogram (rectangle) of periods 
consists of the above four rectangles and in this parallelogram of periods 
has the same zeros and poles as those mentioned above. 

If we suppose that w, = 2a and w, = 2bi we can construct the Weier- 
strass function o(u) and also the new function: 


ej OE —E— ina ee est in) (180) 


0 (4) = Tab bin) o (ut E— in) ` 


This function has the same simple zeros and poles in the above parallelogram 
of periods as our function f(u). We shall show that the function (180) has 
periods w, and ,; if this is so then f(u) and g(u) only differ by a constant term. 
Using the property of the function o(u) as given by the equation (49) we can 
write: 

nk (u—8—int 2) +m (uretint Z A 
e ( z) + ( 2) o(u—f—in) o (u+E+in) _ 
ae (u-s+in+ 3) +k (u+t-in+ 3) o(u—E-+in)o (u+ë—in) 


plu +o) = 


slet Ses eT Z 
=ou EF imou tE in T? O (k= 1, 2), 


which we had to prove. Hence 


o (u — E — in) o (u + £ + in) 


10950 u EF imou HES i) * 





To determine the constant C we put u = 0 and rewrite the above formula 
as follows 
o(—&—%in) a (Ẹ+in) 
0) = 0 ——___ - — i. 181 
100 ZEF e Ein) (eu 


The definition of the function o(u) gives 


ou) =u IE (0-46), 


Mi, Ms 
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where w = m, 2a + m, 2bi. We assume that u is real. Owing to the fact that 
the product includes all integral values of m, and m,, except m, = m, = 0, 
the factors are conjugate in pairs, i.e. those factors are conjugate which have 
the same m, but where m, has different signs. If m, = 0 then the corresponding 
factors are real. 

Hence in the case under consideration where w, is real and œ, is purely 
imaginary, the function o(u) is real when w is real. As a result of the principle 
of symmetry it will have conjugate values for conjugate values of u. It therefore 
follows that the numerator and the denominator of both fractions on the right- 
hand side of formula (181) are conjugate so that the modulus of each fraction 
is unity. Consider the left-hand side. The point u = 0 lies on the contour of 
the fundamental rectangle K, (at its apex) and therefore f(0) lies on the unit 
circle, i.e. | f(0) | = 1. Hence formula (181) shows that |C |= 1, ie. C=”, 
where 6 is real. We finally obtain the following formula for the function which 
transforms the rectangle K, into a unit circle: 


_ gio Ilu — E — ino (u+ E+ in) 
a {u — Ẹ + in) o (u + È — in) 
The choice of 8 is of no importance. When the values of 0 change the unit 
circle rotates about its centre. 





f (u) (182) 


SUPPLEMENT 


THE CONVERSION OF MATRICES 
INTO THE CANONICAL FORM 


189. Auxiliary hypothesis. It is the aim of this supplement to prove 
the hypothesis which we stated without proof in [III,, 27]: if A is a 
matrix then a non-singular matrix V can always be found such that 
the matrix V AV -!, similar to the matrix A, will have a quasidiagonal 
(or diagonal) form 


VAV = Ha (A), ly (23h seno (A,)], (1) 
where the matrices J,(A) are of the form 
A, 0, 0, ..., 0, 0 
1, 4,0, ...,0,0 | 
paye S ac ee 2) 
0, 0, 0, , À, 0 
0, 0, 0, 5 1,4 


The letter ọ indicates the rank of the matrix and the argument A 
gives the value of each element on the main diagonal. When ọ = 1 
then the matrix J,(A) becomes the number å. In the proof of this 
hypothesis we shal] enlarge upon some essential points. 

Let us recall, first of all, the geometric meaning of the trans- 
formation to a similar matrix. The matrix A of order n is an op- 
erator in an n-dimensional space in the sense that it effects a given 
linear transformation of that space. As we know from [IIL, 21] the 
form of the matrix A depends on the choice of coordinates, i.e. on the 
choice of the main axes. If the matrix A gives a linear transformation 
for a definite choice of axes and if we transform the coordinates in 
the course of which the new components of every vector are given in 
terms of former components by means of the transformation V, then 
in the new system of coordinates our linear transformation will be 
given by the matrix VAV -1. Hence our problem essentially involves 


670 
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the choice of the axes; these are most important for the linear trans- 
formation which in the former system of coordinates was effected by 
the matrix A, viz. it involves a choice of axes for which our linear 
transformation is expressed by a matrix of the form shown on the 
right-hand side of equation (1). 

Before solving this problem we shall explain some additional hypo- 
theses which we shall use later. The majority of these assumptions were 
explained in earlier paragraphs but to obtain a complete picture we 
shall collect them together here. 

First of all we shal] explain the concept of the subspace which we 


have already met. If x,, ..., x, are k linearly independent vectors in 
space, where k < n, then the set of vectors given by the formula 
C1 x, + exes + Cyn (3) 


where c, are arbitrary numbers can be called the subspace of k dimen- 
sions formed by the above vectors. When k = n the subspace coin- 
cides with the space. Another definition equivalent with the above 
definition can be used for defining the subspace viz. the subspace con- 
sists of a set of vectors which have the following two properties. If a 
vector x belongs to this set then the vector cx, where c is arbitrary, 
will also belong to this set, and if two vectors x, and x, belong to the 
set, then their sum x, + x, will also belong to this set. In other words by 
multiplying or adding vectors of the set we do not depart from the set. 
In future we shall use two methods for determining a subspace 
which we shall now mention. Let P be a matrix of order n and x be 
an arbitrary vector in an n-dimensional space. The set of vectors 

defined by the formula 
é = Px, (4) 


is evidently a subspace which may coincide with the space. In fact if 
a vector £, = Px, belongs to the set then the vector c; &, = P(c; x) also 
belongs to the set, and if two vectors £ = Px, and $= Px, belong to 
our set then the vector £, + &, = P(x, + x) evidently, also belongs 
to that set; therefore formula (4) for any arbitrary variable vector x 
does, in fact, define a subspace. As we said in [IIL, 15] the number 
of dimensions of this subspace is equal to the rank of the matrix P. 

We shall now give the second method for defining a subspace. Let 
Q be a matrix of order n and consider a set of vectors which satisfy 
the equation 


Qx = 0. (5) 
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We can show in the same way as we did above that this set of vectors 
forms a subspace. As we saw in [IIL, 14] this subspace will have k 
dimensions, where (n — k) is the rank of the matrix. 

When we talk about a subspace we are, of course, always assuming 
that it is not empty, i.e. that it does, in fact, contain vectors other 
than zero vectors. Let us consider the case when formula (4) gives an 
empty subspace, i.e. the case when our space formula (4) gives a zero 
vector for every x. Bearing in mind the form of the linear transfor- 
mation we can see that this will be so if, and only if, the matrix P is 
zero, i.e. when all its elements are zeros. 

Let E, ..., Em be certain subspaces. We say that they form the 
complete system of the subspace if every vector x of the space can 
be represented uniquely as the sum of the vectors 


I= k Hese F Em (6) 


of the above subspaces. Let us explain the condition for this unique 
representation. It follows directly from the condition that a zero 
vector cannot be represented as the sum (6) which contains terms other 
than zero and this, in its turn, is equivalent to the fact that there 
can be no linear dependence among vectors in the above subspaces. 
As an example consider the usual real three-dimensional space formed 
by vectors originating at a point O. We can define the complete 
system of subspaces by means of a plane L which passes through O 
and a line } through O, not lying in L. Let the first subspace, which is 
two-dimensional, be defined by two vectors in L which do not lie on the 
same straight line and the second subspace, which is one-dimensional, 
by a vector along l, then any vector in our three dimensional space 
can be represented in a unique way as the sum of the vectors in 
the Z-plane and the vector along l. 

Let A be a matrix which defines a linear transformation of the 
space. Suppose that we succeeded in finding a complete system of 
subspaces E, ..., Em of dimensions 9,, .-., Om, 80 that each of these 
subspaces should be invariant with respect to the linear transformation 
defined by the matrix A, in other words, any vector of the sub- 
space E, (s = 1, ...,m) will, as a result of the linear transformation 
defined by the matrix A, be transformed into a vector of that same 
subspace. In this case we have the following natural choice of axes 
for which the matrix A assumes the quasidiagonal structural form, 
viz. {0,, ..., Qm}. We take for the first 9, axes any o linearly-inde- 
pendent vectors which form the subspace £,; for the next g, axes we 
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choose any p, linearly-independent vectors which form the subspace 
E,, etc. Since E, forms the complete system of subspaces we have, 
evidently, 9, + --- + 0m = 7%. It can readily be seen that for this 
choice of axes our matrix A will, in fact, be of the quasidiagona) form. 
We shall investigate this in greater detail but, to simplify our notation, 
we shall only deal with the case when m = 2. Let (a, ...,%,) be a 
certain vector and (zi, ...,2%,) another vector obtained from the 
first as a result of a linear transformation.Since the subspace £, is in- 
variant and for the given choice of axes, when 2, ,; = 2,42 = %, = 0, 
we must have T+ = Tat ee = MH = O. Similarly, as a result 
of the invariance of the subspace #,, when z, = ... = T, = 0 we must 
have zj =... = q, = 0. It follows that for our choice of axes a 
linear transformation is effected by a quasidiagonal matrix of the 
form 








a yy, -+ Ay, 9, 0, , 0 

Qi, gq; -+ +) Ay, O, O, ..., 0 

lar laz +++» App, 9, 9, «..-, 0 —[A’, B’]. (7) 
’ 0, eee, ? biv biz , Bios 

0, OO, ..., 0, ba bzo » Ooo, 

0, 0, «24, 0, Dur Dogar <-> Bozor 


Notice that the choice of the fundamental axes in each subspace 
remains fully arbitrary and in future we shall use this freedom to con- 
vert each individual matrix A’ and B’, which is part of the quasidia- 
gonal matrix (7), into the simplest form in a certain sense. 

We shall now make the following assumptions which we shall use 
later. 

Let f(z) be the polynomial 


Í (2) = a2 + ay2P-) + a, 12+ dy. 
Replacing z by a matrix A we obtain a matrix polynomial 
f(A) =A +a, A+... $a, 4A + ay. (8) 


By performing the operations shown on the right-hand side we ob- 
tain another matrix, i.e. any matrix polynomial f(A) is also a matrix. 
Notice that the coefficient a, of the polynomial is numerical. Owing 
to the fact that positive integral powers of one and the same matrix 
A; commute with each other and with all constants, we can say that 
both the addition and the multiplication of polynomials of the same 
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matrix A are done in accordance with the usual laws of algebra in the 
same way as with polynomials in numerical arguments. Hence if an 
identity connects several polynomials in numerical arguments which 
have to be added or multiplied then this identity is still valid if the 
argument z is replaced by a matrix A. 

The following characteristic equation is of fundamental importance 
in the conversion of a matrix into the canonical form: 


Gy, — À, Ay wee ap | 
p (A) = Qaj! azz — À <.” Mn ES. 0, (9) 
ani» Ano cece Onn A | 


where a; are the elements of the matrix A. This equation can be 
written in the form 
D(A — 1) =0, (10) 
where the symbol D(U) denotes the determinant of the matrix U. 
As we have shown before [90] the following Cayley identity applies: 
(A) =0, (11) 
i.e. if in the characteristic polynomial g(A) of the matrix A the argu- 
ment å is replaced by the matrix A then a zero matrix results. 

We shall now state two more simple hypotheses. As we know the 
zeros of the equation (9) are known as the characteristic zeros of 
the matrix A. We shall now prove the following theorem: if A,,...4n are 
the characteristic zeros of the matrix A then the matrix A*, where s is 
a positive integer, will have the following characteristic zeros: 2},... An. 

Remembering that the term of highest degree in the polyno- 
mial (A) is equal to (—A)" we can write the following identity 
for A: 


DADE Ff Gd: (12) 
k=l 


Let e= e°™" be the sth zeroof unity. We have the obvious 
identity [I, 175]: 
(z — å) (z — ed)... (z — e5714) = z — A5. (13) 


Bearing in mind the fact that the determinant of a product of 
matrices is equal to the product of the determinants and also the 
identities (12) and (13) we can write 
n 


(Ay — eh)... JE (Ae — 672) 


1 kal 


n 


D(AS— 2) = JF (a — 1) 


k=1 


Tee = 
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or 


n 
D (As — as) = J [(2r —2) (Ag — £h) . . . (Aye — 9A) ]. 
kal 
As a result of the identity (13), this gives: 


D(AS— 2) = IT (ag — 28), 


D(45— u) = [T 0} — t), 
k=l 


which proves the above theorem 
In future we shall have to evaluate a matrix in the quasidiagonal 


form 
A = [4 Ag .-., Ak]. 
It can easily be seen that it is equal to the product of the deter- 
minants of the matrices Áp, i.e. 


D(A) = D(A,) D(4,) ... D (4). (14) 


To simplify the notation we shall only deal with the case when 
k = 2. The multiplication law gives: 


[4 4] = [4,1] (J, 4), 
hence 


D (A) = D ([4,, 1)) D (U, 42). 


Using the expansion of a determinant in terms of the elements 
of a certain row or column we obtain, for example, 


D ({4,, 1) = D(A), 


from which formula (14) follows directly. 
To conclude this section we recall that similar matrices have similar 
characteristic zeros. 


190. The case of simple zeros. Above we have investigated in full the 
conversion of a matrix into its canonical form when its characteristic 
zeros were distinct. Let us now formulate this in a somewhat different 
way so that we can subsequently make analogous arguments in the 
general case when the characteristic zeros coincide. 
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Let 4,, ...,; A, be the characteristic zeros of the matrix A which are 
all distinct. As we know from above there are, in this case, n linearly- 
independent vectors vy which satisfy the equations 


Avy = Àk Yk (k=1, Qik sy 1) 
or 
(A = Ax) Vk = 0. (15) 


Each one of the vectors v, gives a one-dimensional subspace E, and 
these subspaces E, together generate the whole space. Each of the 
vectors c,Vv,, Where c, is a constant, must satisfy the equation 
Ach Vk= Àk Ck Vp, i.e. as a result of the transformation A, each vector 
is multiplied by A,. In other words, each of the subspaces £, is invariant 
with respect to the linear transformation effected by the matrix A. 
By taking the vectors v, for the axes we convert the matrix A not into 
the quasidiagonal form but simply into the diagonal form since each 
of the subspaces E, is one-dimensional. 
We now consider an equation of the form 


(A—4)x=0 (k=1,2,...,2). (16) 


This equation is satisfied by vectors of the subspace E,. It can readily 
be seen that it has no other solutions, i.e. that the equation (16) defines 
a one-dimensional subspace. In fact, if this equation determined a sub- 
space of higher dimension e.g. a two-dimensional subspace, then as we 
have shown in [III,, 27], each vector of this subspace would be linearly- 
independent of the vectors in the remaining subspaces E, and we would 
then obtain (n ++ 1) linearly-independent vectors in an n-dimensio- 
nal space which is impossible. Hence in the case under consideration 
the equation (16) defines a one-dimensional subspace E,. 

These subspaces can be defined in a different way. To do so take the 
expansion into partial fractions 


1 


a ak 
gz) 


i 2e- = 
ropes Ty or Sair = l; 


where a; are constants other than zero. Replacing z by the matrix A 
we obtain: 


W= 





k=1 


SaLe. (17) 
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where x is an arbitrary vector in space. The constant factor a, in for- 
mula (18) is, obviously, of no significance. Formula (17) gives the ex- 
pansion for any vector x: 


n A 
x= Sa, 5 A (19) 





where the terms on the right-hand side belong to the subspaces 
Ek. We will show that these subspaces Ej, given by formula (18), are 
the same as E,, which is given by the equation (16). In fact, if ë is a 
vector in EZ, and is given by the formula (18) then, as a result of Cayley’s 
formula, we have: 


(A —A)E=a,9(A)ze=0, 


i.e. any vector E, belongs to E,. It remains for us to show that, conver- 
sely, any vector 4, in Ep can be obtained from formula (18) provided 
xis suitably chosen. To do so we write 7, in place of x in (19). Owing to 
the fact that each polynomial y( A)/(A — A,), when s # k contains the 
factor (A — A,) we have, from (16) which determines Ep, the 
following: 


(4) 
A—A, 





%,=0 when s#k, 


and therefore by replacing x by 7, we obtain from (19) 
A 
= a k» 


i.e. the vector "x can, in fact, be obtained from formula (18) if we take 
the vector 7, instead of x. 

We will now use exactly the same arguments as when above for 
the case the zeros of the characteristic equation are repeated. This will 
make it possible to divide the space into a complete system of subspaces, 
invariant in relation to the transformation effected by the matrix A. 
For each of these subspaces all zeros of the characteristic equation are 
the same; the second step in our transformation will be to choose 
axes in the space which will bring us to the fundamental formula (1). 


191, The first stage of the transformation in the case of repeated 
zeros. Let us suppose that the characteristic equation (9) has a zero a, 
which occurs 7, times, a zero a, which occurs 7, times etc. and finally, a 
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zero a, which cecurs 7, times. Expanding into partial fractions we 
obtain the following formula 


1 $ g2) 


pz) A e—a)’ 





where g;,(z) is a polynomial in z of degree not higher than (7, — 1), 
and g(a) # 0. Consider the polynomials 


ka= gulz) 2. (20) 


E — a)" 
We obvionsly have the identity 


s 
1= 5 f2), 
k=l 
or, replacing the argument z by the matrix A 
sS 
1 = J f4). 
k=1 


Thus any vector x can be represented as the sum of s vectors 


s 
x= Sf(A)x. (21) 
k=1 
Let us define certain subspaces E, ..., E, viz. assume that E, is 
a subspace which is given by the formula 
—&=f,({A)x (k=1,2,..., 8). (22) 


We shall see later that none of these subspaces E, is empty. Denote 
by x, any vector in the subspace H,. We shall prove, first of all, the 
following two formulae: 

f,(4) x, = 90 when p#q and f,(A)x,=xp. (23) 

In fact, we have by definition 


x, = f(4) x, 
where x is any vector in the whole space. We thus obtain from (20): 
A = A A ip(A)F i 
fol ) Xa Jp ) 9al ) (A Z ay) (A — vale” (A — rayre X 


If p and q are different then the fraction on the right-hand side 
of the equation is a polynomial containing g(A) and therefore, as a 
result of Cayley’s identity, this polynomial will be a zero matrix; 
this proves the first of the formulae (23). To prove the second 
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formula it is sufficient to assume in formula (21) that x = x, and make 
use of the first of the formulae (23). We then obtain directly the second 
of these formulae. We will now show that these subspaces form a 
complete system of subspaces. Formula (21) shows that any vector 
can be represented as the sum of vectors from the subspace E,. Hence 
we have only to show that there can be no linear dependence among 
vectors in these subspaces. Assume that this linear dependence does 
exist 

Cix +C,x,+...+C,x,=0, (24) 
where the vector x, belongs to the subspace Ep. We must show that if 
2, is not zero then the coefficient C;, must be zero. Applying the linear 
transformation /,(A) to both sides of the equation (24) we obtain 
from (23) 

Cy X; = 0 ’ 


which proves our hypothesis. 

Hence the constructed subspaces E, do, in fact, form a complete 
system of subspaces and the sum of their dimensions must be 2, i.e. 
the same as the dimension of the complete space. 

Each of the subspaces E; can be defined in a different way from 
the above definitions, viz. it can be shown that the subspace Ep is 
defined by an equation of the form 


(A = a,)*x=0, (25) 


i.e. it represents a set of vectors which satisfy this equation. In fact, 
suppose that we have a vector § given by formula (22) and let us 
show that it will satisfy the equation (25). In fact, substituting the 
expression 


= f4) x 


instead of x in the equation (25) we obtain on the left-hand side of this 
equation an expression 


(A — ay)" f,( A) x = 9,(A) p4) x, 


and as a result of Cayley’s identity [g(A) = 0] the result will, in fact, 
be zero. We now have to prove the converse, viz. that any solution 7 
of the equation (25) can be obtained from formula (22) for a given 
choice of x. Furthermore, we will show that from the equation 


(A — a)n = 0 (26) 
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it follows that 
1=},(A)7. (27) 


In fact, we have from (21) 
S 
n= 5 f(A). 
p=l 


But each of the polynomials f,(A), when p # k, contains the factor 
(A — a,) and therefore, from (26), we have /,(A) 7 = 0 when pk 
from which formula (27) follows directly. 

Let us now return to [III,, 27]. If A = a, is a zero of the characteris- 
tic equation then substituting this in place of A in the coefficients of 
the system (105) we obtain a homogeneous system with a zero deter- 
minant and we can therefore construct for it a solution which is not 
zero, This solution v, will satisfy the equation 


(4— a) =0, 


and hence the equation (25) will also be satisfied by it, i.e. it forms part 
of the subspace E, which therefore cannot be empty. 

It follows from the form of the equation (25) that each of the sub- 
spaces E, will be invariant in relation to the transformation by the 
matrix A. In fact, if a vector x satisfies the equation (25) then it is 
clear that the vector Ax will also satisfy this equation, since 


(A — a,)* Ax = A(A — ay) x. 


Let q,, ..., qs be the dimensions of the subspaces E, ..., Es. Select- 
ing the fundamental axes in these subspaces in the way described in 
the previous section we obtain instead of the matrix A a similar 
matrix in the quasidiagonal form 


S, AST! =[A,, Az, ..., Ag]; (28) 


and the component matrices will be of rank g,. We will now show that 
the numbers q; are the same as the order r; of the zeros of the charac- 
teristic equation and that every matrix A, has a single characteristic 
zero a, which occurs rą times. 

To prove this take any vector £ in the subspace E,. It must satisfy 
the equation (25). With the new choice of axes this equation can be 
rewritten in the form 

8,(A — a)" SE = 0. 


But we have, for example 


S,(A — a)? Sp? = S (4 — a) ST! 8,(A — a) ST? = (S, AST — o), 
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so that the above equation can be rewritten as follows: 


(S, AST* — aE = 0, 
or 


[A, — ay, A, — ay, ..., A, — a] = 0. (29) 


Consider, for example, the case when k = 1. 
In this case all components of the vector £, except the first q,, will 
be equal to zero and instead of the equation (29) we can write: 


(A, —@,)"¥' =0, (30) 


where by E’ we denote an arbitrary vector in a q,-dimensional space 
and the matrix (A, — a,)" is of order g,. Owing to the fact that the 
equation (30) holds for any vector §’ we have 


(A, — a)" =0. 


It follows that all the characteristic zeros of the matrix (4, — a,)” 
must be equal to zero. But they are obtained from the characteristic 
zeros of the matrix A,— a, by raising them to the power of r,; conse- 
quently all characteristic zeros of the matrix A, — a, are equal to zero 
and all characteristic zeros of the matrix A are equal to a,. It can be 
shown similarly that in the general case all the characteristic zeros of 
the matrix A, of rank q,are equal to ap. But the matrix (28), which is 
similar to the matrix A, must have the same characteristic zeros as 
the matrix A. Its characteristic equation has the form: 


DlA, —4, A, —4,..., A,—A]) =0 
or [189]: 
D(A, — 4) D(A, — A)... D(A, — 4) = 0. 


It follows that g, must coincide with rą and that the matrix A, 
has a single characteristic zero a, which occurs r, times. 


192. Conversion into the canonical form. We saw that each of the 
matrices A, has a single characteristic zero a, which occurs rę times. 
To convert this matrix to the canonical form mentioned at the begin- 
ning of this chapter it is sufficient to select in a definite manner the 
axes in the subspace E. We thus have to investigate a particular case, 
viz. a matrix with a single characteristic zero. Suppose that a matrix 
D of order r has a single characteristic zero a which occurs r times. 


682 THE CONVERSION OF MATRICES INTO THE CANONICAL FORM [192 


The matrix B = D — a will have a single characteristic zero equal 
to zero of order r and it is this matrix which we shall now consider. 
As a result of Cayley’s identity we have B” = 0, since the left-hand 
side of the characteristic equation must be the matrix B of equal 
to (—1) 4”. It may happen that B' = 0, where / is a positive integer 
smaller than 7. Take the smallest positive integer / to which following 
formula applies 
B'=0. (31) 
If, for example, the matrix B itself is equal to zero then J = 1. For the 
matrix 
0, 0, 0, 0 
0, 0 0, 0, 
0, 0, 0, 0 
1, 0, 0, 0 


it can easily be shown that B? = 0. 
If the matrix B is equal to zero then D = B + a is a diagonal 
matrix 
D=[a, a,..., a], 
and therefore we have the canonical form already. Hence it is only 
important to consider the case when | > 1. 
As a result of the condition (31) the equation 


Bix=0 


describes the whole space of 7 dimensions. We shall in future denote 
this by w. Let us now construct the equation 


Bix=—0. 


Since the matrix B'—' is not equal to zero this equation gives a 
subspace the dimensions of which are smaller than r. We shall generally 
definite the sequence of subspaces by the following equations: 


B'x=0; B'~™x=0;...; Bx=0, (32) 


and denote by Fm a subspace given by the equation B” x = 0. Let 
Tm give the dimensions of this subspace. As we have already said 
above, F, coincides with the whole space w, and t, = r, where Tti < Ty 
If a vector € belongs to the subspace Fm, i.e. satisfies the equation 
B™ £ = 0, then the vector BE satisfies the equation B”-1 (BE) = 0, 
i.e. it forms part of the subspace F m. It is also obvious that any vector 
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of the subspace Fm also belongs to the subspace Fm+, i.e. the sub- 
space Fm forms part of the subspace F’,,4,. We shall see later that the 
subspace Fm always has smaller dimensions than the subspace F m+» 
i.e. the subspace F m forms a proper part of the subspace F'm+ but does 
not coincide with it. We have, for the moment, the following inequali- 
ties: 


Ti > Ty > Ti > eee > T1, (33) 


and we will show that in each of these equations the strict inequality 
holds. 

Let us put t,— Tı- = Tp where 7, is a positive integer. In the 
subspace F, (in other words, in the whole space w) we can construct 
7, linearly independent vectors &, ..., §,,, so that none of their linear 
combinations belongs to F. In this case any vector of F, can be 
represented as a linear combination of the vectors §, ..., &,, and a 
vector of F, To construct these vectors &,..., &, we select 
Tı linearly independent vectors in any way we choose, for example, 
in the subspace F. In this case the vectors &, ..., &,, will complement 
these latter vectors and form a complete system of linearly-independent 
vectors in the space œw. Denote similarly t,_, — Ti- = fi- where 
7, is a positive integer, and in the subspace F;_, construct ri 
linearly independent vectors so that none of their linear combinations 
belongs to the subspace F;_,. Denote these vectors and any of their 
linear combinations by y. Consider now the vectors 


Be Cee BE (34) 


They all belong to the subspace F,_,. Let us show that none of their 
linear combinations can belong to the subspace F. For otherwise 
we should have 


Bi*(c, BE, +... + cn BE,) = 0 
or 


B'e b +... +6, 8) =0, 


i.e. it appears that the linear combination of the vectors &,, ...,&,, 
belongs to the subspace B'-1 which contradicts the definition of these 
vectors. We thus see that the vectors (34) are linearly-independent 
vectors belonging to the subspace F, and that they are the vectors 
n of this subspace, i.e. none of their linear combinations belongs to 
the subspace F,_,. It follows directly that ri; > 7. Similarly, denoting 
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Ti- — Ti-a by Ti- we obtain Ti- > Tı and, in general putting 
Tm — Tm = Tm, we have: 


O< 7% SMW SeS -e STM (7, =%)- (35) 


It also follows directly that in formula (33) we have everywhere 
the sign >, ie. 
T > Ty > ++ Ty. (36) 


The number 7; can be called the number of dimensions of the sub- 
space F, in relation to the subspace F,_, which is contained in it. 
More strictly 7, is the number of linearly-independent vectors of F; 
which are such that none of their linear combinations belongs to F. 
These vectors form a subspace G, which is part of F;. Similarly, fi 
gives the dimensions of F;_, in relation to F,- and we obtain, in the 
same way as above, a subspace Grm which is contained in F;_,. 
In general, rm gives the dimensions of Fm in relation to F m~ and there 
are 7,, linearly-independent vectors of Fm having the characteristic 
property that none of their linear combinations belongs to F m~; they 
form a subspace Gm which belongs to F m. The subspace G, coincides with 
F. If § is a vector of Gm, and therefore also of Fm, then BE belongs to 
F m. It can, however, no longer belong to F m- since we would other- 
wise have B”-2(BE) = 0 and, consequently, the vector £ would belong 
not only to Fm but also to F,_,, which contradicts the definition 
of the subspace Gm. Hence, by applying the linear transformation B 
to the subspace Gm, we obtain part of the subspace Gm (or all the 
subspace G_,) and the linearly-independent vectors in Gm are trans- 
formed into other linearly-independent vectors in G,,_,. From the 
formulae 

Tm = Tm — Tm- (rı = T;) 
and since t; = 7, it follows directly that: 
tr Ffae try, 


and the subspaces G, ..., G, evidently form the complete system of 
subspaces. 

We finally come to the last stage of the construction, viz. to the 
construction of the final subspaces which are invariant in relation 
to the linear transformation by the matrix B. Take a vector &, in G, 
for the first axis and construct (l — 1) more axes according to the 
following equations: 


E= BE; E= Bes u = BE. (BE, = B'E = 0). 
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It follows from the above arguments that these axes are linearly- 
independent and belong successively to the subspaces Gi, G;_,, ..-, Gi 
It can readily be seen that they form a subspace, invariant in relation 
to the linear transformation B. In fact, it follows from (37) that for 
any choice of the constants cg: 


Ble, 8 + 6,8, +---+ 68) = c1 É + e283 +--- +e &- 


It follows directly that the matrix of the linear transformation of 
the invariant subspace so formed, when the &, are taken for the 
axes, will be a matrix of order l in canonical form: 


0, 0, 0,..., 0, 0 

1, 0, 0,..., 0, 0 

I(0) =|] 0, 1, 0,..., 0, 0 
| 0, 0, 0,..., 1, 0 


Using in this way one of the vectors of G, we can take any other 
vector 7, of G, which is linearly independent of £,, and add to it 
(L — 1) more vectors, according to the formulae: 


n = Bri; 1g = Bay; ...3 m = Bay. 


The | vectors so constructed will be linearly-independent not only 
of each other but also of the vectors &,. This is directly due to the 
fact that linearly-independent vectors of Gm are transformed into 
linearly-independent vectors of Gm- by the transformation B. 
Taking the vectors 7, for the axes we obtain an invariant subspace 
corresponding to the linear transformation effected by the matrix 
I,(0). Using all 7; vectors of the subspace G, we thus construct 7, in- 
variant subspaces of J dimensions for each of which the linear trans- 
formation is effected by a matrix of the form J,(0). 

We now pass on to the next subspace G,_, of 7;_, dimensions, where 
Ti > r} We have already used r, vectors of this subspace for the 
construction of the axes. Using the remaining (7;_, — r,) vectors in the 
same way as we did above we construct (r;_, — 7) invariant subspaces, 
in each of which our linear transformation for the given choice of 
axes, will be effected by a canonical matrix I,_,(0) of order (l — 1). 

In general, when we reach the subspace G,, it will contain (rm — Tm441) 
unused linearly-independent vectors. Selecting these vectors in any 
way we please and applying to each in succession the transformation 
B we obtain from each vector (m — 1) additional vectors and, taking 
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these vectors as the axes, we thus obtain (7m—7,,,) sets of axes, 
where each set contains m axes and defines an invariant subspace of m 
dimensions corresponding to the transformation due to a canonical 
matrix J,,(0) of order m. 

Finally, when we reach the last subspace G,, it contains (r; — r,) 
linearly-independent vectors satisfying the formula B = 0. Taking 
these vectors as axes we obtain (7, — 7.) invariant one-dimensional 
subspaces, corresponding to the linear transformation effected by a 
zero matrix of the first order. As a consequence of the new choice of 
axes we have a linear transformation o of the component vector and 
the linear transformation caused by the matrix B, will now be due to a 
similar matrix in the quasidiagonal form 


oBo™ = [I p(0), Ip(0), +, Zp-(0)], (37) 


where among the lower suffixes in the square brackets there are 7, 
equal to l, (7;-,— 7,) equal to (l — 1) etc. and, finally, (7, — 7.) equal 
to 1. We obviously have for the matrix D = B + a: 


oDo— = oBo-1+ oao—1 = oBo-1+ a, 


i.e. a is added to the diagonal elements and we thus obtain 


oDo-! = [I pla), Ipla), ---, Ip,(a)]- (38) 


Let us return, finally, to our initial matrix A. In the previous 
section, according to formula (28), we represented it as a quasi- 
diagonal matrix in which every component matrix A, had a single 
characteristic zero a, which occurred r, times. According to the above 
section each matrix A, can be converted to the canonical form (38) 
with the aid of a matrix o, of order rą. If we consider the matrix 


Sa = [0]; 0z, <- -, ©,], 
then we have 
S,[A,, Az e As] Sy* = [0 A, of", 0, Ag oy", ---, 6, Ás os"), 
and our matrix A is finally obtained in the canonical form 
(83 81) A(S, 8) = [1(Ay), Leala)» «++» Loo(4p)] - (39) 


The numbers å; will be equal to a, and the sum of the lower suffixes 
of the component matrices T o;(åj), where A; = a, must be rp. 

Formula (39) completes the conversion of a given matrix to a canoni- 
cal form. The question of the uniqueness of such a representation 
arises, i.e. it has to be proved that for any method of conversion to the 


193] THE DETERMINATION OF THE STRUCTURE OF THE CANONICAL FORM 687 


canonical form there will be inside the square bracket on the right-hand 
side of formula (39) a definite number of matrices I ọo;(4;) for the given 
gand Àj. For example, suppose that the matrix A is converted to the 
canonical form in an arbitrary way 


VAVA= [Zg,(A1); Toy(A2), auiii, T,p(Ap)] : 


Bearing in mind the fact that similar matrices have the same cha- 
racteristic equation we can write the characteristic equation of the 
matrix A as follows: 


D(L eli): Loa(42)> «+ -> Zoo(4p)J] — 4) = 0 
or 


DU al — 4), Iola — å), --- Ilp — )]) = 0, 
which is equivalent to the following [189]: 


D(I,,(4, — 4)) Dle — 4)) -- - Dalip — 4)) = 9. 
but because of the form of the matrix J (a) it follows that 
DiI,(a)] = (a — 2. (40) 


Hence the numbers å; must be equal to the characteristic zeros 
a, of the matrix A and the sum of the symbols 9,, for which A; = a, 
must equal the order rą of the characteristic zero a,. It 
remains to show that all the numbers p; must have a definite value. 
This can be proved by using the same geometric concepts as in the 
proof of the conversion of a matrix to the canonical form. In doing 
this the consideration of invariant subspaces will be of great importance 
We shall not give this proof here but in the following section we 
shall indicate an algebraic criterion which determines the values of all 
the symbols g; for the given matrix A. This criterion, based on consi- 
dering the highest common factor for determinants of a given order of 
the matrix (A — A), is given without proof in the first part of this volu- 
me [III,, 27]. It will also establish the uniqueness of the representa- 
tion of a given matrix in canonical form. 


193. The determination of the structure of the canonical form. As a 
preliminary let us prove two auxiliary lemmas. 

Lemma 1. If A and B are two square matrices of order n and C = AB 
is their product, then any determinant of the matrix C of order t, where 
t < n, can be represented as the sum of products of certain determinants 
of order t of the matrix A and determinants of order t of the matrix B. 
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This lemma follows directly from the theorem proved in [III,, 6]. 

COROLLARY. Suppose that the elements of the matrix A(A) are poly- 
nomials of å and that the elements of the matrix B do not contain å, 
where the determinant of the matrix B is not zero. Denote by d,(A) 
the highest common factor of all determinants of order ¢ which belong 
to the matrix A(A) and by dj(A) the highest common factor of the 
matrix A(A)B. It follows directly from the theorem that d,(A) must 
be a factor of d;(A). But we can write 


A(a) = [A(4) B] B=, 


and the above lemma also gives us directly that d;(A) must be a 
factor of d,(A), i.e. d,(A) and d;(A) are equal. We would obtain the same 
result if instead of the matrix A(Aj)B we had constructed the matrix 
BA(A). 

It also follows that the highest common factors of the matrix A(A) and 
of the similar matrix BA(A)B- will be equal. 

Let us explain one more property of the highest common factor 
d,A). To do so we shall require a new definition. 

DEFINITION. By an elementary transformation of the matriz A(A), 
the elements of which are polynomials of A, we understand a trans- 
formation of this matrix by means of a finite number of the following 
three operations: 

(1) the transposition of two rows (or columns); 

(2) the multiplication of all the elements of a row (or column) by 
a certain constant, other than zero; 

(3) the addition to the elements of a certain row (or column) the 
corresponding elements of another row (or column) which are al multi- 
plied by a certain constant or bz a certain polynomial of A. 

If the matrix A,(A) is obtained from A(A) by means of an elementary 
transformation then, evidently, the reverse will also be true and A(A) 
can be obtained from A,(A) by means of an elementary transformation. 
If two matrices can be transformed into one another by means of 
an elementary transformation they are said to be equivalent. 

Lemma 2. Equivalent matrices have the same highest common factors 
dA) (t= 1, 2, ..., n). 

It is sufficient to show that when all the determinants of order t of the 
matrix A(A) contain a common factor which is a polynomial of (A) 
then all the determinants of order ¢ of the equivalent matrix A,(A) will 
contain the same factor. The first and second of the above three trans- 
formations add a numerical factor other than zero to determinants of 
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order ¢ and for these two transformations the lemma is evident. It 
remains to show that the common factor g(A) will also remain in the 
third transformation. Suppose, for example, that this transformation 
involves the addition to elements of the p row of the corresponding 
elements of the qth row, qg # p which were previously multiplied by 
the polynomial »(A). All determinants of order ¢ which do not contain 
a pth row or which do contain the pth and qth rows will not alter 
during this transformation because of the property VI of a determinant 
[III,, 3]. Determinants of order ¢ which contain a pth row but which 
do not contain a gth row will have the following form after the trans- 
formation: A’(A) + y(A)A’(A), where A’(A) and A”(A) are determinants 
of the matrix A(A) of order ¢. It follows from what was said above that 
the factor g({A) of the determinant A(A) of order ¢ will, in fact, be a 
factor of all determinants of order ¢ of the matrix 4,(A). 
LEMMA 3. Any matrix of the form 


a—i, 0, 0, ..., 0, 0 
1, a—-A, 0, , 9, 0 
I,(a—a)=|| o, l, eH ..., 0, 0 (41) 
0, 0, 0, , l, a—i 
of order o can be obtained in the form of a diagonal matriz [1,1, ..., 1, 


(a — A)*] by means of an elementary transformation. 

When 0 = 1 this lemma is trivial. Consider the case when ọ = 2. 
Interchanging the rows and multiplying subsequently the elements 
of the first column by —(a — å), adding the products so obtained to 
elements of the second column and doing likewise with rows we obtain 
the required result after dividing the last column by (—1) 


a—A, l, a—A 
l, pe a—A, Te 


1, 
> 0, — 


For a matrix of the third order we obtain the following result after 
performing the above transformations: 


1, 0 
a—d, —(a— A)? 


























, (a—A)?]. 


a—A, 90, 0 1, 0 0 
l, a—a, 0 —> |0, (a—A)?, 0 
0, l, a—ì 0, —1l, a—ìi| 
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Interchanging the second and third rows and performing further 
elementary transformations we obtain: 











1, 0, 0 l, 0, 0o I 
0, (a — 2), 0 —>||0, —1, (@—A}||> 
0, —1, a—i 10, (a — 4)?, 0 
| 1, 0, 0 1, 0, 0 
— |0, —I1, 0 —> 0, —1, 0 | ’ 
lo, @—a2, @—apsl| lo 0, @—as| 


and after dividing the second column by (— 1) weobtain [1, 1, (a — A)%]. 
In this way we can gradually prove our lemma for a matrix of any order. 
We shall now prove the algebraic criterion of structure for the cano- 
nical form of a matrix A which was given in [III,, 27]. The corollary 
from Lemma 1 enables us to find the highest common factors d,(A) 
not for the matrix A — 4 but for a similar matrix 
V(A—A)V-? =VAV-—A=[T,(A\— A), Ial A), - + + Lyp(4p — 4)] - 
(42) 
Applying Lemma 3 to each matrix in the quasidiagonal form we can, 
by choosing the highest common factors d,(A), replace the matrix (42) 
by a purely diagonal matrix which has along its main diagonal (e, — 1) 
units, (A, — A)*! units, (e@, — 1) units, (A, — å)? units etc. in succession. 
Notice also that if, during the construction of a determinant of order ¢ 
belonging to this matrix we rule out a set of rows, then in the deter- 
minant so obtained at least one row and one column will consist of 
zeros and, this determinant will be equal to zero. Hence when con- 
structing determinants belonging to a diagonal matrix we must 
always rule out the same rows and columns which simply involves 
the ruling out of diagonal elements, the product of which gives the 
value of the determinant. 
Consider one zero 2 = a of the characteristic equation which occurs 
k times. The determinant of order n must contain the factor (å — a)". 
Suppose that the highest common factor of the determinants of 
order (n — 1) contains only the factor (å — a). This means that the 
highest power of (A — a) which belongs to the constructed diagonal 
matrix is equal to (k — k,), i.e. the canonical representation of our 
matrix includes a matrix I,.;,(a), and so on. If the highest common 
factor of determinants of the order (n — 2) is equal to (4 — a)? 
it means that after (A — a)*~" the highest power of (A — a) belonging 
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to the constructed diagonal matrix is equal to (A — a)"!™*:, i.e. the 
canonical form includes both matrices Z,_,,(a) and Iy _19(a). When we 
finally arrive at determinants of a certain order of which at least one 
does not contain the factor (A — a) then we absorb all the compo- 
nent parts of the canonical form A for which 4 =a. Hence the 
algebraic criterion for the canonical structure of a matrix mention- 
ed in [III,, 27] is proved. Notice that it not only follows from the 
above arguments that 


k>k >k,>...>km but also that 1,>1,>...>1, > lm, 


where 
l =k k; L= ki ky -3 Ln = Ekm- — Em aa = Em- 


194. Examples. We can solve the characteristic equation of a given 
matrix A and therefore the canonical form can be directly determined, 
for example, by means of the algebraic criterion mentioned in the 
previous paragraph. The problem remains of how to construct a 
matrix V with a determinant other than zero which would convert 
the given matrix A to the canonical form. In deducing the transfor- 
mation to the canonical form we successively choose new axes. The 
choice of these axes finally converted the given matrix to the canonical 
form. But we know from [III,, 21} how, for a given transformation 
of axes, we can construct a transformation U to convert the matrix A, 
as an operator, to the new form. If T is the linear transformation of 
axes then the matrix A will be converted to a new form UAU~—}, 
where U=T*~’ i.e. to obtain U from T we must interchange the 
rows and columns in T and take the inverse matrix. 

Let us now systematize the solution of the problem. First we select 
the new axes so as to obtain our matrix in the quasi-diagonal form, 
taking into account its various characteristic zeros as described in 
[191]. In this case the choice of the new axes involves the solution 
of an equation of the first degree in the following form: (A —a,)*x=0. 
Then we have to convert the matrix B with a single characteristic 
zero equal to zero to the canonical form. Here we have, at first, to 
determine the smallest number J, such that B! = 0, and then we can 
construct a system of equations of the first degree of the form 


B'—ix=0. 


To determine the order of this system of equations we take those 
vectors which do not satisfy it and, on subjecting them to the trans- 
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formation B, we construct a new series of axes, etc. We thus obtain 
a second transformation of axes and, at the same time, a second 
transformation of a matrix similar to the fundamental matrix A; this 
finally gives us the matrix in the canonical form. We shall explain 
these general ideas by a numerical example. 

Consider a matrix of order 5: 


sive. g 2 
=4 Í =i g 2 
A=! 1, 1, 0, =3,—2 
Be eae she. l 
4, 1, 1L —3, 0 


Constructing its characteristic equation in accordance with the 
usual rules we obtain it in the following form: 


(4—2) (1+1) =0, 


i.e. this equation has a zero A =2 of order three and a zero A= —1 
of order. Let us now construct the matrices (A — 2)? and (A + 1)’. 
The equation (A—2)?x=0 must give a three-dimensional subspace, 
i.e. the matrix (A — 2} is of the second rank. 

Similarly the matrix (A + 1)? is of the third rank. By an elemen- 
tary calculation we find: 


— 54,0, — 27, 27, 27 
— 54, 0, — 27, 27, 27 
(4—2} =|| 27, 0, 0, — 27, — 27 
— 54, 0, — 27, 27, 27 
54,0, 27, — 27, — 27 
and the system (A — 2)? x = 0 can be written as the two equations: 
— 54x, — 27x, + 27x, + 27x; = 0 
272, — 272, — 27z, = 0, 
where (2, £z, £a, T4, Z5) are the components of the vector x. 
We thus have: 
Ti =X H 2g Xz = —%— Ts, 
where q, x, and x, remain arbitrary. On supposing that one is equal 


to unity and the others to zero we obtain three new axes which have 
the following components in terms of the former system: 


(0,1,0,0,0); (1,0,—1,1,0); (1,0, — 1,0,1). (43) 
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Similarly, as a result of elementary transformations we obtain: 
0, ars 6, 0, 9, 3 
— 9, 3, 0, 9, 3 
(4+1)2=| 0, 6,0, —9, —3 
—9, —12, 0, 18, —3 
9, 6, 0, — 9, 6 
and equation (A + 1} x = 0 can be written as a system of three equa- 
tions: 
— 2x, + 3r, + z5 =0 
— 3r, + z, + 3r, + «,=—0 
3r, + 2x, —- 3r, + 2x = 0, 
or 
Zy =Z; Ty =T; T = —2,, 
where x, and z, remain arbitrary. This gives us two new axes: 
(1,1,0,1, — 1) and (0,0, 1,0,0). (44) 


The new axes (43) and (44) will be expressed in terms of the former 
axes by the formulae: 


e = ez 

=e — es + & 
e= 6, — & + 6s 
e, =6 +e + ea — es 
e; = es 


The matrix of this linear transformation has the form 


0, 1, 0, 0, 0 

1, 0, —1, 1, 0 
T =|| 1, 0, —1, 0, 1], 

l, 1, 0,1, —1 


0,0, 1,0, 0 


and by interchanging the rows and columns and taking the inverse 
matrix we obtain: 


0, I, 1, 1,90 —1,1,0, 1, 1 
1, 0, 0, 1,0 —1,0,0, 2, 1 
Sy! = 7) = |0, —1,—1, 0,1l, S = 70 1,0,0, —1, oll. 
0, 1, O, 1,0 1,0,0, —1, —1 
0 1, —1,0 0,0,1, 1, 1 


3 d 5 ’ 
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Multiplying the matrices in accordance in the usual way we con- 
vert the matrix A to the quasidiagonal form which consists of matrices 
of the third and second ranks: 


1, 0, — 1, 0, 0 
—2,2,—2, 0, 0 
S, ASS} = 1,0, 38, 0, Of. (45) 
0, 0, 0, — 2, —1 
0, 0, 0, 1, 0 
The matrix of the third rank 
1, 0, —1 
D,=||/—2, 2, —2 
1,0, 3 


has a characteristic zero 4 = 2 occurring three times. Let us construct 
the new matrix: 


{|--1, 0, —1] 
B,=D,—2= — 2, 0, —2 
| 10 1 








with the characteristic zero 4 = 0 occurring three times. By squar- 
ing it we obtain Bi = 0. Hence we have, in this case, l = 2 and the 
system B, x = 0 can be written as the single equation 


%,+2g=0. 


The subspace F, in our former notation coincides with a complete 
three-dimensional space and the subspace F, can be formed by the 
vectors (1,0, —1) and (0, 1,0). We take the vector (1,0, 0) which 
does not form part of F,. It forms the subspace G,. Subjecting this 
vector to the operation B, we obtain 


B,(1, 0, 0) =(— 1, — 2,1). 


The vectors (1, 0, 0) and (—1, —2, 1) form the first pair of new axes 
to which the following canonical matrix corresponds: 


For the third axis we can take any vector F, which is linearly- 
independent of the vector (—1, —2, 1). Let us take the vector (0, 1, 0). 
The zero canonical matrix of the first order corresponds to this vector. 


0, 0 
1, 0 
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The new axes will be expressed in terms of the former axes by the 
formulae: 


e =e 
a= —A— Beh + 05 
e3 = ez. 


We now take a matrix of the second rank which belongs to the 
quasidiagonal matrix (45): 








D, = E 
l, 0 
This matrix has a characteristic zero A = —1 occurring twice. 
We construct the matrix 
—1, —1 
B, =D l= : 
pe : | 











with a characteristic zero 2 = 0 occurring twice. Obviously B? = 0, 
as it should be in accordance with Cayley’s formula. The equation 
B, x = 0 is equivalent to x, + z; = 0, where x, and x, are the com- 
ponents of x in the two-dimensional space under consideration. We 
take for the first axis the vector (1, 0), i.e. x, = 1 and operating by B, 
on x; = 0, which does not satisfy the equation B, x = 0, we obtain 


B,(1, 0) =(—1,1). 


Hence the two new axes will be (1, 0) and (—1, 1) so that we obtain 
the following expressions which give the new axes in terms of the 
former axes: 


n UA "— , , 
e= ep e65 =— ete 


or, taking into account earlier formulae: 


el =e 
e, = — 6; — 2e, + 63 

= e, (46) 
a= ez 

e; = — e, + és. 


The cannoical matrix J,(0) will correspond to the last two axes. 
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We must add two to the first two matrices along the main diagonal 
and (—1) to the last canonical matrix. The final canonical form for 
the matrix A is: 


- 


oorn 
Sono 


+ 


= [1,(2), 7,(2), Ia(— 1)}. (47) 


onoo 
mooo 
ooo 


, 0 
0,0,0, 1, —1 


~ 
~ 


We finally construct the matrix V which transforms A to the form 
(47). As we know from above it is a product of S, 8,, where S, has 
been obtained above and S, can be determined from the formula 


8, = T- ; 


where T, is the matrix of the linear transformation (46). We have: 


1,—1,0,0, 0 1, 0, 1, 0, 0 
0, —2,1,0, 0 0, 0, 1, 0, 0 
T*—|10, 1,0,0, oll and §,=T-1=]/0, 1, 2, 0, 0 
0, 0,0,1, —1 0, 0, 0, 1, 1 
0, 0,0,0, 1 0, 0, 0, 0, 1 


~ 
æ 


Multiplying these two matrices we obtain: 


0, 1,0, 0,1 
1, 0, 0, —1, 0 
V =S,8,=||1, 0,0, 0, 1]|- 
1,0,1, 0,0 
0, 0,1l, 1,1 


? > 


Finally 
VAV™ = [1,(2), 1,(2), Ia{— 1)]- 
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